Φ 
-- 
Θ 
o 
oN 
ῳ 


IN UK ONLY §& 


A TREATISE ON 
ADVANCED CALCULUS” 


486-61252-X 


μι χεύδὶ τον lube peels): i 


‘es: 


ny ΠΩΣ 


| =e ce 


Ee ee ἀπ ᾿Δ 


Sa rk. 


A TREATISE ON 
ADVANCED CALCULUS 


INCLUDING THOSE PARTS OF THE THEORY OF FUNCTIONS 
OF REAL AND COMPLEX VARIABLES WHICH FORM 
THE LOGICAL BASIS OF THE INFINITESIMAL 
ANALYSIS AND ITS APPLICATIONS TO 
GEOMETRY AND PHYSICS 


BY 
PHILIP FRANKLIN, Pa.D. 


Professor of Mathematics, Massachusetts Institute of Technology 


DOVER PUBLICATIONS, INC. 
NEW YORK 


Copyright © 1940 by Philip Franklin; Copyright 
© renewed 1968 by Mrs. Franklin. 

All rights reserved under Pan American and Inter- 
national Copyright Conventions. 


Published in Canada by General Publishing Com- 
pany, Ltd., 30 Lesmill Road, Don Mills, Toronto, 
Ontario, 

Published in the United Kingdom by Constable 
and Company, Ltd., 10 Orange Street, London WC 2. 


This Dover edition, first published in 1964, is an 
unabridged and corrected republication of the work 
first published by John Wiley and Sons, Inc., in 
1940. 


Standard Book Number: 486-61252-X 
Library of Congress Catalog Card Number; 64-21659 


Manufactured in the United States of America 
Dover Publications, Inc. 
180 Varick Street 
New York, N.Y, 10014 


PREFACE 


This treatise is addressed to a reader who has already acquired some 
proficiency in the technique of the calculus and who desires a more logi- 
cal treatment of the subject than is féasible in a first course. It is 
suitable as a text for upper classmen, particularly those in reading or 
honors classes, and for graduate students. It may also prove a con- 
venience to teachers in that it includes in a single volume proofs of a 
number of theorems which are usually assumed without proof in ele- 
mentary textbooks. 

While the book deals primarily with infinitesimal calculus, prerequisite 
parts of algebra and analysis and concepts needed for applications to 
geometry and physics have not been excluded. Thus the real number 
system, complex numbers, limits, continuous functions and infinite 
series, products and sequences are discussed as necessary preliminaries, 
Adequate definitions of the elementary functions are also given. For 
the trigonometric functions, the arithmetic definition given here is 
believed to be new in detail, although in principle it goes back to 
Ptolemy. Unlike definitions based on integrals or series, it avoids giv- 
ing the student the impression that trigonometry is dependent on inte- 
gration or function theory. The treatment permits the introduction of 
the trigonometric functions at an early stage. Similarly, the Gauss 
proof of the fundamental theorem of algebra makes possible the pres- 
entation of the decomposition of rational functions into partial fractions 
before integration. 

The presentation of differentiation is complete in itself, with the 
elementary derivations briefly recapitulated. This frees the work 
from dependence on any particular first course. Taylor’s developments 
and indeterminate forms are studied at length. Several properties of 
Taylor’s series are derived later by using analytic functions. An exist- 
ence theorem for implicit functions is established in connection with 
partial differentiation. The statements of the relations of Jacobians to 
solvability and functional dependence avoid a common error resulting 
from the confusion of the term ‘“ vanishing ” with ‘“ identically vanish- 
ing.”’ The existence theorems for ordinary and first-order partial 
differential equations, generally omitted from the formal course in 
differential equations, are demonstrated. The theory of envelopes is 
introduced as an application of the condition for a differential equation 
to have a unique solution. Analytic functions of several complex vari- 


ill 


Iv PREFACE 


ables are defined, and it is shown that the total differentiation rule 
applies to them. 

Integration is treated in several of its aspects. The subject begins 
with the integration of continuous functions and deals with integration 
in explicit terms. A rough classification of those integrals which are 
reducible to elementary functions is given. As among the simplest non- 
elementary integrals, elliptic integrals are defined and proved to be 
reducible to a combination of elementary functions and Legendre’s 
three normal forms. The discussion of the Riemann integration of 
bounded functions includes Lebesgue’s condition, as well as those of 
Darboux and Jordan. With a view to physical applications, a simple 
type of Stieltjes integral is discussed. Multiple integrals and their 
relation to repeated integrals are treated. Satisfactory definitions of 
are length, surface area, and such mechanical concepts as center of 
gravity and moment of inertia of continuous distributions are formu- 
lated. 

The discussion of the theory of functions, Fourier series, and Fourier 
and Laplace transforms is facilitated by a preliminary chapter on uni- 
formity and other conditions for the inversion of limit processes, So 
much of the theory of functions is given as is necessary for the computa- 
tion of definite integrals by the method of residues. Several of the 
better known definite integrals capable of evaluation by the use of 
Fourier transforms, residues, or inversion of order in repeated integrals 
are given in the exercises. Because of the large number of particular 
definite integrals reducible to, or related to, the Gamma function, this 
function forms the subject of a special chapter. Here many asymptotic 
expansions are developed, including that of Stirling. This is established 
for complex, as well as for real, values of the argument. 

My primary object has been to provide a sound foundation for the 
methods of the caleulus. However, enough theory has been included 
so that the student who has thoroughly mastered this book will be well 
prepared to pursue graduate work in analysis. Α selected list of refer- 
ences for further study, topically arranged, is given in the bibliography. 

The number of problems is large. Many of them concern fairly 
general forms. It is assumed that numerical problems can easily be 
constructed from these forms by any reader or teacher who feels the need’ 
of them. Hints for their solution, in many cases amounting to the 
solution in outline, are appended whenever any real difficulty is involved 
or when the method of proof, using only the material of preceding 
chapters, is not easy to see. A few of the problems contain important 
results, and the name of the discoverer is mentioned. For instance, 
Peano’s example of a continuous function nowhere differentiable and 
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Fejér’s example of a continuous function whose Fourier series diverges 
appear as exercises. 

The principal works which I have consulted in preparing the text and 
the problems are included in the bibliography. I have found Hardy’s 
Pure Mathematics and de la Vallée Poussin’s Cours d’ Analyse especially 
helpful. I also owe much to discussions with colleagues and students. 


Puitie FRANKLIN 
CAMBRIDGE, Mass, 
January, 1940 
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ADVANCED CALCULUS 


CHAPTER I 
REAL NUMBERS 


We assume that the reader is already acquainted with the rules of 
reckoning for positive and negative numbers, as well as the use of such 
numbers as codrdinates to determine points on a line or in a plane. 
However, certain abstract properties of numbers or of points in one or 
more dimensions may be unfamiliar to the reader. To lead up to these 
properties, we shall sketch one method of starting with the positive 
integers and logically developing the complete system of positive and 
negative, rational and irrational numbers. 

1. Mathematical Induction. The positive integers are the numbers 
used in counting, 1,2,3,---. Weassume that their elementary proper- 
ties are known. In particular, an integer 7 is less than n’ if, and only if, 
there is a positive integer k such that n’ = +k. In this case n’ is 
greater than 7. 

In any finite, non-empty collection of integers there is a greatest 
integer and a least integer. By non-empty, we mean that the collec- 
tion contains at least one integer. By greatest integer, we mean one 
greater than, or equal to, any other integer of the collection. The defini- 
tion of least integer is similar. 

If each of the members of 1, an infinite collection of positive integers, is 
less than, or equal to, N, every integer of the collection J is equal to some 
member of the finite collection 1,2,---N Thus there is a finite collec- 
tion of distinct integers, F, such that each member of J is equal to a 
member of F. The greatest integer of F is the greatest of J, so that the 
first collection J has a greatest integer. 

Again, if an infinite collection of positive integers contains the integer 
N, the integers of the collection less than, or equal to, N determine a 
finite collection of distinct integers. If M is the least of these, then M 
is less than, or equal to, all the integers in the collection which do not 
exceed N. But, since M is less than N + 1, it is less than all those 
integers in the collection which do exceed N. Thus the original infinite 
collection has a least number M. 
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It follows that any non-empty collection of positive integers contains 
a least integer. This has as a consequence the principle of mathematical 
induction, which is often useful. We may express it as a theorem: 


If the statement of a theorem involves a positive integer n, and if the 
theorem for any particular value of n implies the theorem for the value 
n + 1, then the truth of the theorem for the value 1 implies its truth for all 
positive integral values of n. 


To prove this, let S(n) denote the statement of the theorem involving 
the particular value n. Then consider the collection of positive integers 
m, such that the statement S(m) is false. If there is at least one integer 
m, there will be a least integer in this collection. Call this integer k. 
Since the theorem S(1) is true, and the theorem S(k) is false, k cannot 
bel. Therefore, there is a positive integer k — 1 which precedes k in the 
natural order. 

Since every value m equals or exceeds k, the integer k — 1 is not a 
valuem. Therefore the statement S(k — 1) is true, and by the assumed 
nature of S(n), this implies that the theorem S(k) is true. Thus we 
arrive at a contradiction, which shows that the assumption that there 
was at least one integer m was false. Since the statement S(n) is false 
for no positive integral values, it is true for all such values. 

2. Rational Numbers. In discussing the rational numbers, we take 
the positive integers and the rules for their addition and multiplication 
as our starting point. Division is defined as the inverse of multiplica- 
tion. That is: 


=a if br=a. (1) 
When we restrict ourselves to the positive integers, division is not always 
possible since there may not be any integer x which satisfies the second 
equation for a given pair of integers a and ὃ. 

To overcome this difficulty, we introduce the positive rational num- 


bers. These are defined in terms of pairs of positive integers. We 
define equality of two rational numbers by the rule: 


if ab’ = a’b. (2) 


We identify certain rational numbers with integers by regarding 


a=" (3) 
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Addition and multiplication are defined by the rules 


a a’ ab’ + αὐ 


a δ 
and | 
aa’ aa’ 
Bo Be 2 
Subtraction is defined as the inverse of addition. That is, 
a a’ . a a 
ΝΣ. 6) 
If the integer ab’ exceeds a’b, there is a rational value of z, 
ab’ — αὐ 
t= ἀν τ Σ (7) 


which satisfies the second equation (6), but if ab’ does not exceed a’b, 
there is no positive rational value of + which satisfies this equation (6). 

To overcome this difficulty, we introduce zero and the negative rational 
numbers. ‘The rules for combining zero with an integer in the case of 
addition and multiplication are: 


a+0O=a, a:‘0=0. (8) 
We indicate negative integers by positive integers with a minus sign 
affixed and define addition for them by such rules as 
a+ (—b) =a—b= —(b-— a), ete. (9) 
Multiplication of positive and negative integers is defined by such rules 
as 


a(—b) = —ab, (—a)(—b) = ab, ete. (10) 
We indicate negative rational numbers in any one of three ways, 
identifying 
a --Αα α 
-(- τ -ς τω, 
We also agree to consider | 
a --α 
-=——- 12 


Certain rational numbers are identified with negative integers by the 

convention that 

—a 

---- 18 
i (13) 


“,αἹα = 
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We then extend the application of equations (1) through (6) to the 
case where a and a’ are positive or negative integers or zero and where 
b and b’ are positive or negative integers, equations (8) through (12) 
being used when necessary. We thus find that the relations (8) through 
(10) hold when a and ὃ are replaced by any positive or negative rational 
numbers. They will also hold if a or Ὁ is replaced by zero and the other 
is replaced by a rational number, provided we extend the application of 
equations (8) through (10) to the case where a or ὃ or both are zero. 
We extend equations (11) and (12) to the case where a is zero and ὃ is 
not zero, but we do not define division by zero or admit rational frac- 
tions with zero as denominator. 

The positive and negative rational numbers together with zero consti- 
tute the rational number system. The system includes the positive and 
negative integers by the conventions made in equations (3) and (13). 

Addition and multiplication when applied to positive integers satisfy 
the commutative laws: 


atb=b-+a, ab = ba, (14) 
the associative laws: 
a+ (ὃ - 6) = (a+b)+e, a(bc) = (αδὴς, (15) 
and the distributive law: 
a(b - 6) = ab+ac. (16) 


We extend these by definition to the case in which a and ὃ are positive 
or negative integers or zero. These laws then necessarily hold for any 
numbers of the rational number system in view of our earlier definitions. 
We note that, in the rational number system, multiplication, addition, 
and subtraction are always possible. Division is possible except when 
the divisor is zero. 
We indicate that a rational number is positive by writing 


r> 0. (17) 
This enables us to introduce order into the rational number system. We 
do this by writing | 
r>r or r<r if ro —r>d. (18) 
In particular, if r > 0, —r <0. Also 
γ᾽ > r implies —r’ < —r. (19) 
For any two unequal rational numbers, equation (18) determines which 


precedes and which follows. However, unlike the set of integers, there 
is no next greater rational number to any given one, in the way that 3 is 
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the next greater integer to 2. In fact, we may always insert one rational 
number, and hence as many as we please, between any two unequal 
rational numbers. 

The positive integers, in their natural order, are enumerated, and 
any collection of numbers or objects which can be arranged in a single 
sequence with a first, second,---, nth object is said to be enumerable. 
The collection of rational numbers is enumerable, since there are only a 
finite number of rational fractions a/b with |a| + |b| = N. Here [αἱ 
means the numerical value of a, that is, a if α 15 positive and —a if a is 
negative. Thus we may take a series of blocks of terms, for which 


N = 1, 2,---in succession. The first few terms are: 
: ; 1 oe Φ - cs ae 
0; 1, ae 2, 2) ae? τ. ὃ, 3) 3, 3? 
3 2 eee ας 
4, 2) ἃ; i; 4; 2) 3? 4) 


The terms in each block are arranged according to decreasing numerator 
for the positive term, followed by the corresponding negative terms. 
Any number is omitted from the sequence if an equal number has been 
already listed. 3 

3. Irrational Numbers. Irrational numbers, and operations with 
irrational numbers, may be defined in terms of classes of rational num- 
bers in a way similar to the definition of rational numbers in terms of 
pairs of integers. We begin by defining a cut in the system of rational 
numbers as a separation of the rational number system into two classes, 
A and B, with the following properties: 


Pl. Every number in A, the left-hand class, precedes every number in B, 
the right-hand class. 

P2. There are some numbers in each class. 

P3. Each number of the rational number system is in one of the two 
classes. 


Let us denote by a or a; typical rational numbers of class A, and simi- 
larly by ὃ or ὃ; typical elements of class B. It follows from the properties 
P1 and P3 that every number less than any one aisin A. Similarly, 
every rational greater than any one b isin B. There may be a rational 
number, c, such that for all the elements a and ὃ, 


ascsb. (20) 


In this case, we say that the cut is rational, and identify the rational 
number c with it. By the property P3, c is in one of the classes. But, 
by equation (20), if it is in A, it is the last number in A and if it is in B, 
it is the first number in B. There cannot be two distinct rational 
numbers c satisfying the relation (20) for all a and ὃ, since if ο΄ were a 
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second such number, numbers between ὁ and c’ would have to belong to 
both classes. Hence as examples of rational cuts, for each of which 
c = 3, we may have: | 


xin A,ifx <3; xinB, if x 2 ὃ, (21): 
or | 
cin A,ifx S33; xin B, if z > 3. (22) 


However, for a given cut, there may not be any rational number c 
which satisfies the relation (20). In this case, we say that the cut is 
irrational and regard the cut itself as the definition of an irrational 
number y. We define y as following all the numbers in A, and preceding 
all those in B, so that for all elements a and ὃ, 


a<y<b, (23) 
As an example of an irrational cut, we have 


ain A if either 2 < 0 or 2? < 3; 
z in B if z > 0 and also x? > 3. 


When multiplication is defined for irrational numbers, we shall see that 


the y for this cut has y? = 3, so that this cut defines V3. 

Two irrational numbers y and y’ are equal if the elements of A are all 
elements of A’ and if the elements of B are all elements of B’. If the 
irrational numbers y and y’ are not equal, there are two possibilities. 
Either some element of A, a is an element of B’, b’, in which case 


y <b’ =a<y and γ' <y, (24) 
or some element of B, ὃ is an element of A’, a’, in which case 
y<b=a'<y’ and y<y’. (25) 


Thus the natural order of precedence of two irrational numbers is 
determined. For a pair of numbers, one of which is rational and one of 
which is irrational, the order of precedence is determined by the cut 
defining the irrational number in accordance with the relation (23). 

The rational and irrational numbers together make up the real number 
system. 

4. Real Numbers. It follows from our definition that every cut in 
the system of rational numbers with the properties P1, P2, P3 determines 
a single real number. It is often desirable to replace P3 by an alterna- 
tive property: 

P3’. Given any positive real number e, it is possible to find a number a of 
the class A and a number ὃ of the class B such that ὃ ~ ais at most e. 
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The property P3’ is of such a nature that if it holds for a particular e, 
it will necessarily hold for any larger value of e. Thus in most applica- 
tions of P3’ we shall be concerned with small values of «. Again, for 
any given irrational positive number, we may find a smaller rational 
positive number. Consequently, to show that P3’ holds, it will only be 
necessary to show that it holds for rational values of ε. 

We shall now show that any cut satisfying the properties P1, P2, P3 
also has the alternative property P3’. Let a; be any element belonging 
to class A for the given cut, and consider any rational value of e for 
which we desire to test P3’. Form the sequence 


a4, αι + ε, αι + 2ε, +++, a + Ne. (26) 


If δι is any element of class B, and we take N large enough, the last 
number of the sequence, a; + Ne, will exceed b; and hence will itself be 
a member of class B. Thus the elements of the sequence (26) will be in 
A, up to a certain one, a, + ne, and from there on they will be in B. 
Consequently, the property P3’ may be satisfied for the e considered by 
taking 


a = a; + Ne, τε αι τ (n+l b-a=e (27) 


We next show that any cut satisfying the properties ΡῚ, P2, P3’ 
determines a single real number. Let A’ and B’ denote the two classes 
for the given cut. We replace class A’ by an enlarged class A, which 
contains not only all the elements of A’ but all the rational numbers less 
than any number in A’ Similarly we enlarge the class B’ to a class B 
containing all the rational numbers greater than any element of B’ as 

well as all the elements of B’. 

If the enlarged classes A and B include all the rational numbers, P3 
is satisfied and a real number is defined. 

If the enlarged classes include all the rational numbers except one, r, 
this number must be greater than all the elements of A and less than all 
the elements of B. Consequently, if we add r to the class A, we have a 
cut defining the rational number 7. 

Finally, suppose that at least two distinct rational numbers r and γ᾽ 
are not included in the enlarged classes A and B. Then, for any ele- 
ments a of A and ὃ of B, we would have: 


a<r, b>?r, (28) 
where r’ is taken as the greater of the two. Hence 
b—a>r —r?, (29) 


since ὃ -- α -- (τ —r) = (Ὁ -- τ΄) + (r -- α) is positive. But, since 
7’ >+7,1r’ — ris positive and we may take it as the ε of the property P3’ 
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We thus obtain a pair of elements a of A’ and hence of A, ὃ of B’ and 
hence of B, for which 


b—ase or δ-- α 3: τ -- γ. (30) 


As this contradiets the relation (29), the possibility of there being more 
than one rational number omitted from the classes A and B is excluded. 

Since a cut which has the properties P1, ΡΖ, P3 also has the property 
P3’, while a cut with the properties ΡῚ, Po, P3’ may be modified to give 
a cut with the property P3, we asually consider a given cut which 
determines a real number as πεν το all four properties: P1, P2, P3, P3’. 
However, in constructing a cut to determine a new real number, it is 
only necessary to establish P1, P2, and either P3 or P3’. We shall fre- 
quently find P3’ the more convenient. 

5. Operations on Real Numbers. If two given real numbers y and 
y’ are defined by cuts, and if we denote typical elements so that: 


asxysb, a sy’ Sd’, (31) 
the sum of the numbers y and y’ is defined by requiring that: 
ata sSyt+y' Ξ0- Ὁ (32) 


for all choices of a, b, a’, b’. 

Since the property P1 holds for the two given cuts, the equality cannot 
take place in both cases in either of the relations (31). Hence for all 
choices, a + a’ < b+ δ΄, and the cut with all sums a + a’ in class A 
and with all sums ὃ + δ΄ in class B will satisfy the property P1. 

The property P2 will obyoualy hold for the new cut if it holds for the 
original cuts. 

Finally, from property P3’ applied to the two original cuts, we may 
find pairs a, b and a’, b’ such that: 


bowed Goa = ke (33) 
where ε is any positive quantity. It follows from this that 
(Ὁ +b’) — (a+a’) = (b—a) 4+ (0’ —a’) Se. (34) 


Thus the new cut satisfies the property P3’, as well as the properties 
P1 and P2, and so defines a single real number. 

By extending the application of the second equation (8) and the 
equation (10) to real numbers, we may reduce the multiplication of real 
numbers to the multiplication of positive numbers. For two positive 
real numbers, we put: 


aa’ Sy 5 ὃν, if y>0,y'>0,a>0,a' >0. (35) 
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By an argument similar to that used in the case of addition, we may 
show that this leads to a.cut satisfying the properties P1, P2, and P3’ 
and hence defines a single real number. 

In deducing the products of negative real numbers from the products 
of the corresponding positive numbers, we need a method of finding the 
cut for —y when that for y is given. If a and ὃ are typical elements of 
the cut for y, as in the relation (31), —b and —a are typical elements 
of the cut for —y, since: 7 


—-bs —y  --α. (36) 


This relation also enables us to define subtraction| by the relation: 
γ᾽ —y=y + (-y). (37) 


To define division, we first define the reciprocal of a positive number y 
by using only the elements a which are positive. We use a subscript p 
to indicate the restriction to positive elements. Then we put: 


1 
» if y>O, where a,>O0. (38) 


dy 
We then define the reciprocal of a negative number by 


=, (39) 


and finally define division by 


| (*). | (40) 
y y 


We may show that the cut given by the relation (38) leads to a single 
real number, by showing that the properties P1, P2, and P3" hold. 

The definitions of the four fundamental operations for real numbers 
given in this section are in agreement with all our earlier rules. In 
particular, we continue to have subtraction the inverse of addition and 
division the inverse of multiplication. 

6. Cuts in the Real Number System. It is a natural extension of our 
previous definition to consider as a cut in the real number system any 
separation of the real numbers into two classes A and B if it satisfies 
the three properties: 

Rl. Every number in A, the left-hand class, precedes every number in B, 
the right-hand class. 

R2. There are some numbers in each class. 

R3. Each number of the real number system is in one of the two classes. 
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These statements differ from the corresponding ones of section 3 only 
in having rational replaced by real in R3 and in having the word number 
mean real number instead of rational number. 

We shall show that for cuts in the real number system there is always 
a real number which makes the separation. We first observe that the 
separation of the real numbers which satisfies the properties Rl, R2, R3 
involves a separation of the rational numbers which satisfies the proper- 
ties P1, ΡΖ, P38. This cut defines a single real number y. If a; is any 
rational element of A, and δι is any rational element of B, we shall have: 


αι Sy 3 Oy. (41) 


Again, if ἃ is any irrational number less than y, there are rational 
numbers between a and y. Let a; be one of them. Then 


axca<y, (42) 


and since a; is in A, a is also in A. Similarly, any irrational number 
greater than y isin B. Thus for all real numbers a in A and ὦ in B, and 
the y defined by the relation (41), we must have: 


asysb, (43) 


with one of the equality signs holding for y itself, which must be in one 
class or the other, in view of the property R3. 

Thus cuts in the real number system bear the same relation to that 
system that rational cuts bear to the system of rational numbers. In 
particular, cuts in the real number system do not lead to any new 
numbers. These results are expressed in the theorem of Dedekind: 


Every cut in the real number system satisfying the properties Ri, R2, R3 
8 effected by a unique real number. 


By using the results of section 4, we may show that all the conclusions 
of this section continue to hold if we replace R3 by the alternative R3’: 


R3’. Given any positive real number e, it is possible to find a number a 
of class A, and a number ὃ of class B such that ὃ — ais at most e. 


This statement does not differ in wording from P3 but differs slightly 
in intent, since the a and b of R3’ may be irrational. However, it is not 
difficult to show that if irrational values can be found, rational ones can 
also be found with ὃ — a at most e, for any given positive e. 

7. Geometric Representation. If we take a straight line, regarded 
as indefinitely extended in both directions, we may match up its points 
with real numbers, coérdinates of the points, in the following way. We 
select one point as an origin, which we mark zero. We take one of the 
directions on the line as positive and mark a point one unit away from 
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the origin in this direction with one. By repeating this operation, we 
obtain the points for two, three, and the other positive integers. Points 
on the opposite side of the origin, found in a similar way, are marked 
with the negative integers. We may view the line from such a position 
that the positive is the right-hand direction and the negative is the 
left-hand direction. To suggest this image, we shall sometimes use the 
terms right and left in place of positive and negative direction. By a 
familiar construction of elementary geometry, a point for any rational 
number may be found. We take it as a geometric assumption that 
there is a single point on the line for any irrational number which sepa- 
rates the points with rational codrdinates in the same way that the 
irrational number separates the rational numbers. We also assume 
that for each point on the line there is a single real codrdinate. 


ee ee en a a a on 
-3 —2 co 0% 1/7 2 3 
Fra. 1. | 


The geometric picture is helpful in following analytic arguments. 
To suggest this picture, we use an abbreviated form of language. Thus 
we speak of rational points when we mean points with rational codrdi- 
nates. Also we use the phrase “ the on a”’ in place of the expression 
“the point with α as its codrdinate.” 

By numbers 2, or points 2, in the interval a,b where a < b, we mean 
the codrdinates of the points, or the points themselves inside the interval 
with the points a and ὃ as end points. Thus the numbers z satisfy the 
relation: 

a<x<b. ᾿ς (4) 


When we wish to emphasize that the end points a and ὃ are not included, 
we use the phrase “ points of the open interval a,b” to mean “ those 
points x which satisfy the relation (44).” 

If we wish to include the end points a and b, we use the phrase “ points 
of the closed interval a,b” to mean those points z which satisfy the 
relation: 

aszxsb. : (45) 


8. Limit Points. A collection of real numbers or their correspond- 
ing points on a line is called a point set. A point set may have only a 
finite number of points, or it may have an infinite number of points. 
It may include whole intervals or, as an extreme case, consist of all the 
points of the codrdinate axis. 

Consider a set of points, denoted by S, and a point 2, corresponding 
to ἃ real number 2, which may or may not belong to S. If every open 
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interval which includes x includes at least one point of S different from 
z, then z is said to be a limit point of the set. It follows from this 
definition that every open interval which includes x contains an infinite 
number of points of S. For suppose that x is a limit point of S and 
that the open interval a,b includes x. If y; is one point of S in the 
interval, since it is distinct from x, the point x will be included in one of 
the open intervals a,y; or y:,b. Thus this interval will include a second 
point of S, y2, distinct from x. We may repeat this process to obtain a 
sequence of points y1, Y2, ¥3, °° * , each of which is distinct from x and 
from all those which precede it. 

A limit point of a set may or may not belong to the set. Thus the set 
consisting of the numbers 


1, 0.9, 0.99, 0.999, --- (46) 


has 1 as a limit point and 1 as a member of the set. On the other hand, 
the set consisting of the numbers 


1, Ζ, ξ, Zz, es (47) 


has zero as a limit point, and zero does not belong to the set. 

Since every open interval includes rational points, if the set S consists 
of all the rational points of any open interval a,b, then all the points of 
the closed interval a,b will be limit points of S. 

9. Bolzano-Weierstrass Theorem. Since every open interval includ- 
ing a limit point of S includes an infinite number of distinct points of S, 
it follows that a set containing only a finite number of points cannot 
have any limit points. A set may have an infinite number of points 
without having any limit points. An example is the set consisting of 
all the positive integers. That this situation cannot arise when all the 
points of the set can be included in some finite interval is the content of 
the Bolzano-Weierstrass theorem, which asserts that: 

For every set of points lying in a finite interval and having infinitely 
many elements, at least one point of the interval 18 a limit point. 


To prove this, consider a-set S containing an infinite number of points 
all of which are included in some finite interval, say the closed interval 
a,b. Define a cut in the real number system in the following manner. 
To class A, we assign a and all other numbers x such that, at most, a 
finite number of points of S have coédrdinates less than x. To class B, 
we assign ὃ and all other numbers 2’ such that there is an infinite num- 
ber of points of S with codrdinates less than 2’. 

This cut satisfies the properties Rl, R2, R3 of section 6, and there- 
fore, by Dedekind’s theorem, is effected by a unique real number which 
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we denote by y. If, now, 2,2’ is any open interval which includes y, 
then x is a number of class A and x’ is a number of class B. Hence 
there are an infinite number of points of S with codrdinates less than 
x’, of which only a finite number can have codrdinates less than zx. 
Thus there must be an infinite number of points of S in the open interval 
z,x and therefore at least one point of S distinct from y in this interval, 
as demanded by the definition of limit point. Hence y is a limit point 
of S. 

The method of proof shows that no limit point of the set S can precede 
y. If we had begun by assigning to class A all numbers such that an 
infinite number of points of S had larger coérdinates, and to class B all 
numbers such that at most a finite number of points of S had larger 
codrdinates, we should have found a point y’ (possibly identical with y) 
such that no limit point of the set could follow y’. This proves that: 


For every set of points lying in a finite interval and having infinitely 
many elements, there 18 a first limit point and also a last limit povnt. 


10. Bounds. Ifa point set on a finite interval has only a finite number 
of elements but has at least one element, there will necessarily be 8 first 
point and a last point. Since these are the points of the set with the 
least and the greatest codrdinates, we also refer to them as the least and 
greatest elements of the set. 

If a point set S on a finite interval contains an infinite number of ae 
ments, we must have a first limit point y and a last limit point y’, 
shown in the preceding section. The set of points S may, or may 
include elements to the left of y. If it does, and “1 1s a point of S which 
precedes y, there is at most a finite number of points of S less than, or 
equal to, 71, and we denote the first of these by B,. If there are no 
elements of S to the left of y, we put B; equal to y itself. In either case, 

the point B, is called the greatest lower bound of the set S. 

If there are elements of S which precede y, or if By, is itself a member 
of S, then B, is the least element of S. When y is not a member of S, 
and there are no elements of S which precede y, the set has no least 
element. The greatest lower bound, B,, always has the property that 
there are no points of S to the left of B,, but any closed interval B,,c 
with B, as its left-hand end point, contains at least one point of the set, 
say x. For, when B, is the least element of the set, we may take B, 
itself as the point x. If the set S has no least element, there are points 
of the set in B,,c since B, is then a limit point of the set and there are no 
points of the set to the left of Bi. 

The point B,; is thus the point with greatest codérdinate having no 
points of S to its left. This explains the term greatest lower bound. 
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It wil! help the student to keep its meaning clear if he notes that lower 
is the important word in the phrase and that greatest is merely a modifier. 
We say that a point set S is bounded from below if there is some point 
on the line to the left of all points of the set. Any point not to the night 
of any point of the set is called a lower bound for the set. If ais any 
lower bound for the set S, and 2; is any element of S, we may form a new 
set S’ by taking all those points x’ which are in S and also havea S x’ S 
σι. As S’ is on a finite interval, we may find a greatest lower bound By, 
for it. This will be the greatest number not exceeding any number 2’, 
and hence the greatest number not exceeding any codrdinate of a point 
of S. | 
We may restate these results in terms of the codrdinates of the points. 
A lower bound of a set of numbers is any number not exceeding any | 
number of the set. 
A set of numbers is said to be bounded from below if it has a lower bound. 
A set of numbers which contains at least one number and ts bounded from 
below has a greatest lower bound. 


We define upper bounds in a similar way and may obtain a similar 
result for them. Thus: 

An upper bound of a set of numbers is any number not exceeded by any 
number of the set. | 

A set of numbers is said to be bounded from above if it has an upper 
bound. | 

A set of numbers which contains at least one number and is bounded from 
above has a least upper bound. 


11. Heine-Borel Covering Theorem. We proceed to discuss a theo- 
rem on sets of intervals. Let J denote a set of intervals on a line. 
These intervals may be infinite in number and may overlap one another. 
It is immaterial for our purposes whether these intervals include their 
end points or not, but for definiteness we shall think of them as open 
intervals. , 

Let C denote a particular closed interval a,b related to a set of inter- 
vals I in the following way: For each point x of C, that is, each x such 
that | 
aszsxb, (48) 
we may find some interval of the set J containing z as an interior point, 
say the interval | 

y<ar<y’. (49) 
We may use any interval of 7 for several, or even for an infinite number, 
of its interior points. Again, it may be possible to find several, or even 
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an infinite number, of intervals of 7 which will serve for a particular 
point z. We describe the relation of C to 1 by saying that the set of 
intervals 1 covers the fundamental interval C. 

The Heine-Borel covering theorem states that: 


If an infinite set of intervals I covers a fundamental closed interval C, 
then a finite number of intervals may be selected from the set I, such that 
this finite subset of intervals covers the fundamental closed interval C. 


To prove this theorem, we first define an accessible point of the inter- 
val C as a point of C, c, such that the closed interval a,c can be covered 
by a finite number of intervals selected from the set J. There are some 
accessible points, for a is in some interval of J so that any point of this 
interval to the right of α is accessible. If c is accessible, all points 
between a and ὁ will also be accessible. 


Fra. 2. 


The set of accessible points is on a finite interval and therefore has a 
least upper bound, By. Since ὃ is an upper bound for all the points of C, 
it is an upper bound for the accessible points of C. Thus either Be « ὃ 
or By = ὃ. 

Suppose we had the first case, Bp < ὃ. Then Bo, as a point of C, is in 
some interval of the set J, say 14: 


W<2< Yh. (50) 


From the properties of Bz as a least upper bound of accessible points, 
there is at least one accessible point in 7), say c,, such that: 


σι < C1 = Bo, (51) | 


but any point 69 such that 
By “6. < Yi; (52) 
is not accessible. 

But this is an impossible situation. For the finite set of intervals 
which cover the closed interval a,c, together with J,, covers the closed 
interval a,co so that ce is accessible. This contradiction rules out the 
povsibility Bz « ὃ. 

Thus Bz = ὃ, and since the argument used for co shows that Bg is 
itselr accessible, we can cover the whole interval a,b with a finite num- 
ber of intervals of the set 7, as stated in the theorem. 

We may modify the meaning of the term cover by omitting all parts 
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of intervals outside the fundamental interval and merely requiring a to 
be the left end and b to be the right end of some interval of J, in this 
case allowing some of the intervals of I to be closed. The proof pro- 
ceeds exactly as before. 

12. Closed Sets. The limit points of a set of points may, or may not 
be, points of the set. We define a closed set of points as a set of points 
which does contain all its limit points. Thus a closed interval is a 
simple example of a closed set. 

Since the greatest lower bound of any set of points is either the first 
point of the set or the first limit point of the set, the greatest lower 
bound of a closed set necessarily belongs to the set and is the first point 
of the set. Thus a closed set on a finite interval always has a first point and 
a last point. 

The theorem of the last section remains true if we replace the closed 
interval C by any closed set on a finite interval. If every point of a set S 
is an interior point of some interval of a set 1, we say that the set of 
intervals J covers the set of points S. The modified theorem reads: 


If an infinite set of intervals I covers a fundamental closed set of points S 
lying in a finite interval, then a finite number of intervals may be selected 
from the set I, such that this finite subset of intervals covers the fundamental 
closed set of points S. | 


Let a and b be the first and last points of the finite interval. If c is 
the mid-point of a,b, we may form two new closed sets S’, the points of S 
in the closed interval a,c, and S’’, the points of S in the closed interval 
c,b. If the conclusion of the theorem held for each of these sets, it 
would hold for S, since the two finite subsets of intervals, taken together 
with common intervals counted once, would form a new subset covering 
S. Thus, if the theorem is false for S, it must be false for S’ or S’’, or 
both. If both, take S’; otherwise, take the one for which it is false. 
Revise the notation, calling this set for which the theorem is false 81, 
and relabel the end points of the interval of length (ὃ — a)/2 on which 
it lies a, and 0b. 


a c¢ 688 ὃ 


ai 61 δι 
ΕἸα. 8. 


Now repeat the argument, using 61, the mid-point of αι, δι, and so 
obtain a set So on an interval ας, of length (ὃ — a)/4. Then con- 
tinue in this way. We thus obtain a sequence of sets S, on an interval 
n,n Of length (ὃ — a)/2", for each of which the theorem is false. 


Art. 12] CLOSED SETS 17 


Since any finite number of points of S can be covered by a finite 
subset of intervals J, using a different interval for each point, each of the 
sets S, must contain an infinite number of points. Thus we may select 
 @ point 81 in S1, 85 a different point in So, and soon. The set of points 
81, 82), 8π 7), being infinite in number and all on the finite interval 
a,b, have at least one limit point. Since all the 8, belong to S, and the 
set S is closed, this limit point belongs to S. Call it s. Then 8 is an 
interior point of some interval of the set J, say 10: 


y<s<y’. (53) 


If the point s were outside of any of the intervals a,,b,, an interval 
containing 8 and not containing the interval a,b, would not contain 
any of the 8, with subscripts larger than m. Thus 8 could not be a limit 
point of the s,. This proves that s is in every one of the intervals 
Qn bn So that 

Qn Ξ 8 S by. (54) 


From this and the relation (53) we may prove that 
Y < an «ὃ, « γ' (55) 


if n is sufficiently large. For since 
—_ 
bis = > (56) 
it may be made smaller than any fixed number by taking n large enough. 
Thus, in particular, for some value of n we shall have 
δ, —Qn<y' —s and ba—GQa<s—y. (57) 


But, for this n the relation (54) holds, and it may be written: 


Ons and —b, Ξ —s. (58) 
It follows from the last two relations, (57) and (58), that: 
b, <y’ and —a,<—y or y<aQp. (59) 


Since b > a, equation (56) shows that b, > dn, which may be com- 
bined with the relations (59) to give the relation (55). 

But the relation (55) shows that the interval a,,b, 1s covered by the 
interval 1. Thus the set S, on this interval is covered by the single 
interval J, so that the assumed falsity of the theorem for S, which 
implied its falsity for S,, leads to a contradiction. 

Thus the theorem must be true for S, and we have proved the modified 
theorem. 
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13. Two Dimensions, Definitions. We associate points in a plane 
with pairs of real numbers by the use of two rectangular axes, an z-axis 
and a y-axis. We take the point of intersection of these axes as the 
origin of a real number scale on each of the lines. Then any point in 
the plane has a projection on each axis, determined by a line through 
the point perpendicular to the axis considered or parallel to the other 
axis. If these projected points have coérdinates z and y in their respec- | 
tive scales, we speak of the point as having the codrdinates (z,y), or 
briefly refer to it as the point (x,y). Each point determines such an 
ordered pair of real numbers, and conversely each such ordered pair 
determines a point in the plane, by our geometric assumption on the 
correspondence of numbers to points on a line. 

We refer to the points whose coérdinates satisfy the inequalities 


a<xz<b, c<y<d (60) 


as the points of the open two-dimensional interval a,b;c,d and frequently 
omit the phrase two-dimensional if it is implied by the context. 

If we wish to include the boundary points of such a rectangular 
region, we use the phrase closed two-dimensional interval a,b;c,d. Thus 
this means the points whose codrdinates satisfy the relations 


asxsb, cSysd. (61) 


Any collection of points in the plane is called a point set. A point 
(x,y) is a limit point of a set S if every open two-dimensional interval of 
the plane which includes (z,y) includes at least one point of S different 
from (z,y). As in the one-dimensional case, it follows that the open 
interval must include an infinite number of points of S. 

A set of points is said to be a closed set if its limit points all belong tc 
the set. 

14. Two Dimensions, Theorems. We may extend the Bolzano- 
Weierstrass theorem to two dimensions. Thenew form of thetheoremis: - 


For every set of points lying in a finite two-dimensional interval and 
having infinitely many elements, at least one point of the interval is a limit 
point. 

To prove this, let the two-dimensional interval a,b;c,d be one which 
contains the set S. Divide this into four two-dimensional intervals by 
bisecting the two one-dimensional intervals a,b at e and c,d at f. The 
four new intervals are: a,e;f,d, e,b;f,d, a,e;c,f, and e,b;c,f. At least one 
of these must contain an infinite number of points of S. If more than 
one contains an infinite number of points, we take that one which occurs 
first in the order listed above. Revise the notation so that the selected 
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infinite set of points is S; on R,, the interval a,,b;;c1,d; of dimensions 

Now treat S; as we did the original set, thus obtaining a set So. 
Continuing in this way, we shall obtain an infinite succession of sets 
S, on Ry, the interval an,bnjca,dn of 
dimensions (ὃ — a)/2", (ἃ — c)/2”. 

Next consider the points with co- 
ordinates a, on the z-axis. If there 
is an infinite number of distinct points 
in this set, the argument used in sec- 
tion 12 shows that there is a limit 
point s which is contained in all the 
intervals dy,bn. If thete is only a 
finite number of distinct points in this 
set, it follows from the method by which they were obtained that all the 
a, from 8. certain point on will have a common value. If we call this 8, 
all the intervals a,,b, will contain 8. 

Similarly we may find a point ¢ on the y-axis which is either a limit 
point of the c, or equal to all of them from some point on. In either 
case it will be in all the intervals c,,d,. 

The point (s,t) is in all of the two-dimensional intervals R,. But 
the dimensions of R, are (ὃ — a)/2" and (d — c)/2" and so may each be 
made less than any fixed number by taking n large enough. Conse- 
quently, any given open two-dimensional interval containing the point 
(s,t) will contain some one of the #,, and thus the corresponding set of 
points S,. As this includes an infinite number of points of S, at least 
one will be distinct from (s,t) and the point (8,2) is a limit point of S. 
This proves the theorem. 

We may also extend the Heine-Borel covering theorem to two dimen- — 
sions. In two dimensions, the phrase “ the set of intervals J covers the 
set of points S ’’ means that every point of S is an interior point of some 
two-dimensional interval of the set 7. 

We need only consider the extension of the modified covering theorem 
of section 12, since that theorem includes the theorem of section 11 88 8 
special case. . The two-dimensional extension is as follows: 


If an infinite set of two-dimensional intervals I covers a fundamental 
closed set of points S lying in a finite two-dimensional interval, then 
a finite number of intervals may be selected from the set I, such that this _ 
finite subset of intervals covers the fundamental closed set of points S. 


Fie. 4. 


To prove it, we select a two-dimensional interval a,b;c,d which con- 
tains the set S and divide it into four two-dimensional intervals by 
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bisecting the two one-dimensional intervals. Then, if the theorem 
were false for the set S, we could select a set from among these four for 
which it was false. With revised notation, this would be a set S; on 
R,, the interval a,,b;;c1,d; of dimensions (Ὁ — a)/2, (d — c)/2. 

By repeated bisection we should obtain a sequence of sets S, on Ry, 
the interval a,,bnjCn,dn of dimensions (ὃ -- a)/2", (ἃ — c)/2”, for each 
of which the theorem was false. 

As each of these S, contains an infinite number of points, we could 
select a sequence of points (%n,yn) from S,, each point distinct from all 
those which precede it, as for the earlier proof in this section. The set of 
points (%n,yn), 88 an infinite set of points on a finite interval, has a limit 
point (z,y), and this limit point belongs to S, since the set S is closed. 
Therefore it is an interior point of some interval 70 of J, since I covers S. 

But since all except a finite number of points (%n,yn) are inside any 
interval R,, the limit point (x,y) must bein all the R,. Since the dimen- 
sions of R,, (ὃ — a)/2” and (d — c)/2” can be made less than any fixed 
positive quantity by taking n large enough, for some value of n the 
interval J, will contain R,. Thus it will contain the corresponding set 
S,. Since the set S, is covered by this single interval, this contradicts 
the assumption that the theorem was false for S, from which we deduced 
that the theorem was false for S,. Thus the theorem must be true for 
S, and we have proved the two-dimensional covering theorem. 

165. Higher Dimensions. We may consider any number, k, of one- 
dimensional scales as axes belonging to 21, Z2,---,2%. We continue to 
use geometric language, referring to X = (2, %2,-°-+, 2%) as ἃ point in 
kK dimensions, although we make no attempt to interpret our state- 
ments graphically when kis greater than 3. The definitions of section 13 
are easily extended to k dimensions. Thus the inequalities 


a;<2,<b;, t=1,2,---,k (62) 
define an open k-dimensional interval, and 
a; 32; S bi, +=1,2,---,k (63) 


define a closed k-dimensional interval. 

The definition of point set remains unchanged, and the definition of 
limit point and covering merely require us to read k-dimensional for 
two-dimensional. There is no change in the definition of limit point. 

The theorems of section 14 remain true when we replace two-dimen- 
sional by k-dimensional, and the methods of proof given there require 
only minor modifications. | 

Since the intervals we have used are bounded by (k — 1)-dimensional 
planes parallel to certain axes, our results seem to depend on the direc- 
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tion of the axes. However, we might use in place of a set of intervals J : 
a set of k-dimensional spheres K given by 


Σ (x; — ¢;)? τ. (64) 


That the covering theorem still holds follows from the fact that any 
sphere K containing X as an interior point includes some interval J 
containing X as an interior point. Similarly, any interval containing X 
as an interior point includes some sphere containing X as an interior 
point. 

For any figure or point set in k-dimensional space, we define an interior 
point P as one for which all the points of some k-dimensional sphere 
with P as a center are points of the figure or set. An open k-dimensional 
region is a figure for which every point is an interior point. The cover- 
ing theorem remains true if we use k-dimensional open regions of arbi- 
trary shape in place of the covering intervals. 


EXERCISES I 


1, Using mathematical induction, prove the binomial theorem (a + δ)" = 
a” πα" ἢ + +++ + *C,a"b’ + +--+ + b*, for integral values of n, where 


"Ὁ _ Mn —1)(n -- 2)...(π --τλτ 1) 
᾿ 1: ἐπὶ aoe 


2. Prove that 
_ Mn+ 1m + 2)... (πα +m) 
m+l 


3. From problem 2, and an induction on m, prove that if P(z) is a polynomial 
of the mth degree, the sum 


P(1) + P(2) + P(3) + +++ + P(n) 


will be a polynomial in πὶ of the (m + 1)st degree. 
4, Prove the rule of cancellation for rational fractions 


Σ r+ YO +2)+--@~tm—1) 
2 


5. Show that every positive rational fraction may be reduced to lowest terms 
or expressed as the quotient of two integers relatively prime, that is, without 
common factors other. than unity. 

6. If a, ὃ, a’, b’, m, and n are all positive integers, and ab’ < a’b, prove that 
ma + na’ mab’ +- na’b 
mb + nb’ (m + n)bd’ 


a a’ 
between — and — - 
b b’ 


are each a rational number intermediate in value 
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7, Prove that the adopted law of signs for negative quantities is the only one 
consistent with the properties of zero and the distributive law for products. 
Hint: Use the relations ὃ — ὃ = 0, a(b — δ) = 0, ab + a(—b) = 0, a(—b) = —ab. 


8. Prove that, if a γέ 0, no value of z is defined by τ interpreted to mean 


2:0 =; while if a = 0, any value of « satisfies the latter relation. This is 
why we do not define division by zero. 


9. Prove that, if ὃ and b’ are both positive integers, ; ae if, and only if, 


b’ 
ab’ < a’b. | 

10. Prove that, ifa « bande <dja+c<b+danda—d<b—e. 

11. Prove that, for any two positive rational numbers a and ὃ, an integer N 
can be found such that Na > ὃ. | 

12. If m and n take on all positive integral values, show that the set of values 
Gmn is enumerable. 

13. If a(n, ne, "" ,m) depends on a finite number of variables, each of which 
takes on all positive integral values, show that the set of values assumed is 
enumerable. Hint: Use mathematical induction and the preceding problem. 

14. Assuming that no rational number has its square equal to 2, show that a 
cut with the properties P1, P2, and P3 of section 3 is defined by the following 
conditions: 2 is in class A if x « Oorz? < 2, and zis in class Bif x > 0 and also 
x? > 2. 

15. Verify that 1, 1.4 are in class A and that 2, 1.5 are in class B for the cut 
defined in problem 14. 

16. If p and q are relatively prime, show that the fraction p? /q’ is in its lowest 
terms as written. From this, show that no positive integer, not a perfect 
square, has a rational square root. Assume the theorem that every positive 
integer may be factored into prime factors in only one way. | 

17. State and prove a result similar to that of problem 16 for the nth root of a 
positive integer. 

18. If the rational number x equals p/q when reduced to lowest terms and 
satisfies the equation 


αι, + αν -Ἐ +--+ + ait + a = 0, 


where the coefficients are all integers, and a, and a are both different from zero, 
prove that p is a divisor of ao and q is a divisor of a,. (Gauss.) 

19. Show that the equation 42% — 12x? -x+3=0 has three rational 
roots, then find the roots. Also show that the equation σῇ 47 + 1 = 0 has no 
rational roots. Hint: Use the result of problem 18. 

20. If 0.9, 0.99, 0.999, - ++ are all in class A, and 1.1, 1.01, 1.001, -- - are all in 
class B, show that the out must be that which is identified with the rational 
number 1. 

21. If 0.3, 0.33, 0.333, +++ are all in class A and 0.4, 0.34, 0.334, - - “ are all in 
class B, show that the cut must be that which is identified with the rational 
number 1 /3. 
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22. For the cut which defines V2, find two rational numbers, a in class A and 
ὃ in class B, which differ by not more than .01. 


23. For the cut which defines V3, find two rational numbers, α in class A and 
6 in class B, which differ by not more than 0.1. 

24, Using the identity bb’ — = a(b’ — a’) + δ' (ὃ — a), show that, if we 
take ὃ] — a, < ε[2α;, where αι is cas element of class A, and ὃ, — a, < ¢ /2b;, 
we shall have bb; — a,a,< ¢. This proves that the cut for yy’ defined in 
section 5 satisfies the property P3’. Assume y and y’ positive, and take a, and 
a; positive. 

25. Show that, if y > 0, and we take ὃ — a < ea”, where a is any positive 
element in A, we shall have 1/a —1/b< e. This proves that the cut for 1 /y 
defined in section 5 satisfies the property P3’. 

26. Prove from the definition that y+ (1/y) = 

27. Prove from the definition that y + (—y) = 0. 

28. If |y|, the numerical value of y, is defined as y if y = 0 and —y if y < 0, 
prove that |x + y| S [1] + lyl. 

29. Let regular polygons of n sides be inscribed in and circumscribed to a 
circle of unit radius. Call J, the perimeter of an inscribed polygon and C,, that 
of a circumscribed polygon. Prove that, if we let the numbers 1, be in class A, 
and the numbers C,, be in class B, the properties P1, P2, and P3’ are satisfied. 
The number defined by this cut is 27. 


30. Show that 0 and 1 are the limit points of the set — ! 2 Onl =a “h and that 


there are no others, where 7 takes on all positive integral the 

31. Show that every number z such that 0 S z S 1 is a limit point of the set 
6/2", where n is any positive integer and ὁ is any odd positive integer less than 2”. 

32. For any irrational number y let the fractional parts of the numbers ny, for 
all integral values of n, form a set. This set has every value οὗ, 0S 2S 1 
as a limit point. Hint: After N + 1 points have been plotted, some pair, say 
the fractional parts of n’y and n’’y, will be at distance from one another less than 
1/N. Then the set of values k(n’’ — n’)y, for integral values of k, yield a set of 
fractional parts on the interval 0,1 some one of which is nearer than 1/N to any 
point on this interval. 

33. Show that 0 is the greatest lower bound and 1 is the least upper bound for 
each of the three sets described in problems 30, 31, and 32. 

34. Show that the Heine-Borel theorem does not apply to the interval 0,1 if 
the intervals are 1/n < x < 2/n, where n is a positive integer, but that the 
theorem becomes applicable if any one interval having zero as a left end point, 
e.g.,0 S x < 1/N for any value of N, is added to the set of intervals. 


CHAPTER II 
LIMITS OF FUNCTIONS 


We are now in a position to discuss the concept of functional depend- 
ence of one real variable on another. We shall develop certain results 
on the approach of a variable to a limit which are related to the notion 
of continuous function. We then proceed to study certain conse- 
quences of the property of continuity. 

16. Function. We say that y is a function of x and write y = f(x) if, 
for each of a certain set of values of z, there is determined one, or more 
than one, value of y. We refer to the values of x considered as the range 
of the variable zx. If, for each x of the range, there is exactly one value 
of y, the function is single-valued. We call x the independent variable 
and y the dependent variable. In this chapter, the values of x and y 
will always be real numbers. 

17. Limits. We wish now to consider certain special ranges for the 
independent variable, ¢, and several other variables a, ὃ, etc., each of 
which is functionally dependent on¢. The range of ¢ will always include 
an infinite number of values, which we may consider successively. 

These values, taken in order, may change abruptly. For example, 
the values of ¢ may be: 1, 2, 3,--- or1,4,4,°--. In such cases the 
values form a discrete sequence. Or ¢ may take on in order all the 
points of an open interval — for example, increasing from 0 to 1 through 
all the intermediate values. Or ¢ may increase from 0 through all 
positive real values, or decrease from 0 through all negative real values. 
In these cases the values of ¢ form a continuous sequence. 

We write a; in place of a(t) to indicate that we are considering the 
single-valued variable a for a discrete or continuous sequence of values 
of ὁ taken in order. We say that: 


The variable a; approaches a finite limit A if beyond a certain point in tis 
succession of values the numerical value of the difference between a; and 
A becomes and stays smaller than any fixed positive quantity. 


We write in this case 
lim a; = A. (1) 


If we denote the numerical value of any real number c by |[c|, so that 
lc| = cif c = 0 and |c| = —c if ὁ < 0, the numerical value of the differ- 
24 
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ence which occurs in the definition is [4 — αἰ. We often use ε to 
indicate a positive quantity which may be taken arbitrarily small. 
With this symbolism we may restate the definition: lim a; = A if for 
any positive e, 

ΙΑ — a,| « ε, fort beyond ἐς. (2) 


Here ἐξ means some ¢ in the succession of values, usually dependent on 
the ¢ selected in the sense that the smaller ¢ we select, the further out we 
must go in the sequence of ¢ values. 

It follows at once from the definition that: 


if lim a; = A, lim (A — αι) = 0, (3) 


and conversely. 

Since the condition for approach to a limit only involves the values 
beyond a certain point in the values of ¢, which may be taken arbi- 
trarily far out, the values of ἐ which precede any fixed ¢ in the sequence, 
or the corresponding values of αι, have no effect on the limit. They may 
be arbitrarily changed, or even discarded, without affecting the limit. 
As an example, consider the discrete sequence of values of ¢, 1, 2, 3, --- 
and the corresponding sequence of values of αἱ: 


1 1 1 


which approach the limit zero. Wemay derive from this such sequences as 


111 
10, 20, 30, 55) 25; ar 


obtained by adding terms at the beginning, 
1 1 1 
obtained by omitting terms at the beginning, 


1 1 
or 4, 8, 12, Saray 
obtained by changing terms at the beginning. 

Similarly in the continuous case, if ¢ varies from 0 to 1, the limit of 
αι = ἐξ is 1, and this limit is unchanged if we consider ¢ as varying from 
~—1 to 1, 0.9 to 1, or if we use any of these ranges with a, = 2¢° for ¢ less 
than 0.99 and a; = ἐξ for ¢ greater than, or equal to, 0.99. 

If a; is a constant for all the values of ¢ under consideration, a; = k, 
we may also write 

lim a; = k, (4) 
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since all the conditions of the definition are satisfied. That is, a con- 
stant is a special case of a variable approaching a limit. Variable here 
means a quantity which may, but does not necessarily, change. 

18. Infinity. We say that: 

The variable a, becomes positively infinite if beyond a certain point in its 
succession of values the quantity a, becomes, and stays, greater than any 
fixed positive quantity. 

We write in this case 

lim a; = +. (5) 


If we indicate by N a positive quantity which may be taken arbi- 
trarily large, the definition in symbols is: lima, = + if for any 
positive N, 

a: > N, fort beyond ty. (6) 

Note that, whereas, for a finite limit, A — a; becomes small, the 
corresponding expression for an infinite limit has no meaning. Even 
if we regarded + © as a number subject to some of the arithmetic opera- 
tions, the value assigned to + «© — a; would be - which does not 
become small. Thus a; does not “ approach infinity as a limit,” but it 
is often’ convenient to read the relation (5) “limit a; equals plus infin- 
ity,” instead of making the more precise statement “‘ a; becomes posi- 
tively infinite.” 

The definition of a variable becoming negatively infinite is similar to 
the above. In this case we write: 


lim a= —©. (7) 


Or we may define this as being equivalent to lim (—a;) = +. 

19. Operations and Limits. If we perform any of the four funda- 
mental arithmetic operations on variables approaching finite limits, we 
usually obtain new variables approaching finite limits, where the limits 
are obtained by the same operations. More specifically, if 


lima; = A and lim ὃ, = B, (8) 
then it follows that: 
lim (a +b) = A+B, (9) 
lim (a; ΞΞ δι) =A— B, (10) 
lim a,b, = AB, (11) 
and, 
if B x 0 ea (12) 
; δ B 
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To prove these equations, we note first that: 


If αι and B; are two variables approaching zero and if Ὁ and q are each 
constants, or variables numerically less than some fixed quantity M, then 
pa; + 4βι approaches zero. 


For, if we select any positive quantity ε, a; and 8; will each differ from 
zero by less than e/(2M) beyond a certain stage, and thereafter we shall 
have: 


[par + ᾳβιὶ S {par + |g8:| < 2Me/(2M) = «. (13) 
To prove the four relations, we put: 
A-a=a, B-b=8. _ (14) 
Then, if p = 1, g = 1, we have: 
pa, + 4βι =A-a,+B—b,=A+B— (αι +B). (15) 


Since this approaches zero, the relation (9) follows. 
If p = 1, ¢ = —1, we have: 


Da: + GB: =A— αι — (B = δι) Ξ-Α -- Β -- (a; => δι). (16) 


Since this approaches zero, the relation (10) follows. 
To prove the relation (11), we note that 


AB — ab; = A(B — δὲ) -Ἐ δι(4Α — αι} = ABi+ ϑιαι. (17) 


But, for t beyond t’, |B — bi] «ε < 1,80 that [δ < [8] +1. Thus, 
if we start with ¢’, we may take M as the larger of |A| and [8] + 1 and 
deduce the rolation (11) from the fact that the right, and hence the left, 
member of equation (17) approaches zero. 

To prove the relation (12), we note that 


A αι Abi -- Βαι 1 Α 
Bb Bb, 5, (4 - αἡ Bb, ( t) 
1 Α 
= — -.- ---- ,. I 
δ, αι Bb, βι (18) 


But ultimately, say for ¢ beyond {}, |B — b,| « ε « |B|/2, and 
[b.| > |B]/2. Consequently, if we start with ¢’, we may take M as the 
greater of 278] and 2|/A|/|B|?, and so show that the final member of 
equation (18) approaches zero, which proves the relation (12). 

Since, as remarked at the end of section 17, a constant is a special 
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case of a variable approaching a limit, we have as a special case of the 
relations just proved, 


lim (a, +k) =A-+k, lim (και) = kA, 


: _ a@ A 

if k γέ 0, ln καὶ το 

and if B ¥ 0 fee (19) 
b, B 


By repeated application of the fundamental operations of this section, 
we may treat the case of a polynomial in any number of variables, each 
of which approaches a limit. The polynomial will approach a limit 
whose value may be obtained by replacing each variable in the poly- 
nomial by its limit. A similar result holds for the quotient of two 
polynomials unless the limit of the denominator is zero. 

20. Determinate Operations on Variables Becoming Infinite. In 
certain cases where one of our variables becomes infinite and the other 
approaches a, finite limit, the result of some of the operations on the vari- 
ables leads to a new variable whose behavior may be predicted. Thus 


if limp, = +o, lima =A, (20) 

we have: 
ine = 0, (21) 

Pt 
lim (pp + αἱ) = +o, lim (ρι -- αι) = +, (22) 
lim (a; — pr) = — Ὁ. (23) 
Also, 

if A > 0, lim ap; = + and lim = +o. (24) 


These results follow directly from the definitions. 

The correct behavior of the variable is obtained if we use the follow- 
ing operations with the symbols +o and — in calculating the 
“ limits ἢ": 

~(+e)=—0, —(-~)=+0, ($~)+A=+2, 
—— = 0. (25) 


And, 
if A > 0, A-(+o0) = +0, (26) 
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21. Indeterminate Operations. Such operations as 


ae 

Teac, (27) 
cannot be so simply treated, since, if lim p, = + and limg = +, 
the variable ρὲ — gq; may not approach any limit, may become positively 
infinite, negatively infinite, or may approach a finite limit. For example, 
as n takes on the values 1, 2, 3, - - - , all the quantities in brackets become 
positively infinite, but [n? + (—1)"n] — [n?] takes on alternately increas- 
ingly large positive and negative values, [n? + (—1)"] — [n?] is alter- 
nately 1 and —1, while lim {[n?] — [n]} = +, lim {[n] — [n?]} = --- ο, 
and lim {η + 9] -- [n]} = 3. Thus each case must be examined sepa- 


(+0) -- (+0) =? or 


rately. 
We note here that, 
if lima=A>0O, limb =0, and & > 0, 
then lim = = +o, (28) 
t 


If ὃ, does not have a fixed sign, the result may not follow, but 
if lim a, = A #0, lim ὃ, = 0, and ὃ, ~ 0, 


. [ας 
lim ib ©, (29) 
Some writers use lim a;/b; = © to indicate the last relation, and we 
shall find this notation convenient when dealing with complex quantities. 
When dealing with real numbers, we shall generally use © as an alterna- 
tive to +0. Whenever the context leaves the meaning in doubt, we 
shall use the more explicit notation. 
As additional indeterminate operations, we have: 


ἜΣ and 0. (οὐ) = ?. (30) 


That is, the quotient of two variables each approaching zero, or the 
product of two variables one of which approaches zero and the other of 
which becomes infinite, cannot be predicted in advance for all cases. 

In arithmetic, the only undefined operation is division by zero. If we 
regarded - © and —o as numbers, this would enable us to define the 
operations of the preceding section, but we should still have all the 
operations mentioned in this section as indeterminate among the unde- 
fined operations. Also, in many theorems we would have to except 
infinity. Therefore it is more convenient not to regard infinity as a 
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number and to regard it as being an exceptional situation when we can 
perform any of the arithmetic operations and so predict the behavior of 
combinations of variables becoming positively or negatively infinite. 

22. Inequalities and Limits. If a, is positive or zero for all values of ἐ 
under consideration, its limit A cannot be negative. For, from 


a20, A=-p<0, or —A=p>Q, (31) 
we deduce 
a,—-AzZp>O, sothat |A -- αὐ 2 p, (32) 


and so cannot be made arbitrarily small. 
Thus A must be positive or zero, and we have: 


If a; = 0 and lim qa; = A, ΑΞ... (88) 


Even if a; is always positive, no stronger conclusion can be drawn, since 
the limit may still be zero. 
Next suppose that 


αι δι, and lima,=A, limb; = Β. (34) 
Then we may deduce 
from a; — ὃς 2 0, 
A—Bz20O, hence A2B. (35) 


Here again, even if we have strict inequality for all values of ¢, we may 
have equality in the limit. Thus 

From inequalities in variables, we may deduce corresponding relations 
of inequality or equality for the limits. 


These remarks still apply if numerical values are involved, an 
inequality in numerical values being completely equivalent to two 
inequalities, i.e., 


|x| < bis equivalent to —-b<2z and « «ὃ. (36) 


23. Upper and Lower Limits. Although we frequently make use of 
variables which approach limits, such variables are of a very special 
nature. We shall now study certain other ways in which a variable can 
act. 

If there is no positive number M such that the values of a; will ulti- 
mately be less than M, we say that a; has the upper limit plus infinity, 
and write 


lim αἱ = +o. (37) 


Suppose that there are numbers M, positive or negative, such that the 
values of a; are ultimately all less than M. Suppose further that not 


Agr. 23] UPPER AND LOWER LIMITS 31 


every real number has this property of the numbers M. Then we may 
form a cut in the real number system by putting all numbers M into 
the class B and all other numbers into the class A. The number which 
effects the separation, Le, is called the upper limit of αι, and we write: 


lim a, = Le. (38) 

If every number has the property required of M, we say that a; has the 
upper limit minus infinity, and we write: 

lim a, = — ©. (39) 

Similarly to the above, by considering real numbers m such that the 


values of a; are ultimately all greater than m, we define the concept of 
lower limit, and the expressions: 


lima,= —, lima, = hi, lim a; = +0, (40) 

Or, we may define 
lim a, = — Ἰπη(-- αἰ). (41) 
Any number M, which ultimately ex- 
ceeds every d;, is greater than any num- 
ber m, which ultimately is less than 


every @;. Consequently, when the 
upper and lower limits are finite, 


¢ increases to tg 
Ly 3 Lz. (42) Fie. 5. 
If the equality holds, 
and if Ly = L, = A, lim a; = A. (43) 


To prove this, we note that for any positive ¢, a; is ultimately less 
than 1.2 + ε, and ultimately greater than L, — e, so that in the case 
under consideration we have, ultimately, 


A-ex<a<A+e or [4 -- αἱ « ε. (44) 
If a; has the upper limit minus infinity, every number, and in particu- 


lar every numerically large negative number, will ultimately exceed αἱ. 
It follows that 


if lim a, = — οὦ 

lima = —2 and lima = -- ὦ (45) 
Similarly, 
if lim a; = +, 

lima,= +o and lima, = + (46) 
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By reversing these arguments, we may show that if a; approaches a 
finite limit, the upper limit and the lower limit are each equal to this 
limit. If a; becomes positively infinite, a; has the upper limit plus 
infinity and the lower limit plus infinity. If a, becomes negatively 
infinite, a, has the upper limit minus infinity, and the lower limit minus 
infinity. 

Whenever the upper limit is different from the lower limit, the variable 
αι cannot approach a limit, and it is said to oscillate. 

If a first result implies a second one, we say that the first result is a 
sufficient condition for the second. Since it is also true that we cannot 
have the first result without the second, the second result is a necessary 
condition for the first. When one result not only implies but is itself 
implied by a second, we say that the first implies the second, and con- 
versely. This form of expression is familiar to the reader from ele- 
mentary geometry, where the two results were usually of equal interest. 
We might also say that the first result is a necessary and sufficient con- 
dition for the second or that the second is a necessary and sufficient 
condition for the first. In this form of statement, we generally take 
the result less interesting in itself as the condition. In these terms, we 
may restate the main result of this section as a theorem: 


A necessary and sufficient condition for a variable to approach a finite 
limit is that the upper and lower limit of the variable be finite and equal to 
one another. 


It follows from the definition of upper limit and lower limit that, 


if δι S Ct; lim by Ξ lim Ct; and lim δι S iim Ct. (47) 


This fact may be combined with the theorem just stated to prove that: 


If a; S δὲ S σε and if a; and c; approach the same limit L, then ὃ, also 
approaches the limit L. 


It follows from the assumed inequalities that 


lim a; S lim ὃ, S lim δι; (48) 
and 
lim a; < lim ὃ; S lim ο;- (49) 
But, 
since lim a, = L, lim a, = lim a = L, (50) 
and 


since lim δὲ = L, lim δι = lim σι = L. (51) 
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Thus we must have from the relations (48) and (49): 
limb, = L and limb,=L, sothat limb=L. (62) 


This proves the result stated. 

24. Greatest and Least Limits. The upper and lower limits of a 
variable a; are sometimes called the greatest and least limits, for a reason 
which we shall proceed to study. Suppose that, from the continuous or 
discrete sequence of values of ας, we have picked out some infinite, 
discrete set of values, a;, where ὦ = 1, f2,--:,¢,°°+, Such that: 

lim ὦ = lim ἐμ = lim 1, (53) 

a condition which will automatically be fulfilled if the values of ¢ form a 

discrete sequence. Let us suppose further that the subsequence α; is 
such that 

lim a= A. (54) 


Then, since we can find values of 7 arbitrarily far out in the sequence 
t, and hence by the condition (53) we can also find values which are 
arbitrarily far out in the sequence é, for which 


a;>A-—e (55) 
where ε is any positive number, it follows that any number M which 
ultimately exceeds the a, must satisfy 

M>A-e or M2A, (56) 


since ¢€ is arbitrary. Since this is true for all M, it will also be true for 
the lower bound of the M, or Le, and so: 


Lz, 2 A. (57) 
In a similar way we may show that 
Ιλ SA. (58) 


Thus, when 1 and Lz are finite, for any limit A satisfying the rela- 
tions (53) and (54), we must have: 


Ii SA Sly. (59) 


Moreover, we may obtain each of the numbers LZ, and Lz as a limit 
by using a suitable sequence. Weillustratefor Zz. From the definition 
of Lg, all the values of a; from a certain point in the sequence on are less 
than 1.5 + 1/n, while some of them are in excess of Lz — 1/n beyond 
any point. Hence, if we take a particular discrete sequence of values 
of t, {{, such that 3 
lim ¢/ = lim i, (60) 
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we may successively find values of a; such that the nth value lies beyond 
the preceding value, beyond the value of ¢, for the particular sequence 
satisfying the condition (60), and such that 


1 1 
Ig --<a;<Leo+-: (61) 
Ή n 


We shall then have 
limi = limit, and lima; = Lp. (62) 


Thus we have found a sequence approaching Ly. In the same way 
we could find a sequence approaching I. 

This shows that, when L, and Le are both finite, there are sequences 
satisfying the relations (53) and (54) and that Z, and Le are among the 
values of A obtained. The inequality (59) shows that L, and Le are 
respectively the least and greatest of these limits. 

A similar argument shows that, if [2 = +, a sequence a; can be 
found with lim a; = +, and likewise for the other infinite cases. 

When 1.» = — ©, all sequences a; are such that lim a; = — ~, while 
if 1 = +, the relation A Ξ Le is satisfied in the sense that any 
finite number is < +o. 

In this discussion, the number Le was ordinarily found by a cut and 
was replaced by - when the right-hand class was empty. Some of 
the operations with + ©, such as the inequality just mentioned and 
those defined in section 20 are consistent with the interpretation of + © 
as corresponding to a cut with the right-hand class empty. 

25. Sequence Definition of Limit. The fact that LZ, and Le are the 
greatest and least limits obtained from discrete sequences, combined 
with the condition for approach to a limit which we obtained in section 
23, leads to another interpretation of a variable approaching a finite 
limit. For, if every discrete sequence a; such that lim? = limz ap- 
proaches the same limit L, the greatest and least such limits LZ; and Le 
must each equal L, and the variable approaches the limit LZ. Con- 
versely, when a variable approaches a limit LD, since the greatest and 
least limits obtained from such a sequence a; each equal LD, the same is 
true of every discrete sequence obtained from it with limz = limé. 
Hence every such sequence approaches the same limit ἢ. This leads to 
an alternative definition of approach to a limit, in terms of limit of a 
discrete sequence: 

The variable a; approaches a finite limit A, if for every discrete set of 
values of t, 1 = tn, such that lim ὁ = lim ¢, we have lim a; = A. 


A similar statement reduces the definitions of lim a; = + οὐ, lima = 
-- οὐ to the corresponding situations for discrete sequences. 
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For a discrete sequence, we may define 


The variable a, approaches a finite limit A, if there are at most a finite 
number of values of n for which 


|A = ἀμ] » ε, (68) 
for any arbitrary positive number ε. 


A similar definition may be made of lim a, = -᾿ ©, where the inequal- 
ity satisfied by at most a finite number of values is a, < M, for any 
positive number M. We may also frame a definition of this type for 
lim ad, = — ©. 

These definitions are taken as fundamental by some writers, who 
dislike the reference to time in the other definitions. It is useful for the 
student to appreciate both definitions of limit, as some arguments seem 
clearer with one and some with the other point of view. 

26. The Cauchy Convergence Criterion. By using the upper and 
lower limits we may establish a second condition for a variable to 
approach a finite limit, known as the Cauchy convergence criterion. 
The theorem is: 


A necessary and sufficient condition for a variable a; to approach a finite 
limit is that for any positive quantity ἡ, there 1s some point in the sequence 
of values of t, tp, such that the difference of any two values of α,, each with t 
beyond t,, 1s numerically less than ἡ. 


In symbols, the condition is that for any positive 7, 
la, — αυἱ <n, if u,v follow ἔῃ in the sequence. (64) 


To show that the condition is necessary, we assume that a; approaches 
a finite imit A. Then 


ΙΑ — αἰ < δ᾽ if ὁ follows fp in the sequence, (65) 


from the definition of a limit, where tp is ἐξ for ε = η(2. 
In consequence of this, if w and v are any two values which follow ἐρ, 
we may write: 


ΙΑ — a, <> and |A — αἱ <> (66) 


Hence 
la, — αὐ] = |(a, -- A) — (a, — ΑἹ] <2. (67) 


Thus we may satisfy the condition of the theorem by taking ἐη = fp. 
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To show that the condition is sufficient, we start by assuming that 
the relation (64) holds. We keep ἡ and wu fixed and let υ take on any 
value beyond u. Then, for any such », | 


la, — αυἱ “ ἡ, Or ἂς —-n<a,<a,+7. (68) 


Thus, in the sense of section 23, a, — 7 is a possible value of m and 
ας + ἡ is a possible value of ΗΠ. Consequently, the upper and lower 
limits of a; are both finite, and 


αι, -- ἡ Ξ χὰ ἴω Ξ αἰ τ-ἴ ἡ. (69) 
From this it follows that 
0s 1. -- [ἡ S 21, (70) 


and, since ἡ is arbitrary, we must have L, = Le, and a limit is therefore 
approached. 

27. Monotonic Variables. A variable a; is increasing if each value is 
greater than any preceding value. If each value is merely greater than, 
or equal to, any preceding value, the variable is said to be monotonically 
increasing or never-decreasing. The behavior of a monotonically 
increasing variable is of a simpler nature than that of the unrestricted 
variable discussed in section 23. We shall show that: 

A never-decreasing variable, and in particular an increasing variable, 
either approaches a finite limit or becomes positively infinite, according as 
its values have, or have not, a finite upper bound. 

If the values of the variable a; have no finite upper bound, any fixed 
positive number N will ultimately be exceeded by some a;. But, since 
the a; never decrease, all the a; beyond this point will also exceed N. 
Hence, in this case we have 


lim αι = +0, (71) 


If the values of the variable a; admit a finite upper bound M, a; will 
have a finite upper limit L2. Hence, for any positive number e, we have 
a: < Lo+e, for all t beyond a certain ¢’, (72) 

and 
αι > Ly — εἰ for some t’’ beyond this ¢’, (73) 


since both of these relations are consequences of the definition of an 
upper limit. 
But, since the a; never decrease, 


αι > Lz -- εἰ for all ὁ beyond t” (74) 
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so that, in view of the relation (72), 
[1 — αὐ « ε, for all ¢ beyond t’”’. (75) 


As e was arbitrary, we may take t’’ as the ἐς in the original definition 
of a limit and conclude that a; approaches the limit Lo. 

In a similar manner, or by considering —a;, we may define what is 
meant by a monotonically decreasing, or never-increasing, variable, 
and prove that: 


A never-increasing variable, and in particular a decreasing variable, 
either approaches a finite limit or becomes negatively infinite, according as 
its values have, or have not, a finite lower bound. 


28. Nested Intervals. Frequently we locate a point with desired 
properties by using a sequence of intervals, each of which 15 contained 
in the preceding. We made use of this process in section 12. Condi- 
tions under which this process leads to a unique point are given by the 
following theorem: 


If a discrete, infinite sequence of closed intervals an,b, is such that each 
includes the following, and the length of the nth interval approaches zero as 
we go out in the sequence, there 1s one, and only one, point which 18 a point 
of every one of the closed intervals. 


Since the nth interval includes the (n + 1)st, we have 
On S Anyi < On41 S dn. (76) 


Thus the left-hand end points, a,, form a monotonically increasing 
sequence, with an upper bound ὃ:, and so approach a limit A. Simi- 
larly the right-hand end points, b,, form a monotonically decreasing 
sequence, with a lower bound ay, and so approach a limit B. Also, 
from repeated application of the inequality (76), we find: 


an - Anim ς On+tm - bn. (77) 
If we keep n fixed in this and let m increase, we may deduce from it that 
Qn SASBS dn, (78) 

and hence 
0S B—A S bn -- Qa. (79) 


But, since the limit of the right member is zero, this shows that 
B-—A=0,orB=A. This gives a point which is in all of the inter- 
vals because of the inequality (78). 

That this is the only point in all of the intervals may be shown by 
assuming that C is in all the intervals. Then: 


an SC S dn, | (80) 
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and from this, on taking the limits, 
ΑΞΟΞΒ, or C=A, since B= A. (81) 


If we take one point from each of the intervals, cn, these points will 
approach the point A asa limit. For, since 


Qn Stn S bn, and B=A, (82) 


it follows that lim c, = A, by the last theorem of section 23. 

29. Functions on Closed Intervals. The definition of a function 
already given — y is a function of z on a range if, for every value of x 
in the range, one or more values of y.are determined — puts little 
restriction on the values of x or y. Thus, if y = 1 or —1 when z = 0 
and if y equals any real number whatever when x = 1, we have a func- 
tion defined for the range consisting of the two values 0 and 1. It is 
two-valued at 0 and infinitely many-valued at 1. 

Let us restrict our attention to functions defined for all the values of 7 
in some closed interval, a S$ x S ὃ, and single-valued for these values 
of x. The requirement that the function be single-valued is not al- 
ways a natural one from the standpoint of geometric applications, but 
may usually be met by suitable conventions. Thus, the equation 
x? + y* = 1 must be thought of as defining two single-valued functions 
in the interval -- 1,1, namely, 


y= +V1l—2? and y= -ν1 -- 2’. (83) 


As an additional example of a single-valued function on an interval, 
we may put 
y = 1 for z rational and 0 < z <1, 
y = 0 for z irrational and 0 < x < 1. (84) 


A simpler example is given by 
y=2, 0OS28H, and y=1l—z, $8281. (85) 


Again, y = x” defines y as a function of x. This last function — 
like the two defined by equation (83) and the one defined by (85), and, 
in fact, like most of the functions met in elementary mathematics — 
have graphs which can be drawn without lifting our pencil from the 
paper. We proceed to give a more precise definition of this property. 

30. Continuity. If y = f(z) is a single-valued function of x defined 
for all x in the closed interval a,b, i.e., a S x S ὃ, and x is a value of x 
in this interval, by 

lim f(z) = 4, (86) 
t—?Lo 
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we mean that, for any positive e, there exists a second positive quantity 
δι, such that 


ΙΑ —f(x)| <e forallz γέ 2, such that |x — σοί <6,. (87) 


We read x — 2p as “x tends to 2,” or “x ap- 
proaches 2o,’”’ and shall sometimes use the notation 
χ — Xp by itself. 

If we wish to consider only values of x greater 
than στο, we write 

lim f(z) =A, (88) 
L—>Xy + 
; αὐτδὲ ἀρ αγὲδ, 
to mean that, for any positive ε, there exists a — 
second positive quantity ὃς, such that ΒΝ 


ΙΑ -- f(x)| « ε forall x > 29, such that x — x < δε. (89) 


This is a limit on the right. 
Similarly we may denote a limit on the left by 


lim f(z) =A, (90) 
“--».9-- 
meaning that, for any positive ε, there exists a second positive quantity 
6., such that 


ΙΑ — 7(4}} «ε forall.a <2, such thatz—2r< 6, (91) 


If the function approaches a limit A at zo in the sense of equation (86), 
both the right-hand limit given by equation (88) and the left-hand limit 
given by equation (90) exist and equal A. Conversely, if both these 
last limits exist and are equal, the limit exists in the first sense. 

The limit on the right is analogous to our earlier definition for a 
continuous sequence, x here decreasing from ὃ to 2, the range being 
open at the left as the number 2p itself is excluded. This suggests that 


we define 
lim f(z) = + (92) 
ρας + 


to mean that, for any positive N, there exists a second positive quantity 
dy, such that 
f(x) > N, forall2> 2, such that 2 — 29 < dy. (93) 


The definitions of 
lim f(z) =+o and limf(r) = + (94) 
Z—Pty 


--».19-- 


are quite similar, and we do not bother to state them explicitly. 
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The corresponding relations for — © are also defined in an entirely 
similar manner. 

The Cauchy convergence criterion for a function approaching a limit 
may be formulated as follows: 


A necessary and sufficient condition for the existence of a finite limit for 
f(x) as x —> Xo is that, for any positive number e, there exists a correspond- 
ing positive number ὃς such that |f(x’) — f(x’’)| < «, for any two values of 
x distinct from x9 and such that |x’ —  χο! S δε and |x’’ — xo| S δε. 


The necessity of the condition, where z’ and z”’ are on either the 
same or opposite sides of xo, is proved exactly as in section 26. For the 
sufficiency, we note that, if the condition holds for x’ and x’’ when both 
are to the right of zo, the limit on the right exists by the theorem of 
section 26. Call this limit B. Similarly the limit on the left exists by 
the same theorem. Call it A. Then, since |f(z’) — f(2’’)| « ε, for 
all x’ and x’ such that 


|x’ — χορ <6, and [1΄ — a| < δ. (95) 


we may take x’ on the left and z’’ on the right and let them each approach 
zo. We thus deduce that 


ΙΑ — B] Se, andhence B= A, (96) 


since ¢ is arbitrary. Thus the limit exists, as the right- and left-hand 
limits exist and are equal. 

We may now define continuity in terms of the notion of limit of a 
function. A function, defined as having a finite value, (zo), for a value 
ro, is said to be continuous at the point x if 


amy (x) = f(%o). (97) 


A function, defined and finite at each point of the closed interval 
a <x <b is continuous throughout the closed interval a,b if the relation 
(97) holds at all interior points of the interval and at the end points: 


am (x) = f(a), jim J@) = f(0). (98) 


Using the convergence criterion just established, and the definition of 
continuity just given, we may show that: 


A necessary and sufficient condition for f(x) to be continuous at the 
point xo is that, for any positive number ε, there exists a corresponding 
positive number ὃς, such that |f (x’) — f(x’’)| « ε, for any two values of x 
such that |x’ — το! S δ. and |x’! — xo| Ξ δε: 
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In this condition we have not excluded 2p itself as a possible value of 
z’ and z’’. In this respect the situation differs from our previous 
definitions and results concerning limits, which were all independent of 
the value at the place approached. 

31. Bounded Functions, Oscillations. Let the function y = f(x) be 
defined on the interval a,b which may be open or closed. The function 
is said to be bounded on this interval, if the corresponding values of 
f(x) all lie on some finite intervale < y < d. By the theorems of section 
10, these values of y have a least upper bound M and a greatest lower 
bound m. The difference M — m is called the oscillation of the func- 
tion in the interval. 

If, for any fixed number c, there are values of Ζ in the interval a,b 
for which f(z) < c, the function has no lower bound. We indicate this 
by writing m = ~—o, Similarly, if for any fixed number d, there are 
values of z in the interval a,b for which f(x) > d, the function has no 
upper bound. In this case we write M = +o. In either of these 
cases the function is said to be unbounded, and we say that the oscilla- 
tion of the function is infinite. This is natural since, for m = —, 
M finite; m finite, M = +0; orm= —0, M = +0, M — misan 
operation of the type described in section 20, and M — m = +o. 

Let x’ and x” be any two points of the interval a,b. Then 


msf(x') ΞΜ and m<f(z"’) <M. (99) 
From this it follows that: 
If(e’) -- f(2’")| Ξ M — m. (100) 


Again, suppose that for all pairs of points x’ and σ΄" in the interval 
a,b we have 


f(x’) — f(e”)| Sk. (101) 

Then 
f(2") —kSf(e’) sfc") +k. (102) 
Thus, if we keep x’’ fixed and vary x’, we see that f(x) is bounded on the 


interval and so has both bounds, M and m, finite. But, as M is a least 
upper bound, for any positive e, there is some x’ in the interval for which 


fic) > M —e. (103) 
Similarly, since m is a greatest lower bound, for some x”, 
Core wr (104) 


It follows that 
M — m — 2 < f(x’) — f(x"’) Sk, (105) 
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and, since ε is arbitrary, 
M—msk. (106) 


The inequalities (100) and (106) show that a restriction on the size of 
[f(a’) — f(x’’)| leads to a restriction on the oscillation and conversely. 
Consequently, we may formulate as an alternative to the condition for 
continuity given at the end of the last section: 


A necessary and sufficient condition for f(x) to be continuous at Xo 18 that, 
for any positive number ε, there exists a corresponding positive number ὃς 
such that the oscillation of f(x) in the interval |x — xo| S ὃς is less thane. 


32. Uniform Continuity. Let f(z) be continuous at all points of an 
open interval. Then, for each point 2 of the interval and any positive 
ε, we may find a ὃ such that the oscillation of the function in the interval 
|a — 2| < 6 is less than e, in accordance with the theorem just proved. 
The possible values of ὃ will usually depend on ε and 2%. We may indi- 
cate this by writing 5(e,79). This is an infinitely many-valued function 
of the two variables, since if we have any value, any smaller positive 
number will also serve. It may not be possible to find any value of 6 
which will serve for a given ¢ for all xo of the open interval. Thus, if 
f(x) = 1/z and the interval is 0 < x < 1, the function is continuous at 
all points of the interval. However, the oscillation of f(z) for the 
interval 0 < x < 2 is infinite. Hence for any e, the value of δίε,20) 
cannot be as large as 2. Thus for a particular e, no one value of ὃ will 
serve for all x. For, no matter what δὶ we attempt to use, there are 
values of Zo in the interval 0 < 2 < 1 with x < 64. 

On the other hand, if f(a) = 2x, 0 < x < 1, we may take any value 
less than ¢/4 as a 5(e,2%9) for all xp in the interval 0,1. If, as in this case, 
a value of ὃ may be found for any e,which does not depend on 2p, the 
continuity is said to be wniform with respect to x for the range under 
consideration. 

If f(x) is continuous at all points of the closed interval a,b the rela- 
tions (98) hold at the end points. It is easy to deduce from these one- 
sided relations results similar to those of sections 30 and 31. In particu- 
lar, for any ¢ there exists a δὲ such that the oscillation of f(z) in the 
interval aS x Ξ α -᾿ ὃς is less than e. Similarly, there exists a δὲ 
such that the oscillation of f(x) in the interval ὃ — ὃς S x S ὃ is less 
than ε. 

We shall now prove that: 


A function, y = f(x), continuous at all points of the closed interval 
asx Ξ ὃ, is uniformly continuous in that interval. 
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By the theorem of section 31, for any positive number 7, each interior 
point of the interval a S x S bisin some closed interval το — δ S$ 2S 
ἀρ + 59, in which the oscillation is less than 7. And, as just pointed 
out, the ends a and ὃ are end points of intervals in which the oscillation 
is less than 7. Hence, by the form of the Heine-Borel covering theorem 
mentioned in the remark at the end of section 11, a finite number of 
intervals can be selected from these which cover the closed interval a,b. 
Let all the end points p; of these covering intervals be marked, and con- 
sider all the distances between two distinct end points, corresponding to 
the same or different intervals. As these distances are finite in number, 
there is a least such distance, say 6,,. Now consider any interval J of 
width less than 6,,, consisting entirely of points of the closed interval 
a,b. Such an interval can include at most one end point of the covering 
intervals, say p;. Then, if x’ and x’ are any two points of J, since 2’ 
and p, are in the same covering interval, | 


f(a") — f(pi)| « η, (107) 
and similarly 
f(r) —f@™)| « η. (108) 
Thus 
f(z") — f(a") < 2η, (109) 
and, by the inequality (106), 
M — m S 2n. (110) 


Thus for any given positive quantity e, we may take ἡ < ¢/2, and 
by the above process find a 5,, and hence a 49, 0 < 59 < 5», such that 
the oscillation of f(x) in any interval of length at most 89 is less than ε. 
In particular, we may use this 59 as a 6(e,79) for all x9 of the closed 
interval a,b. This establishes the uniform continuity. 

33. Maximum and Minimum of a Continuous Function. <A function 
continuous at all points of an open interval need not be bounded, as the 
example y = 1/z, 0 < x < 1, discussed in the preceding section, shows. 
However, 

A function, continuous at all points of a closed interval, is bounded on 
that anterval. 


We prove this by noting that, since the function is uniformly con- 
tinuous we may find a ὃ such that the oscillation of f(x) in any interval 
of width less than ὃ is less than e. We take e = 1 and select N so large 
that 1/N « ὃ. We then divide the interval a,b into N equal parts, by 
points 

a= po <Pi<-+-- < py < py = ὃ. (111) 
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Then, from the choice of 6 and N, we have 


If (pina) — S(ps)| < 1, (112) 
and for any x and the greatest p; less than x, we have: 
f(z) — f(pi)| «1. (113) 
It follows from the relations (112) and (113) that: 
f(z) -- f@)| « Ν, (114) 
or 
f(a) —-N «1(4) <f@+N, (115) 


for all x in the closed interval. Thus the function is bounded in that 
interval. ; 

A bounded function on an interval always has a least upper bound ΗΝ 
and a greatest lower bound m, as shown in section 31. However, for a 
discontinuous function, there may not be any values of x in a closed inter- 
val where these bounds are taken on. Thus, if f(z) is 1 at 0 and 1, 
and 2x for 0 < x «1, the function is defined for the closed interval 
0<2zs1. For this interval M = 2 and m = 0, but these values do 
not correspond to any values of x in the closed interval. 

The same situation may arise for a function which is continuous in an 
open interval, as the example f(x) = 2x for 0 < x < 1 shows, since the 
values of M = 2 and m = 0 do not correspond to any values of x in the 
open interval. 

However, for a function which is continuous on a closed interval, the 
case is different. In fact, since the least upper bound of a function on 
an interval, M, is the least upper bound of the values of f(x), by section 
10, it is either one of these values or a limit point of these values. In the 
first case, there is a value 2p such that 


f(%o) = M, (116) 


and the upper bound is taken on. 
In the second case, we can find an infinite discrete sequence of points 
x; such that 


lim f(z;) = M. (117) 


Since the points x; are infinite in number and on a finite interval, they 
have at least one limit point x. Let 2; be any subset of the x;— 
renumbered if necessary —- approaching 2p as a limit as 7 increases. 
Then 

limz; = 2% and lim/f(z;) = M. (118) 
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So far, the argument has not made any reference either to the con- 
tinuity of the function or to the fact that the interva! was closed. In 
fact, in both examples of bounded functions given above, we can find a 
set of values approaching a limit value (any set of values approaching 1) 
so that the limit of the values of f(z) on these values is M (here 2). 

However, let us return to the case of a function continuous on a closed 
interval. Since the interval is closed and all the zx; belong to it, so 
does the limiting value zp. Again, since the function is continuous at 29, 


amy (x) = f(xo), (119) 


or the corresponding one-sided relation if zp is an end point. 
From the relations (118) and (119), we have 


f(zo) = M, (120) 


and the least upper bound is taken on. 

When the least upper bound is taken on, it is a value of the function 
greater than, or equal to, all other values, and is called a maximum. 
Similarly, when the greatest lower bound is taken on, it is called a 
minimum. By reasoning as above, or by considering the function 
~—f(x), we may deduce results for lower bounds similar to those just 
proved for upper bounds. This leads to the theorem: 


A function, continuous at all points of a closed interval, takes on its 
maximum value at least once at some point of the interval and also takes on 
its minimum value at least once at some point of the interval. 


34. Intermediate Values. If a function is continuous throughout 
the closed interval a,b and is positive at one end, say f(a) > 0, and nega- 
tive at the other end of the interval, f(b) « 0, then we must have 
f(z) = 0 at some point z of the open interval a,b. For, consider the 
points x’ such that 


f@)>0, agar, (121) 
and denote their least upper bound by 2. Then every interval I;,, 


including zo as an interior point has a point x; to the left of zo, for which 
f(z) > 0. Hence for a sequence of J; with lengths decreasing to zero, 


f(@o) = lim f(z;) 2 0. (122) 


But every interval J; also has a point x; such that x; 2 2, for which 
f(x) S$ 0. Hence 


f(@o) = lim f(x;) Ξ 0. (123) 
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It follows from the relations (122) and (123) that 
f(%o) = 0, (124) 


which proves our contention. 
We may readily extend this to a general intermediate value property: 


A function, continuous at all points of a closed interval, a S x S ὃ, 
takes on every value between f(a) and f(b) at some point of the interval 
between a and b. 


If, for example, h is an intermediate value and f(a) is less than f(b), 
so that: 
f(a) <h <f(6), (125) 
the function 
F(z) =h -- f(z) (126) 


is positive at a and negative at ὃ, so that at some point 29 between a and 
bitis zero. Thus 


0 = F(%) =h—f(xo), and f(x) ΞΞ ἢ, (127) 


as we set out to prove. 

The intermediate value may be taken on several times, or even an 
infinite number of times. The method of proof shows that there is a 
smallest value of zp on the interval. A similar argument would show 
that there is a greatest value of zo on the interval. 

35. Functions of Several Variables. Many of the definitions and 
theorems of this chapter may be extended to functions of more than one 
variable. If we have k variables and use the geometric language of 
section 15, our set of k independent variables may be referred to as a 
point in k dimensions, X = (x, to, °°: , tr). 

Thus, we say that y is a single-valued function of k variables and 
write y = f(x, 2, -*:+, 2) if there is one value of y associated with 
each X, or set of values of the x; in the range under consideration. When 
the number of variables is implied by the context, we write y = f(x;) or 
y = f(X). 

Let the function be defined in a k-dimensional interval including A = 
(αι, Ge, ++, ἀκ) a8 an interior point. Let Xn = (μι, tno, °° * , Unk) 
be a discrete sequence of points such that: 


lim 2n1 = αι, lim nq = ὅ5,. 5, lim ἀμ = ag. (128) 


We briefly describe this situation by saying that the points Χ, ap- 
proach the point A as a limit, and we write 


lim X, = A, (129) 
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as an abbreviation for the relations (128). Then, from some n on, all 
the points X,, will be in the interval in which the function is defined. 

The function y = f(X) ts continuous at A, if lim f(X,) = f(A) for 
every discrete sequence X»y, such that X, — A. 

This definition is analogous to that given in section 25. 

An equivalent definition is: 

The function y = f(X) ts continuous at A if for every positive number ε 
there 18 a corresponding positive number ὃ, such that 


f(A) -f(®) <6 yf [χἱ-- αἱ <6, 71=1, 2,---, kb. (180) 


To see the equivalence, we note that, if the second definition holds, for 
any sequence X, such that X,-— A, from some n on, we shall have 
[tar — a,| < ὃς, for all the 7, so that for this sequence |f(A) — f(X)| <e 
from a certain point on. Hence lim f(X,) = f(A). 

On the other hand, suppose the second definition failed to hold for a 
limit A. Then for some e, we should have |f(A) — f(X)| 2 «, for some 
X with |x; — αι] « 1/n, for all values of n. Let X1 be one such point 
for n = 1, and take ne such that 1/ng is less than the largest value of 
σις — αἰ. Let Χο be one point for ng for which |f(A) — f(X)| Ze, 
and repeat the process successively to form a sequence X;, Xo,°--. 

Then, we have 


lim X, =A, and {|f(A) —f(Xa)| Σ ε, (131) 


so that we cannot have lim f(X,) = f(A). Thus the first definition also 
fails to hold for this A. 

Since the first definition cannot apply when the second one fails to 
apply, if the first definition applies, the second does also. Thus each 
definition implies the other, and the two are equivalent. 

The two definitions apply as they stand to interior points A of any 
open region of definition of the function. If the region of definition of 
the function includes boundary points B, which are at the same time 
limit points of sequences of points of the region, and also of some 
sequences of points not belonging to the region, the definitions do not 
directly apply to such points. In considering such boundary points, 
we modify the definition by considering only points X, or X which 
either belong to the interior of the region or are boundary points. 

If we consider the 6, of the second definition for different points A, it 
will presumably be necessary to select different ὃ for different points A, 
and, for some regions of definition, it may not be possible to find any 6 
which will serve for a given ε for all the points of the region. 

However, for a closed region, that is, one which includes all its limit 
points, and hence all the boundary points, we may prove that a ὃ may be 


48 LIMITS OF FUNCTIONS [(Cuap. IT 


selected independent of A. The proof is similar to that for one dimen- 
sion, where the k-dimensional Heine-Borel theorem is used in place of 
that for one dimension. That is: 

A function of k variables, continuous in a closed k-dimensional region, 
as uniformly continuous in that region. 


From this we may deduce that such a function is bounded and takes on 
tts maximum and minimum values in the region. 

There is no simple extension of the intermediate value property to 
more than one dimension. 

It follows from either definition of continuity that a function of 
k = m+n variables, continuous in all the k variables as a set, becomes 
a continuous function of the n remaining variables if m of the variables 
are kept fixed. In particular, if all except one of the variables are kept 
fixed, the function is a continuous function of the remaining variable. 
Thus, 

A continuous function of k variables is continuous in each of the vari- 
ables, considered one at a time. 


The converse of this is not true. Thus f(x,y) = 2zry/(x? + y”), for 
(x,y) ¥ (0,0) and f(0,0) = 0, is continuous in x for each value of y 
and continuous in y for each value of x, but, since the function equals 1 
for ὦ = y, we may find points arbitrarily close to (0,0) for whichf(z,y) — 
f{(0,0) = 1, and so the function is not continuous in the two variables 
at (0,0). 

A second interesting example is f(x,y) = 2ry?/(x? + y*), for (x,y) τέ 
(0,0) and f(0,0) = 0. This function is zero on the z-axis and also on the 
y-axis, and on any oblique straight line through the origin, y = ma, 
f(z,y) = 2m?x/(1 + m*z%). Thus the function approaches zero as we 
approach the origin on any straight line through it. However, the func- 
tion is not continuous at (0,0), as we see by approaching the origin along 
the parabola x = y”, for which f(z,y) = 1. This illustrates the diffi- 
culty of using the definition of continuity in terms of sequences as a test, 
since we must examine all possible sequences. 

36. Composite Functions. Let y = f(x) be a single-valued function 
of x, continuous at x = a, and let f(a) = ὃ. Again, let wu = g(y) bea 
single-valued function of y, continuous at y = 6. Then we have: 


lim glf(@)] = lim g(y) = (0) = olf(@)). (132) 
Thus u(x) = glf(z)] | (133) 


is continuous ata. That is, 
A continuous function of a continuous function is continuous. 
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This remains true, regardless of the number of variables. That is, if 
ψι = fi(%1, 22, °** , Ym) 18. continuous at 2; = a;,j7 = 1, 2, τ, m; for 
i=1,2,---,nandf;,(a;) = b;; whileu = g(y1, yo,- ++, Yn) 15 continu- 
ous at y; = b;; then wu is a continuous function of the m variables z; 
at x; = α;. 

37. Inverse Functions. Consider the equation y = f(x), where f(x) 
is a single-valued continuous function of x and, for some interval 
a <2 3}, is increasing with zx. That is, for any two values of z in the 
interval, x; and 22, 


f(zz2) > f(@1) if a>. (134) 
Then, in the interval on the y-axis, 
f(a) Sy Sf(0), (135) 
the relation between xz and y defines x as a function of y, 
z= f(y), (136) 


which is also single-valued, continuous, and increasing. 
We first note that if y; is any value satisfying the relation (135), by 
the intermediate value property of section 34, there is some x; such that 


Ξε [}(π|) and α Ξ τι b. (137) 
There cannot be two such values, since y increases with x. We put 


=f (y,), thus defining the function f~'(y). This function is 
increasing, since by the relation (134), 


if 2 = 72, σι = Y2.- (138) 
Consequently, 
if γι < Ye, σι “ας or Γι) «Γ᾽ (ye). (139) 


Since the values of z all lie between a and ὃ, they are bounded, and, 

by the theorem of section 27, 
lim f'(y) and lim f ly) (140) 
yoru yt 

each exists as the limit of a bounded monotonic variable. 

Let the first limit be c and the second d. Then, since y = f(z) corre- 
sponds to z = f~'(y), and since in the last relation x > c— as y > y1— 
we have in consequence of the continuity of the function f(z): 


yi = lim y = lim f(z) =f(e). (141) 
yr" — we — 
Similarly, 
yi = lim y = lim f(r) =f(d). (142) 
yout z—>d+ 


50 LIMITS OF FUNCTIONS [Caap. 1] 


This shows that f(c) = f(d) = y:1 = f(21), so that, from the relation 
(134), we must havec = d= 2. Thus | 
lim f(y) = lim ΓΤ) =m =f"), (143) 
yr yt 

which shows that the function f—!(y) is continuous at y1. 

The function z = f—'(y) is called the inverse of the function y = f(x), 
and we have Just proved that: 

An equation y = f(x), in any interval in which the function f(x) is 
continuous and increasing, defines a single-valued inverse function, 
: =f 1(y) which is also continuous and increasing. 


38. Implicit Functions. Let y and x be connected by an equation 
f(z,y) = 0. If this equation defines y as a function of x which would be 
written explicitly as y = F(x), then the function F(x) is said to be 
defined implicitly by f(z,y) = 0. Thus, in the preceding section we 
proved that for a certain type of function f(x), the equation y = f(z) 
implicitly defines an inverse function, which we may write explicitly as 
z =f (y). A more general theorem on the existence of implicit 
functions is the following: 


Hypothesis: a) The function f(x,y) 1s a continuous function of the two 
variables x and y in some two-dimensional region, R, including the point 
(x9,Yo) as an interior point. 

b) At a particular point (xo,Yo), f(XoxYo) = 0. 

6) For each fixed x = x, in the interval a S x S band for y a variable 
in the interval c S y S d, the function f(x1,y) is an increasing function of 
y. Herea,b;c,d is some particular two-dimensional interval I lying entirely 
in the region R and including the point (xo,yo) as an interior povnt. 

Conclusion: a) There is a function y = F(x), defined in some interval 


—-hsSxsuth, (144) 


for which yo = F (29), and f[z,F (x)| 1s identically zero. 

b) The function y = F(x) ts continuous at all points of the interval 
(144). 

c) The function F(x) is uniquely defined in the sense that, for values of x 
such that z,F,(x) and x,F2(x) each lie in the interval I, any two functions 
F(x) and F2(x) satisfying the conditions in (a) of the conclusion must 
be equal. 

To prove this theorem, we begin by observing that f(zo,y) is an 
increasing function of y, so that, 


since c<yo<d, and f(x,yo) = 0, (145) 
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we must have: 
S(zo,c) =fi 40 and f(xo,d) = fe > 0. (146) 


We next consider f(z,c) as a function of z, continuous at 7. We may 
find a δι, taking e = —f,/2 such that, 


Πα τ τ] «ὃ, fee) —Seoe) <2 (147) 
which implies that 
Fase) = Lflae) -- flzoel + fee) <2 <0. (148) 
Similarly, we may find a de, such that, 
if |x — χοί < de, f(x,d) >2 > 0. 


We now take any positive number less than 6; and de, x) — a and 
ὃ — χο as the h which defines the interval 


to -hsxsSath. (149) 


Then, for any fixed x = 2; in the interval (149), we have f(21,y) a 
continuous function of y which is negative at y = c, and positive for 
y=d. Hence by the intermediate value 
property it is zero for some value of y, say 
yi, between c and d. Moreover, by part (c) 
of the hypothesis, f(z1,y) cannot take the 
same value for two distinct values of y, so 
that the value of y; is uniquely determined. 

When applied to 2, the process used to 
obtain y leads to yo, by part (b) of the hy- Fr 

G. 7. 
pothesis. 

Thus there is a function y,; = F(%), or y = F(z), defined in the 
interval (149), for which yo = F(xo) and f(21,y1) or f[z,F(x)] = 0, so 
that part (a) of the conclusion is established. 

To prove the continuity of y = F(x) at any point 2’ of the interval 
(149), suppose that 


lim F(z) = ἴῷ and lim F(z) = Ih. (150) 


Since all the values of y or F(x) lie in the closed interval c,d, the limits 


EL, and Lz also lie in this interval, and both are finite. Next select any 
infinite discrete sequence of points z; distinct from az’, in the interval 
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(149) such that 
limz;= 2’ and lim F(z;) = Lx, (151) 
by the method used in section 24. 
Now consider f[z;,F (z;)]. From the way in which F(z) was obtained, 
this is zero for all zx; But f(x,y) is continuous at the point (xr’,L2) 


which belongs to the two-dimensional interval J, or a,b;c,d. Conse- 
quently we have: 


f(x’, Le) = lim f[z;,F (x;)] = 0. (152) 
But 75} F(x’)]} =0, - (153) 


and since F(x’) and Lz each lie in the interval c,d in which f(z’,y) is 
increasing, we must have 


La = F(z’). (154) 
In the same way we may show that 
Ly = F(z’), (155) 
and it follows from the equality of Z, and Le that 
lim F(a) = F(z’), (156) 


so that we have proved part (b) of the conclusion. 

Finally, part (c) follows from the fact that, if [z’,F,(x’)] and 
(x’ ,Fo(x’)] each lie in 1, then F(x’) and F(x’) each lie in the interval 
c,d in which f(x’,y) is increasing, so that 


fix’,Fi(x’)] = flz’,Fo(x’)} implies Fy(z’) = ᾿ς"). (157) 


This completes the proof of the theorem. 

A similar theorem may be formulated for an implicit function of k vari- 
ables, y = F(a, x2,---, 2%) defined by a relation f(y, 71, 2, °+-,2%%) = 
Ὁ for values of X = (21, 2, --*, 1) near Xo = (%1, Zoo, °°, Lok) 
where f(y,X) is continuous in the set of k-+ 1 variables in some 
(k + 1)-dimensional region including the point y,X as an interior point, 
f(yo,Xo) = 0 and in some (k + 1)-dimensional interval, for y,X the 
function f(y,X) for fixed X is an increasing function of y. The conclu- 
sion is that, in some k-dimensional interval including Xo as an interior 
point, an implicit function y = F(X) for which yo = F(Xo) is defined 
in a unique way and that the implicit function is continuous in its set of 
k, variables. 

The proof is similar to that just given for k = 1. 

The theorems still apply if we replace increasing by decreasing through- 
out. 
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EXERCISES II 


1. Prove that, as πὶ — +, lim 1 /n = 0, and find a value of N such that for 
n > N, the variable differs from its limit by less than 0.001. 

2. Prove that, as n— +, lim (1 + 2.5) = 1, and find a value of N such 
that for n > N, the variable differs from its limit by less than 0.01. 

3. Prove that, as n —> +0, lim 3" = +, and find a value of N such that, 
for n > N, the variable exceeds 1,000. 

4, Prove directly from the definition that, if lim a; = +0 and limb, = +0 
and if s = a - δὲ and p; = ab, lim 8, = +0, lim p, = +0, and 
lim δὲ [De = 0. 

δ. Find the limit, as n — +, of each of the following: 


2 3 
n° + 2n+ 4 (b) 3n + 2n | (c) : 2n 
3n* + 4n+ 1 


mnt. 4n8 — 3 
Hint: Factor out the highest power of n from each polynomial. 
6. As a generalization of problem 5, show that, if bm γέ 0, 


(a) 


Amn™ + Om in™ 1 + +++ + αὐγὴ τ do Om 


m 
n—>+o bmn™ + bm—n™! +-+++ dyn + bo bm 


7. If, in problem 6, am ~ 0, and 6, = 0, so that the polynomial in the. 
numerator is of higher degree than that in the denominator, show that the limit 
is +00 if the leading non-zero terms in the numerator and denominator have the 
same sign, and — οὐ if they have opposite signs. 

8. If R(n) is any rational function of n, that is the quotient of two polynomi- 
als, prove that τὰς R(n + k)/R(n) = 1. 

n—> TO 


9. If, asn — +o, lima, = L, prove that lim (a; + ας + a3 + +++ + a,)/n 
= L. Hint: Choose k so that |L — a,| < €forn > k, let sp be the sum of the 
first p d,, and putn =k-+m. Then show that s, + mL — me< Sskam < 8% + 
mL + me. Now divide by n = k + m, and let m > +-0. 

10. In each of the following cases, determine the upper limit and the lower 
limit asn—> +o: 

(a)n, (Ὁ) (—1)", (0) (—1)™, ~(d)1+(—-1)™, (e) -1 + (-1)", 

11. Prove that lim (αι — δὲ) S lim a; — lim δι. 

12. Prove that lim a; + lim ὃ, S lim (a; + δι) S lim a; + lim δι. 

13. Prove that if a1, a2, « - - are any sequence of digits, each of which is 0, 1, 2, 3, 
4, 5, 6, 7, 8, or 9, the decimal to n places 0.aia2 " “" da is an increasing bounded 
function, and so approaches a limit. We indicate the limit by the infinite 
decimal 0.a;aea3°-:. 

Conversely, show that any real number y, between 0 and 1 may be represented 
by such a sequence. The sequence is uniquely determined unless 10*y is an 


integer for some integral value of n, in which case there are two sequences, one 
ending in all zeros, and the other in all nines, after the nth place. 
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14. Show that any integer greater than one may be used in place of 10 in the 
discussion of problem 13. In particular, if the base is 2, ὃς is either 0 or 1, and 
we have a binary representation 


bi be bn 
—_— —_ © 6 © .-- “6. = 0.06, b0b ese 
5 + ot oa 2010903 ; 


where the subscript after the point indicates the base. 

15. Show that, if the nested intervals of section 28 which determine the 
point A in all of them are obtained by repeated bisection, as in section 12, and 
the first interval is taken as unity for the codrdinate scale, the first n steps of the 
process, or the end points of the nth interval determine the first n digits ὃ; 
of the binary expansion of problem 14 for the codrdinate of the point A. 1 the 
codrdinate has two expansions, one ending in zeros and the other in ones, the 
latter may have to be used. 

16. If y = 22,0S 251, finda ὃ such that |f(c”) —f(x’)| S 0.1 if |z” -- “Ἵ Ξ ὃ. 

17. If y = 1/2, % S x S 1, find a 4(x) such that |f(x”) — 75] S 0.1 if | 
[π΄ — “«Ἴ S$ 6. Show that any 5(zo) must approach zero as 2 approaches 
zero. 

18. Prove that a polynomial in one variable is continuous for all values of z. 

19. Prove that a rational function or quotient of two polynomials is con- 
tinous for all values of x which do not make the denominator zero. 

20. For any real number 9, let [p], read “ bracket p,” denote the algebraically 
largest integer not exceeding p. In this problem integer means positive integer, 
negative integer, or zero. Show that the function [5] and hence x — [1] is con- 
tinuous for all non-integral values of x, but that each function has an oscillation 
of unity at all the integral points. 

21. Show that the function x — [1] defined in problem 20 has a minimum 
value 0 but no maximum since its least upper bound, 1, is not taken on. 

22. Let f(x) be defined on the closed interval 0,1 as zero at all irrational 
points, 1 at the end points, and at any other rational value, p /q in its lowest 
terms, let f(p/q) = 1/q. Show that this function has its oscillation at any 
point equal to the value of the function, so that it is continuous at all the irra- 
tional points. See section 150. 

23. Prove that, if f(z) is any polynomial and has opposite signs at the ends of 
an interval, the equation f(z) = 0 has at least one real root inside the interval. 

24. If f(x) is any polynomial of odd degree, prove that the equation f(x) = 0 
has at least one real root. 

25. If f(x) is a polynomial of even degree, with leading term positive, show 
that there is a value of x, zo, for which f(a) = m is a minimum value of the 
polynomial, that is m S f(x) for all real values of x. Hence, show that the 
equation f(x) = k will have a real root if, and only if, k 2 m. 

26. A (real) number xz, such that 


Ant” + dnt”! +e +ar+a=0, a4 0, 


for some positive integral value of n and for some integral values of ax in the sense 
of problem 20, is called a (real) algebraic number. Thus, at least for integral 
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coefficients (but see problem 30), the numbers obtained as roots in problems 24 

and 25 are algebraic numbers. The least value of n which can be used for a 

given algebraic number is called its degree. Show that every algebraic number 

has a degree, and that the degree is one if, and only if, the number is rational. 
27. If x, the b; and the c;, are any real numbers, and 


bor? + bit + bo = 0 and cox? + cx +c = 0, 
it follows that 
box? + δια ++ bor = 0 and cox? + yz? + σοῦ = 0. 


Since these are linear homogeneous equations in the four variables y, = φῦ, 
Y3 = αὖ, γὲ = τ, γι = 1, of which the last is not zero, the coefficients must have 
their determinant zero and 


be by bo 0 
0 be by bo 
C2 C1 Co 0 
0 Co Cy Co 


which is a polynomial in the coefficients. Discuss the generalization of this 
process (Sylvester’s dialytic method) of elimination to two equations, one of the 
mth and one of the nth degree. 

28. Prove that, if y is a polynomial in x with rational coefficients, and z is an 
algebraic number, then y is an algebraic number. Hint: Eliminate x by the 
method of problem 27. 

29. By the method of problem 28, or otherwise, find an algebraic equation with 
integral coefficients satisfied by y = 1 + 21/3 + 41/3, 

30. Prove that, if a real number z satisfies an equation 


γι" + Yast"! +e + γι ty =0, ynX 0, 


with algebraic numbers for coefficients, then z is an algebraic number. Hint: 
Write the equation satisfied by yo with integral coefficients and eliminate yo as 
in problem 27. Similarly, eliminate the other coefficients in turn. 

31. If x and y are algebraic numbers, then x + y, x — y, x/y, and zy are all 
algebraic numbers. Hint: Use problem 30 for the first three, and for the last 
after proving that 1 /y is algebraic if y is an algebraic number. 

32. Find equations with integral coefficients satisfied by 


V3 ee where σ-- ν 8: - Ν - 0, 
V3 41 

by the method of problems 30 and 31 or otherwise. 

33. With each algebraic equation with integral coefficients we may associate 
a number N, the height, where N = n + jaa| + [α,.. +--+ + lai| + [αν], 
the degree plus the sum of the numerical value of the coefficients. Show that 
there is only a finite number of algebraic equations of the type considered with a 
given height, and use this fact to show that the set of real algebraic numbers are 
enumerable. Compare problem 13 of Exercises I. 
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34. Suppose that the algebraic numbers between 0 and 1 are enumerated, and 
the nth number has a decimal representation 0.dni@n2@n3 °° * a8 in problem 13. 
Now form a number 0.cicec3° ++, Where Cn = Sif dan = 4.and c, = 4 if Gan γέ 4. 
Since this number contains no zeros or nines, it is not a second representation of 
any terminating decimal in the list. And, since it differs from the nth number 
in the nth place, it is not a number in the list. Thus there are real numbers 
which are not algebraic. Such numbers are called transcendental. Extend this 
argument to show that no enumerated list can contain all the numbers between 
0 and 1, so that this set of real numbers can not be enumerated. (Cantor.) 

35. Peano’s Space-filling Arc. Let t be a parameter and x and y the codrdi- 
nates of a point of the unit square. Asin problem 14, with the base 3, let us find 
infinite expressions for these numbers: ¢ = 0.3a;aea3°°+, © = O.sbibebs-°-, 
and y = 0.3¢icec3: 5", where, for example, the first expression means αἱ [8 + 
de [32 - ας [33 +--+. Thus all the ax, bx, and c, are 0, 1, or 2. Let these 
numbers be associated in the following manner. We put δι = ai, be = ag or 
2 — a3, according as ας is even or odd; bs = as or 2 — az, according as a2 + ας 
is even or odd; and so on, bya = Gen—1 OF 2 — Geni, according as ας + a4-+°°° 
+ Gen—2 is even or odd. Similarly, let οι = ας or 2 — a2, according as a) is even 
or odd; ce = a4or 2 — ay, according as a; + ας is even or odd; and so on, ¢, = 
Aon OF 2 — Gen according as αι + a3 +:°++* + den_1is even or odd. 

Show that this defines x and y as continuous functions of ¢, forO StS 1. 
Also, show that, for any two values of x and y each between Ὁ and 1, their 
expressions in the base three uniquely determine the digits a1, a2, a3 « " In succes- 
sion and so a value of . When the value of one or both codrdinates is a termi- 
nating expression, the expression ending in twos and that ending in zeros, will 
not lead to the same value of ¢. 

The functions x(t) and y(¢) of this problem, being continuous functions, may 
be thought of as the parametric equations of an arc, which passes through every 
point of the unit square. (Peano.) 


CHAPTER III 


EXPONENTIAL, LOGARITHMIC, AND TRIGONOMETRIC 
FUNCTIONS 


The basic elementary functions are x”, p* and its inverse function 
log, z, and the trigonometric functions and their inverse functions. 
We give here a constructive arithmetic approach to these functions. 

We show that the constants in certain fundamental relations involv- 
ing limits are simplified if we take a special number e as our exponential 
base and as the base to which we take logarithms. We give a simple 
set of properties which characterize the exponential function e7 and a 
simple set of properties which characterize the logarithmic function 
log x, when we take e as our base. 

Similarly, we show that a fundamental ἐμῆς relation involving the 
sine function is simplified by a system of units, radian measure, related 
to the special number 7. We give a simple set of properties which 
characterize the sine and cosine functions, sin x and cos z, when 2 is 
measured in radians. 

We then briefly discuss the other direct trigonometric functions and 
the inverse trigonometric functions. 

39. Integral Powers and Roots. For any integral value of n, the 
function y = x” for any real value of x is obtained by starting with 
unity, and then multiplying by zn times. 

Let us restrict z to the range OS 2S N. For any two distinct 
values in this range, x; and 22, we have: 


tq — αἴ = (tg — 4) (2p + χα + aie Fee teat). (Ὁ 


All the terms of the last parenthesis are positive or zero, and if x2 > 2 
the first term is greater than zero so that this last parenthesis is positive. 
It follows that, 


if to > αι, 23 > αἴ, (2) 


and the function y = x” is increasing in the range considered. 
Again, let:x, be positive and fixed, and x2 any value such that: 


|t2 — τι] <6, where <a, and ὃ <1. (3) 
Then, 


if K = 2, + 1, 0 «ἴ, «Καὶ, 0 «2. «Κ. (4) 
57 
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From the increasing character of the integral power, each of the powers 
in the last parenthesis of equation (1) will be increased if we replace x1 
and x2 by K. This shows that: 


[ἢ — zi| < [152 — αι [Κ᾽ < dnKk”. (5) 
Thus if we take 
€ 
Oe < Ten? §,< 2, 6, <1, (6) 
we shall have: 
la -- αἴ «ε, if [χὰ -- x] « δε; (7) 


so that the function y = x” is continuous for all positive values of x in 
accordance with the definition in section 30. 
For z; = 0, and any 22 such that: . 


0< 2 <5 <1, (8) 
we have 


la} — αἵ! = a3 < ae. (9) 


Thus, when we consider values only to the right of zero, we may take 
δι = efor x; = 0. 

Since the function x” is continuous and increasing in the closed inter- 
val 0,N, by section 37 the equation y = x” defines a single-valued 
inverse function x = f(y) which is also continuous and increasing, for 
OsySsQN". 

Since N® > N, if N > 1, we may take the y interval arbitrarily 
large by taking N sufficiently large. 

We use y!/” to denote the function inverse to 2”. Thus if y = 2”, 
2 = y'/", Wenote that y = 2” is zero for x = 0, and lim αἴ =+o. 


.-» +00 


Also x = y'/” is zero for y = Oand lim y/” = +o. 
ys +O 


For any positive real number p, the function z = y'/™ defines a 
number p!/" = gq, the positive nth root οὗ». From the inverse relation 
οἵ“ = γ᾿, and y = 2”, we have q” = p. 

If we use the root function by itself, we write y = z/" equivalent to 
x= ἢ. 

40. Rational Powers. As in elementary algebra, we may now define 
rational powers of a positive real number Ὁ in terms of roots of p. We 


write 
m Δ 1\" 
p" = (**) ) p° = 1, p’ a (=) ἢ (10) 
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where m and ἢ are any positive integers and r is any rational number. 
The relations 


(ρ")" = p", pp" = (pp’)", and p'p* = ρ" 1", (11) 


where p and p’ are positive real numbers, may be proved for positive 
integral values of r and s directly from the definition of an integral 
power as repeated multiplication. They may then be proved for any 
rational values of r and s by reducing this case to that for integers, by 
means of the definitions (10). 

Suppose that the rational number r has an odd denominator. Then 
we may write r = N/D, where N is integral and D is an odd integer. 
If N is even for one such representation of 7, it will be even for all and 
we write: 


(-p)' =p", r= τ’ D odd, WN even (12) 
and Spraw ge τ᾿ Dodd, N odd. (13) 


Then with this extended definition the relations (11) continue to 
hold when p and p’ are positive or negative, if all the exponents which 
occur have odd denominators. 

41. The Exponential Function for:Rational Values. Let p be any 
positive real number greater than unity. Then, for all rational values 
of x, x = r, the function p’ is defined by equation (10) of the preceding 
section. We prove next that: 

As r increases through rational values, the function p"(p > 1) increases, 
and 

lim p’=0, lim p’=1, and lim p’=+o, (14) 
γ-»--ὦ r—>0 r—> +00 

For any two rational numbers 7 and 8, we have: 

ρ" — p’ = p'(p* * — 1). (15) 


But, since p > 1, any rational power of p is positive, and any positive 
rational power of p is greater than unity. Consequently, if s > τσ, the 
right member of equation (15) is positive. This proves that the func- 
tion p’ increases, since p* > p" if s > r. 


Let us write 
p=i1+d, where d>O, since p> 1. (16) 
Then, for any positive integer n, we have: 


pe = (1+d)*>1+ πα, (17) 


from the binomial theorem, since the omitted terms are positive. 
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Since the function p’ increases, 
ifr > n, p> p". (18) 


Consequently, if, for any positive number N, we select an integer n 
such that 
N-1 
d 


n> » or l+nd>N, (19) 


we may deduce from the last three relations that: 
if r>n, p> N. (20) 


This proves that 
lim p’ = +. (21) 


---» +0 


We easily deduce from this that: 


1 
lm p’= lim p* = lm — = 0. (22) 
r—> —0 T—> +00 r—>+o ἢ 
Let us next write, for any positive integer ἢ, 
1 


ρ" Ξ- 1- ἀ, (23) 


where d, > 0, since p'/" > 1 when p > 1. Then, as in equation (17), 
we have: 


1+d=p= (1+d,)” >1+ πά,. (24) 
It follows that 
d>nd, sothat 0<d,< . (25) 
Thus 
lm d,=0, and lim - = ἴ, (26) 
n—> +0 n—> +o 


And we may further conclude that: 


Ε΄ 
lim p*= lim 4=1. (27) 


Now, if r— 0, we may find a sequence of positive integers n, such that 


~l<r<-, n—>+e as r—->d. (28) 
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Since the function p” increases, this implies that 
| 1 1 
p™*<p' <p", (29) 
and we conclude from the last four relations that: 
lim p’ = 1. (30) 
r—>0 


This completes the proof of our statement concerning the behavior 
of the function p” for rational values of r. 

42. The Exponential Function for Real Values. If a sequence of 
rational values of z, x = r, approaches a limit c, then p” or p” approaches: 
a limit, as we shall now prove. The limitc may be any real number, and 
the limit of p* depends only on c, and not on the special rational sequence 
used. Let d denote any rational number greater than c. 

If r and s are any two numbers of the sequence, lim r = δ, lims =, 


then lim (8 — r) = 0, (31) 
so that from equation (30): 
lim p*” = 1. (32) 
Also, beyond a certain point in the sequence, r < d + 1 so that 
p< per. (33) 


But we have: | 
p’ — ρ΄ = p’(p* * — 1), (34) 


and as the first factor on the right is bounded by equation (33), and the 
second factor approaches zero by equation (32), we deduce that: 


lim |p? -- ρ΄] = 0 as r—c and s—r—>0. (35) 


If we interpret this relation in terms of the fundamental definition of a 
limit, we see by the Cauchy convergence criterion of section 26 that 2 
approaches a limit as 2 runs through the rational sequence. We also 
see that the same limit is approached, regardless of the rational sequence 
r used, so long as r—c. 

If the limit c is rational, we have: 


lim p’ = p*, (36) 


since we may then take r constantly equal to ὁ as a sequence of rational 
values approaching c. 

_If the limit ὁ is irrational, we define p* as the uniquely defined limit 
given by equation (36). Thus this equation then holds for all real 
values of c. 
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Now let c and c’ > c be any two real numbers. We may find two 
rational numbers s and s’ such that ὁ « 8 <8’ «ε΄. We may also 
find two sequences of rational values, r and r’, such that: 


r—e, τ' ποῦ and r<s, τ΄ Ὁ ΄. (37) 
Then, since ρῦ is an increasing function for rational values, we have: 
ρ΄ <p’, p’<p”, and ," <p". (38) 


On letting r and 7’ approach their limits, we may deduce from this 
that: 
psp, p’ Sp” sothat p< pe’. (39) 


Since this is true for any two real numbers ὁ < ς΄, it follows that p” is 
an increasing function for all real values of z. 

Next, let s > c through any sequence of real values. We may then 
find two sequences of rational values, r and s, such that 


r<a2<s, and r—-c,s—-casz—-c. (40) 
Then, from the increasing character of p” for real values, we have 
p <p <p’. (41) 
But, in view of equations (40) and (36), 
lim p’ = p° and limp’ = γ΄. (42) 
Hence, by the last theorem of section 23, 
lim p* = ρ΄. (43) 
z—re 


This proves that the function p* is continuous for all real values z. 
We may now replace the rational value r by z in equations (18) through 
(22), reasoning exactly as before, and so conclude that 

lm p*=0, lim p? = +0. (44) 
I—> --οὦ xr—> -+-00 

Finally, by using rational sequences approaching irrational limits, 
we may extend the relations (11) so that they apply when r and s are 
any two real numbers. 

We may summarize the results of this section as follows: 


If p is any positive real number greater than unity, the single-valued 
function p* ts positive and continuous for all real values of x. As z—7>—©, 
p°?— 0; as r—> +o, p> ++, The function is increasing for all 
values of x. 
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We may remove the restriction p > 1. We define 17 = 1, for all 
values of x. If gq < 1,1/q > 1, and we define: 


i (") ἢ ἀπε (45) 


Thus the first statement in the theorem applies unchanged for all posi- 

tive real values of p. For values g « 1, the function q* decreases for all 

real values of z, and asx --Ὁ — οὐ, g > - οὐ, whileast > +0, g? > 0. 
Finally, analogous to equation (11), we have: 


(p*)" = p™, p*p’* = (pp’)® and p*p* = p*t*, (46) 


where p and p’ are any positive real numbers, and x and u are any real 
numbers. | 

43. The Logarithmic Function. If p is any positive real number 
greater than unity, the function p” is continuous and increasing in the 
closed interval —N,N. Hence, by the theorem of section 37, the 
equation y = f(x) = p* defines a single-valued inverse function 
z = f~'(y), which is continuous and increasing in the closed interval 
ΡΝ sy. Inview of equation (44) this interval will include any 
given positive value if N is taken sufficiently large. We use log, y, 
read “logarithm of y to the base p,” to denote the function inverse to p*. 
Thus 


y=p and x= logpy (47) 


are equivalent equations. 
We note that, in consequence of equation (44), 


lim logpy=—o and lim log,gy= +o, (p>1). (48) 
y—>0+ 


y—> +0 


The relation (47) enables us to deduce the properties of logarithms 
from those for exponential functions given by equation (46). Thus, 


if %1=logpy, and 2 = logy yp, (49) 
we have: 
γι} = p™p™ = p™*™ and 2 + 22 = logy (y1y2). (50) 


That is: 
logy (yiy2) = logp ψι + logy ye. (51) 
Also 
y” = (p*)" = p** and uz = logy”. (52) 
That is: 


logy (y“) = u logy y. (53) 
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In particular, from equation (53) with u = —1 and from equation 
(51): 
1 1 Y1 
Bes = —log,y and loBe τ = logy y1 — logy Yo. (54) 
Finally, if we take the logarithm of y to a new base P, 
X =logpy sothat y = ΡΖ, (55) 
where 
P =p” sothat v = log, P, (56) 
we have: 
y = ΡΣ = (p’)* = p* and vX = logpy. (57) 
Thus: 
logp ¥ 
logp y = logpP logpy or logey = log, P (58) 


In particular, if y = p, 


logp p = ex . (59) 


The last two equations are easily remembered by their analogy with 


y 

y Py y p pil 

--αωὀἀαι΄’.-- — i — _—_— Ξ "αὶ: 60 

Ὧν BB P’ ἘΠΡ (60) 
p p 


We could take a base less than unity and carry through all our argu- 
ments, merely replacing increasing by decreasing and suitably chang- 
ing equation (48). All the other results still hold. Thus any positive 
number except unity may be used as the base of a logarithmic function. 

When considering a logarithmic function of the independent variablez, 
we write 


y =log,x equivalent to 2 = ρ (61) 


and interchange 2 and y in all the equations of this section. 

44. The General Power Function. For any real value of u, a power 
function x“ may be defined for values of x > 0 in terms of the exponen- 
tial and logarithmic functions, since 


gt = (ρ 8» as τς p" logp τῷ ᾿ (62) 


Since the last expression increases with u log, 2, we see that τ" 
increases with x if ὦ is positive and decreases for increasing x if u is 


Arr. 45] THE DERIVATIVE 65 


negative. By using equations (48) and (44), we may deduce from 
equation (62) that: 


lim z*=0, if u>0O (63) 
z—>0+ 
and 
lim a¥=-+o, if u<0. (64) 
z—>0+ 


This makes it natural to define 0" = 0 if wu > 0 and to regard this 
expression as undefined when u < 0 or u = 0. 

In certain limiting relations, when wu is fixed and negative, the relation 
(64) may enable us to evaluate the limit. Again, if wu and z are related 
in such a way that u—0O when x—>0, the expression x“ may not 
approach a limit, finite or infinite. But, by placing suitable restric- 
tions on u and z, we may make the expression x“ approach a, any posi- 
tive value whatever, asz—0,u—0. For example, 


if u = (log, a)/log,z, w—-0 when x0 (65) 
and 
zx“ =a sothat lim 2” =a. (66) 
z—>0 + 


45. The Derivative. The derivative of a function of z, f(x), for a 
particular value of z is the number given by the limit, as ἢ — 0, of 
Lf(c + h) — f(x)]/h, provided that this limit exists. We denote the 
derivative of f(x) at x by f’ (x), so that: 


im et) - Τα). 


Τα) = lim Ξ 


(67) 
While we shall postpone a detailed study of the properties of the 
derivative until the next chapter, we introduce the definition at this 
point in order to explain why we are interested in certain limiting 
rels.tions. 
In the case of the function log, x, the derivative is given by 
. log, (ὦ +h) — log, (x) 


7 4) = lim 


lim h (68) 


if the limit exists. 
For any x > 0, we may write: 


h h Ξ 
logy (x +h) — log, x = logy (1 + *) saree logy (1 + = , (69) 


in view of the properties expressed by equations (53) and (54). 
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Thus we have 


logy (2 +h) —logpz_ 1 h i 
ema ama aaa logy (1 + =| ; (70) 


Since the logarithm is a continuous function, the calculation of the 
limit is reduced to the calculation of the following: 


x 


h h 
lim (1 + 3 , a>. (71) 
h—>0O Μη 


This limit does not depend on 2, since if we put h = uz, the 
limit becomes: 
1 
lim (1 + u)*. (72) 


u—>0 
46. The Number e. To study this limit (72) further, we put 
u = 1/U, and consider 


lim (1 + ᾿). (73) 


{Ul—>00 


For positive integral values of U, we may show that there is a limit 
by means of the theorem of section 27. We first observe that, if ἢ is a 
positive integer, by the binomial theorem: 


Ie age ee τὸς 
(145) <1tn5+ ἜΞΩ ον τα (74) 


OD ODS), 


Ξ ee cee a SD 


As n increases, the terms of this expression increase individually. 
Also their number increases. Thus the function increases with n. 
But the terms written in the expression (75) are less than 


re eee ee ee 76) 
2 92 gn-1 gn—l ἢ ( 
so that 
1\” 
(1 +2) < 3, (77) 


for all integral values of n, and 3 is an upper bound for the function. 
Thus, by the theorem on increasing variables of section 27, the function 
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approaches a limit. We denote this limit by e and write: 


lim (1 + ΤΥ = 6, (78) 


n—> -+-00 


As the first two terms in the expression (75) add up to 2, and the rest 
are positive, we have: 


1 n 
2< (1+) <3 and 2se8S3. (79) 
The expression (75) suggests the sum: 
1 1 1 
πὰ et gg tO (80) 


This sum s, increases with n and has an upper bound 3, since after the 
first three each of its terms is less than the corresponding term of the sum 
(76). Thus s, approaches a limit ZL, as ἢ - +. Since each term 
of the sum (80) is greater than, or equal to, the corresponding term of the 
sum (75), we have 


Sa (1 + ΗῚ and at S,2e, or Lee. (81) 
But, since s, approaches JL, for any positive e we may find an N such that 

sn >L—e. (82) 
And, as each term of the sum (75) increases and approaches the corre- 


sponding term of the sum (80), when n — + 0, we may find an N’ > N 
such that, for n greater than N’, 


7 <1. oN r=1,2,---,N. (83) 

Then, for any 7 exceeding N’, as all the terms of the sum (75) are 
positive, the sum will exceed the sum of the first N + 1 terms, so that 
in view of equations (82) and (83) we shall have 


(1+2) > on τ (δ) Σὰ τς if N>N’. (84) 

n N 

This shows that | 
e>L—2, or 651), ο (885) 

since eis arbitrary. Equations (81) and (85) combined show that 
L=e, and e= lim 8,ᾳ. (86) 


n> +0 
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To estimate how much we shall add to the sum s, by using n + k in 
place of n, we note that for any positive integer n: 


Pe νυν 
(n+1)! (n+2)! (n+ k)! 
2 1 1 1 
armiGtet +s) δὴ 
and 
1 1 1 ; 1 
ag et i (88) 
Thus 
Sntk < mt πὴ (89) 


Since this is true for all k, we may let k become infinite, keeping 7 fixed, 
and so find: 


2 
6 -ῷο li Sn, Ξ n : 90 
Fe EY (90) 
Since the sum 8, increases to e, we deduce from this that 
1 
8) “6 « 8. Τ τ n> 1, (91) 
where 
ys eee = 2 


As the sum s, may be computed easily and as this sum approximates 6 
to within 1/n !, which decreases rapidly with n, the last relation enables 
us to find e numerically to any desired number of decimal places. Its 
value is 2.71828 ---. 

47. Other Sequences. We have shown that for any sequence of 
positive integral values of n, such that n > +, lim (1 + 1/n)” =e. 

Let us consider next a sequence of numbers U, integral or not, such 
that U-> +. For each number of the sequence, there is an integer ἢ 
such that 

ns=xU<n+l, (93) 
and, 
since U + +0, ῃ -- +. (94) 


We deduce from the relations (93) that: 


1 1 1 
τ ἐπ Ξ τὸ (95) 
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and since x” increases with z for fixed positive u and also increases with u 
for fixed x greater than one, we may further conclude from equations 
(93) and (95) that: 


; πος 1" yee 
(1+) <(1+5) «(τὸ Se 


But we have: 


im (142) τῶ Ἐπ} Ὁ τὸ} 
lim [1 Ἐ - = τ {1 - - («Ὁ --Ἠ 6.1 -- , 6, (97) 
n n n 


: 1 Ἀ ᾿ 1 n+1 1 cast | 
im (1+) = tim (1 + 5) (1+—5) 


=e-l=e, (98) 


when n and hence n +1 become infinite through any sequence of 
integers, and in particular through the sequence defined by the relation 
(93). Hence, from the last three relations we have 


1 U 
lim (1 +5) = 6, (99) 


U-> +2 


and 


in accordance with the theorem of section 23. 
Finally, consider any sequence of real values U, such that U + —o. 
We put U = —V, so that V > + οὐ, and write: 


1 U 1 —V V V 1 ) 
{Ἐπ} 5050} - Ga) - +7) om 
But, from the relation (99), we have: 
1 V 1 V-1 1 
lim (1 + 73) lim (1 + 77) (1 + voy) 


when V and hence V — 1—> +0. Thus we may conclude from equa- 
tion (100) that 


1 U 
li 1+—} =e. 102 
sim (24+G) τ’ ee 

Since every sequence of values of U for which |U| > may be 
regarded as a combination of sequences for which U — + or U— —o, 
it follows from equations (99) and (102) that: 


1 U 
lim (: + x) = 6, (103) 


| U|—»0o 
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On putting U = 1/u, we deduce that 
1 
lim (1+ wu)" =e, (104) 
u—>0 : 


48. The Derivative of the Logarithmic Function. Let us now return 
to the calculation of the derivative f’ (x), when f(x) = log, 2, discussed 
in section 45. We showed there that 


logp (@ +h) —log,z_ 1 ( a) 
; = Flog, {1 +=) - (105) 
As before, on putting h = uz, we have: 
h i 1 
lim (1 + Ἢ = τὰ (1+ ω)}" =e, (106) 
h—>0 Μη u—>O 


by equation (104). From this and the fact that the logarithm is con- 
tinuous, we deduce from equation (105) that 


inst ee Mat A ον ά (107) 
h—0 h x | 
This proves that, 
if f(z) = log, 2, f(z) = * loge 6. (108) 


49. Natural Logarithms. When we use logarithms to simplify 
computation, we generally take 10 as the base. Logarithms to the 
base 10, known as denary or common logarithms, have the useful 
property that the logarithm is only changed by the addition of an 
integer when the decimal point is shifted to the right. Thus we only 
need tables for the range 1 S$ x < 10. 

In mathematical work, where the limiting relation (107) occurs quite 
often, it is advantageous to make this equation as simple as we can. 
Consequently, we generally take 6 as the base, since this makes 
log, ¢ = log,e = 1, and we may omit the factor log,e. Logarithms 
to the base 6 are known as natural logarithms. In computations the 
notation In z for log, x is sometimes used. Since in the sequel we shall 
almost always be using natural logarithms, we write simply log z in place 
of log. z. In this notation, the relations of the preceding section may 
be written: 

lim log (x + h) ae Lae (109) 
h—>0 h x 
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and, 
if f(z) = log a, f(z) = = (110) 


50. Characterization of the Logarithmic Function. Using the re- 
sults of the preceding discussion, which, though lengthy, has included 
a, constructive approach to the logarithmic function, we may now formu- 
late a brief characterization of the function log z. 


The function log x is a function having the property: 


log z + log x’ = log zz’, (111) 

for all positive real values of x and az’, and also having the special property: 
1 

fy OE AEE) ἡ. (112) 
“--»Ὁ ζ 


These properties intrinsically define the logarithmic function, in the 
sense that it is possible to define a function having these properties, and 
this can only be done in one way. 

We observe that the natural logarithm of x, log x as defined in the 
preceding section, has the property (111). Also, if we replace x by 1 
and ἃ by x in equation (109), it reduces to equation (112), so that the 
second property is also satisfied. This shows that the definition is 


possible. 
Suppose next that the function L(z) satisfies the equation 
L(x) + L(x’) = L(2z’) (113) 
analogous to equation (111) and 
La 
ae (114) 
z—>0 Μη 


analogous to equation (112). Then on putting x’ = 1 in equation 
(113), we have: 


L(x) + L(1) = L(x) and L(1) = 0. (115) 


Again, by putting 2’ =1+h/z, cz’ =2+h and we find from 
equation (113) that 


L(t +h) — L(x) = L (1 + *) (116) 


But, from the equation (114), we see that 
lim L(1 + 2) = 0. (117) 
z—>0 


72 EXPONENTIAL AND TRIGONOMETRIC FUNCTIONS = [Cuap. III 


This shows that, when h—0, the right member of equation (116) 
approaches zero, and hence the function L(x) is continuous for all 
positive values of z. 

By putting x’ = z and then x’ = x” in equation (113), we may show 
by mathematical induction that for any positive integer n: 


L(x") = nL (z). (118) 
It follows in particular that 
i »_404;) 
L(1+2) = nb(1 +=) =: (119) 
n n 1 
n 


As n—> - the limit of the first term written may be found from 
equation (78) and the fact that L(x) is continuous. The limit of the 
last term in equation (119), as »—»-+« may be found by putting 
x = 1/nin equation (114). We thus obtain the result: 


L(e) = 1. (120) 
From the equation (118), we deduce that 


1 1 Pp p 
L(x) = qt L(x) = qo? (121) 


for p and q positive integers and hence, from equation (120), 
L(e’) = r = log (e’), (122) 


so that L(x) has the same value as log x whenever x has a positive 
rational logarithm. Since any number greater than 1 is the limit of a 
sequence of such special values and since both functions are continuous, 
it follows that 

L(x) = log x (123) 


for all real values of x greater than unity. Finally, by putting 2’ = 1/z 
in equation (113), and recalling that L(1) = 0, we have 


L (=) = —L(z). (124) 


This shows that, for any positive number less than unity, 
1 1 
L(x) = -L (=) = —log (:) = log x. (125) 
x x 


Since L(1) = 0 = log], it follows that any function L(x) having the 
properties (113) and (114) must agree with log z for all positive values. 
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51. Characterization of the Exponential Function. We may formu- 
late a similar brief characterization of the exponential function. 


The function e* is a function having the property: 


e"e* = ert, (126) 
for all real values of x and x’, and also having the special property: 
et, (127) 
z—>0 x 


These properties intrinsically define the exponential function. 
We observe that the function p* defined in section 42, with p = e has 
the property (126). If we write: 


e*=1+u, log (l+u) =z and u—-O0 as z->0. (128) 


Hence, 
ας FE Ξ 
= i] ---- ---------.-- = 
z—>0 09 u—0 log (1 + u) 


1, (129) 


by equation (112). This shows that it is possible to define a function 
having the two properties. 
Suppose next that the function E(x) satisfies the equation 


E(z) E(2’) = Εα +2’), (130) 
analogous to equation (126) and 
τὰ ea 1, (131) 
xz—>0 H 7) 
analogous to equation (127). 
The first relation, with 2’ = ἢ shows that: 
E(z +h) — E(x) = E(x)[E(h) — 1]. (132) 
But, from the second relation, we see that: 
lim [E(x) — 1] = 0, (133) 
z—>0 


which shows that when h— 0, the right member of equation (132) 
approaches zero, and hence the function E(x) is continuous for all real 
values of x. 
In particular, from equation (133) and the continuity for x = 0, we 
see that 
E(0) = 1. (134) 
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Using mathematical induction as in the preceding section, we may 
deduce from equation (130) that for n a positive integer: 
E(nz) = [E(ax)]”. i (135) 
From this we find: 


E (*) =iNG\e eal #() = [5] (136) 


for p and g positive integers. 
Again, by putting 2’ = —z in equation (130) and using equation 
(134), we find that: 
E(—2) = [ΕΓ (137) 


The equations (136) and (137) show that for any rational number r 
we have: 


E(rz) = [E(x)]’. (138) 
This shows that if we put 
p= H(i), then E(r) = p’. (139) 


The number p must be greater than unity, since equation (131) shows 
that E(r) = p” is greater than unity for sufficiently small positive 
values of r. Since the functions # (x) and p” agree for all rational values 
of x and are both continuous functions, it follows that 
E(x) = p” (140) 
for all real values of zx. 
Now put: 


p=1+u, log (1l+u)=azlogp, and u—-0 as x-0. (141) 


Then: 
E(xz)-1 p*?-1 u log p 


= =) 142 
x x log (1 + w) (142) 
so that: 
. E(a)-1 . u 
= ch ig lim ----------------- = ] . (143 
ere er a νὰ 


This shows that log p = 1 and p = 6, so that the function E(x) = p* 
is identified with the exponential function οὔ. This proves that any 
function having the properties (130) and (131) must agree with e” for 
all real values of 2. 

It is an interesting fact that the equations (113) and (114), and (130) 
and (131) do not explicitly involve the number e. However, this 
number is determined from the first pair by L(e) = 1, and from the 
second pair by #(1) = e. 
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52. Trigonometric Functions. The reader is familiar with definitions 
of the six trigonometric functions and a derivation of their properties 
based on geometrical considerations. Such a treatment is satisfactory 
provided that it is permissible to base the definitions of functions used in 
analysis on geometrical arguments, and that the geometrical results 
used are themselves derived by sound reasoning about concepts which 
have been precisely defined. The geometrical arguments in elementary 
texts are often not of this character. In many cases the length of an 
are of a circle not a rational part of a complete circumference or the 
number of degrees in the corresponding central angle is not defined at all. 

As it is aesthetically desirable to develop the foundations of analysis 
arithmetically, we avoid the necessity of a precise geometrical definition 
by giving a constructive arithmetic definition of the trigonometric 
functions. 3 

The definitions: 


tan z = ——» cote = “1 δ sec 2 = nay 686 rz = fe (144) 
COS ὦ sin cos Ζ sin Ζ 

enable us to define these four functions in terms of the sine and cosine 

and to reduce all theorems involving any of the six functions to theorems 

involving the sine and cosine alone. 

Accordingly, we first consider the sine and cosine, although even in 
this discussion we sometimes find it convenient to use tanz as an 
abbreviation for sin x/cos x. 

63. Determination of Values for the First Quadrant. To prepare 
for our final definition, we outline one method of assigning numbers to 
the functions sin z and cos 2, for values of z in the range 0 S z S 90. 

The geometric development suggests that the numbers may be 
assigned in such a way that, for any two values of a and b in the range, 
for which a + ὃ is also in the range: 


sin (a + δ) = sina cos ὃ + cos asin ὃ, (145) 
cos (a + ὃ) = cos a cos ὃ — sina sin ὃ, (146) 
1 = cos? a + sin? a. (147) 


We shall use these equations as our guide, but shall only consider 
them proved for particular values if we can deduce this from our defini- 
tions. 7 

We begin by arbitrarily defining 


sin 90 = 1, cos 90 


0, (148) 
(149) 


and | sinQ = 0, cos 0 
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We then consider values of x of the special form 90/2", where n is a 
positive integer. We indicate a particular value of this kind by writing: 


90 
Y= τ ς 1 
Sn = on (150) 


We shall use s and speak of a value s to mean any one of these. We 
determine the functions of the s,, by repeated use of 


_ 8 1 — coss 8 τ 
sin > = ΕΣ 0085. = + 3 (151) 


to obtain the values of the left members. Starting with so, or 90 in 
place of s, we determine the functions of s1, 82, - - - in succession in this 
way. 

The equations (148), (149), and (151) are all such that the relation 
(147) is automatically satisfied for the values so far considered. For 
the equations (145) and (146) we can only have a, b, and a + ὃ all 
among the values s by taking a and b equal or by taking one of them as 
zero. If we take a = 0, the equations (145) and (146) reduce to 
identities in view of equation (149). If we take a = ὃ = s/2, the 
equation (146) is satisfied because of equation (151), while equation 
(145) is satisfied because of equation (151) combined with the relation 
(147) which we established for all values of s. 

Let us next consider the function 


tan 8, SIN Sy 
eee or ——— ------Ξ- 


Sn Sn COS Sy (162) 


To see how this function varies with n, we first deduce from the 
relations (151) with s/2 = 8,, 8 = 28, = 8,1, that 


cos? 8, + sin? s, = 1, (153) 
2 SIN 8, COS S, = V1 — cos? Sn—1 = SIN Sp_4, (154) 
COS S,_1 = COS” s, — sin? s, < 6052 Sp. (155) 


It follows from these relations that: 


tan 8,..1 SIN Sn—1 2 SIN Sy COS Sy 
Sn—1 Sn—1 COS Sn-1 285 COS Sp_} 
2 
tan S, COS” 85 tan s, 
= —— - —_— > —_* (156) 


Sn 008 Sp_y Sn 
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This shows that the function (152) decreases as n increases. Since 
it is positive, it has zero as a lower bound. Hence, by section 27, it 
approaches a limit as n becomes infinite, and we have: 


ie a (157) 


Since, 85 ἢ — Ἔ οὐ, s, — 0, it follows that: 


lim tan s, = 0, (158) 
n—>+o 
and hence that: 
lim sin 8, = lim (tan Ss, COS 8,) = 0, (159) 
---» N—>+0 


since the values of the cos 85, are all at most one by equation (153). 
Using equation (153) and the fact that the cos s,.is always positive, 
we may deduce from the last equation that: 
lim cos 8, = 1, (160) 


n—>+0 
which may be combined with equation (157) to show that: 


ii ae, (161) 
nto Sn 


From equation (154) we have: 


Sin S,_1 2510 8, COS S, _ SIN Sp, 
= SCX (162) 


Sn—1 2s n Sn 
since the cos s, is less than unity. This shows that (sin s,)/s, increases 
as n increases and therefore is always less than its limit, L. Since 
(tan s,)/s, decreased to its limit, it is always greater than that limit. 
That is: 


i t 
sin or a an Sn (163) 
Sn Sn 
or 
sin 8, < Ls, < tan 8), n> 0. (164) 


We next extend our determination to values of the special form 
ms, or 90m/2", where m is any positive integer less than 2”. We shall 
speak of any one of these as a value ὁ. Thus, every value 8 is a value é. 

Since any positive integer is a sum of powers of 2, we have 


n 
m = Σ a;2"*, a; = 0orl, (165) 


t=] 
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and it follows from this that: 


t= =D yr = haw. (166) 


This decomposition enables us to determine the functions sine and cosine 
for all the values ¢ by a repeated use of the formulas (145) and (146). 
Each ¢ is the sum of a number of distinct s, as the a; are zero or one, 
which may be arranged in a definite order, that of increasing subscript. 
This enables us to prescribe a particular order of application for the 
formulas (145) and (146), for example, first for the first two terms, then 
these plus the third, and so on. 

However, the result obtained does not depend on the order. For, if 
the formulas (145) and (146) hold for 


(a+b)=a+b and (α - ὃ - ο) = (a+b)+e, (167) 


we find: 


sin (a + ὃ +c) = sina 608 ὃ 608 ὁ + sin ὃ cosc cosa 
+ sine cosacosb — sinasinbsinc, (168) 


and 
cos (a + ὃ - 6) = cosa 608 ὃ cosc — cosasin ὃ sine 
— cosbsincsina — coscsinasinb. (169) 


The symmetrical form of the results shows that the functions of 
(a+6-+c) as computed by two applications of the formulas (145) 
and (146) will be the same regardless of the way in which we order or 
group the three terms. It follows from this that the values as computed 
for a sum of any finite number of terms will not depend on the way in 
which we order or group them. If, now, we have three different values 
of ¢, t; + t2 = tz and we decompose ¢; and ¢t, into sums of s,, the func- 
tions of (¢; + 4), as computed from formulas (145) and (146) with 
a = ἐιξ and ὃ = ἔα will be the same as that obtained from the combined 
sum of the s, with any other grouping. By first combining any two 
8, of the same order which occur in é, and ἐς and by repeating this until 
all the 8, left are of distinct order, we finally come to a grouping of the 
sum which may be rearranged to give that used to determine the func- 
tions of 9. This shows that the equations (145) and (146) are satisfied 
if a, ὃ, and a + ὃ are all among the values t. 

It is now possible to extend some of our properties to the functions 
of ¢. Since the equations (145) and (146) imply that: 


cos? (a + ὃ) + sin? (a + δ) = (cos? a + sin? a) (cos? ὃ + sin? b), (170) 
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it follows from our method of determination that 
= cos? ὁ + sin” t, (171) 


since this relation held for the sp. 

We wish to show next that, in the range 0 < ¢ < 90, sint and 008 ἑ 
are always positive. 

The equations (145), (146) and (147) imply that 


sin (a + b) cosa — cos (a + ὃ) sina = sind, (172) 


and 
cos (a + ὃ) cosa + sin (a + δ) sina = 608 ὃ, (173) 


so that these equations are satisfied if a, ὃ, and a + ὃ are all among the 

values ἐ. | | 
In particular, if we put a = t, ὃ = 90 — ¢ in equation (172), we find: 
cost = sin (90 — 2). (174) 


Let us next denote by 8 ¢ of order ἢ, a value of ¢ which can be written 
in the form 90m/2", with m an odd integer, 0 < m < 2”. Then the ¢ 
of order n - 1 which are not of order ἢ are values halfway between two 
consecutive ¢ of order n, which differ by 90/2”, or s,. The first such 
value of ¢ is 8,41 whose sine and cosine are known to be positive. The 
rest can be obtained by adding s,,; to some ¢ of order ἢ, that is, as the 
sum of a ¢ of order ἢ and 8,41. Thus, if the functions sine and cosine 
are positive for all ¢ of order n, by equation (145) the sine will be posi- 
tive for all ¢ of order + 1. Hence, since 90 — ¢is at of order n + 1 if 
t is of this order, it follows from equation (174) that the cosine will be 
positive for all ¢ of order n + 1. But the only ¢ of the first order is 81, 
whose sine and cosine are known to be positive. Thus, by mathemati- 
cal induction, it follows that the sine and cosine are positive for ¢ of 
any integral order, that is for all values of ¢ in the range 0 < t < 90. 

From this fact and equation (171) we have: 


0 «5ηἐ «1 and O<cost<l. (0 «ἐ « 90). (175) 

We may now prove that sin ¢ increases with t. Let ἐς and ἐς be two 
distinct values of ὁ so that: 

Osi «ὁ Ξ 90. (176), 


Then (t2 + ¢,)/2 and (ἐς — t)/2 are both values ¢ in the range 


0<t < 90. 
If we use these as a and ὃ, we find from equation (145) that 


Pe {τὰ tg — ty toth\.. (ἰ2 - 
sin y= sin (#4 ) cos (2 * ) + cos ( 5 ) sin (*#* ) (177) 
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Again, if we put a = (tg — t,)/2 and ὃ = ἃ, we find from equation 
(172) that: 


τς fleath tg —h\ to +h (5: 3} 
sin t) = sin( 2 ) cos(#=# ) cos (24 ) sin a (178) 


It follows from the last two equations that: 


t t lo --ἰ 
sin tg — sin fj; = 2 cos (224) sin (254) . (179) 


The cosine and sine in the right member are both positive, since their 
arguments are in the range 0 < ¢ < 90. This shows that, if the rela- 
tions (176) hold, then sin t, > sin?¢; and sin ¢ increases with ¢ in the 
range 0 < ¢ < 90. 

We next consider some limiting relations. Suppose that we have a 
sequence of values ¢, whose limit is zero. We may associate with each ¢ 
of the sequence an s,, such that 


t<s,, and lm n=+0, (180) 
t—>0 
It follows that: 
0 « sint < sin Sy, (181) 


and from this and equation (159) we conclude that 


lim sint = 0. (182) 
t—>0+ 


Now let ¢’ and ¢’’ be any two values, each in the range 0 < ἐ < 90. 
Then we have: 


7 ᾽ 
[sin {17 — sin t’| = 2 c0s ( - ) sin 


4} / 
t'— 


(183) 


since both sides are zero if ¢t’ = ¢’’, and if é’ and t’’ are unequal, this 
equation reduces to equation (179) with ἐς as the larger and ¢; as the 
smaller of ¢’ and ¢’’. Since the cosine factor in this equation has a 
lower bound zero and an upper bound one, it follows from the last two 
equations that: 


lim |sin {17 — sin d’| = 0, if |t’’ — t’| 30. (184) 


The last equation enables us to determine values of sin x for any real 
value of z, in the range 0 S$ 2 Ξ 90. We note that, since we may 
find a ¢ of order n which differs from any real number z by at most 85; 
and 85. —>0 for n — +, there are sequences of values ἐ for any real 
number z such that z = lim¢. If 9} and t’’ are any two terms of such a 
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sequence, each beyond the variable term ¢, we have two new sequences 
such that: 
lim |’ — {| = 0, if limt =z. (185) 


It follows from the last two equations, and the Cauchy convergence 
criterion, that sin ὁ approaches a limit, ast— 2. By taking the ¢’ and 
t’’ in equation (184) from two different sequences, we see that the limit 
is the same for all sequences approaching x. In particular, if z is itself 
a value t, we may take t’’ = χ in equation (184) and conclude that 
lim sin é = sin 2. (186) 
t—>z 
For values of x which are not values t, we consider the value of sin x 
to be determined by equation (186). 
From equation (174), we see that if we put 


cos 2 = sin (90 — 2), (187) 
then we shall have | 
lim cos ¢ = cos 7, (188) 
-- 2 


for any sequence ἐ such that ¢t --Ὁ z. 

By using a sequence of values ἐξ approaching a real value z,, and a 
sequence of values ἔς approaching a real value x2, we may show by 
means of equations (186) and (188) that all the equations previously 
established for values ¢ continue to hold for all real values of x in the 
range 0 < x $ 90. In particular, we may establish equation (179) 
and use it to show that sin z increases, and equation (184) and use it to 
show that sinz is continuous. It then follows from equation (187) 
that cos x is continuous and decreases as x increases in the range 
0s 2S 90. 

The functions sin x and cos x, as determined by the method of this 
section for values of x between 0 and 90, are both continuous in this 
closed range. The sine increases from 0 to 1, and the cosine decreases 
from 1 to 0, as x increases from 0 to 90. 

δά. The Number 7. We may extend the limit relations (157) and 
(161) to other values of x as follows. Let a,b anda + ὃ be in the range 
0 < x < 90, and suppose that: 


sina < La S tana, (189) 


and 
sinb < Lb < tan b. (190) 


Then, since 
0<cosa<1 and 0<cosb <li, (191) 
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we may conclude from equation (145) that: 
sin (a+b) <sina+sinb < Lia + 6). (192) 


Again, since 
0 < cos (a+ δ) <1, (193) 


we may conclude from equation (146) that: 


cos α 608 ὃ > sinasin ὃ. (194) 


It follows from this and equation (191) that: 


1 > tan a tan ὃ. (195) 


Also, 
tana tanb > 0, (196) 


since sin a, cosa, sin ὃ, cos ὃ are all positive. In consequence of the 
last. two relations, we have: 


1>1-—tanatanb> 0. (197) 
But, we may deduce from equations (145) and (146) that: 


tan a + tan ὃ 
1 — tana tanb- 


We may conclude from this, and the relations (197), (189) and (190) 
that: 


tan (a+ ὃ) = (198) 


tan (a+ δ) > tana + tanb > Lia -ἰ ὃ). (199) 
We may combine the result of relations (192) and (199) into: 
sin (a + ὃ) « Μία + ὃ) < tan (a + ὃ). (200) 


Since the equation (164) shows that the inequality (190) holds 
when b is an s,, the argument just given shows that if it holds for all ¢ of 
order τ, it holds for all ὁ of ordern + 1. Thus starting with s;, the only 
t of the first order, we may apply mathematical induction to show that, 


for all values of t, 
sint < Lt < tani. (201) 


By taking a sequence of values ¢ approaching any real value x, we 
deduce from this that: 
sina < Las tanz. (0 <x < 90). (202) 


If we take the relations (202) and (201) in place of the relations (189) 
and (190), we find by the reasoning used to derive equation (200) that 


sin (x +t) < L(x +t) < tan (x + 2). (203) 
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Since any real number in the range 0,90 may be written as the sum of 
another real number and a value ¢ in this range, it follows from the last 
relation that we may omit the equality signs in equation (202). Thus 
we have, for any real z, 


snz<Lz<tanz, if 0<2< 90. (204) 
This relation implies that 
L cos x < —= < L. (205) 


Since the cos x is continuous, when x —>0+, cos x— 1, and we may 
deduce from this equation that: 
lim ——— = L, (206) 


20+ ἢ 


and 
tan x . sing 1 
lim = lim — 
“«--οὐ 1 --Ὁ © Ccoszr 
The numerical value of L could be computed to any desired accuracy 
by using a sufficiently large value of n in the relation: 


ape 
Sn Sn | 
and, in fact, was computed in practically this way by Archimedes. 
The geometric interpretation of the limit L may be seen by noting 
that, if z = 360/(2n), the perimeter of a regular polygon of n sides 
inscribed in a unit circle is 


= ἢ. (207) 


SIN Sy 


(208) 


Pa = Insin = 860 "τ" | (209) 


while that of a circumscribed regular polygon of n sides is: 
tan x 


P, = 2n tan x = 360 (210) 


The limit of either of these expressions as n becomes infinite is 360L. 
As the length of the unit circle, defined to be equal to this common 
limit, is denoted by 27, we have: 


8601, = 2e, or L= ἘΠῚ where + = 3.14159-+- (11) 


65. Values for Other Ranges. If we wish to have equations (145) 
and (146) hold for the values a = z, ὃ = 90 we must have: 


sin (x + 90) = cos 2, cos (x + 90) = —sinz. (212) 
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On the other hand, if these equations hold, we may deduce that the 
relations (145), (146), and (147) hold for a = x + 90,6 if they hold for 
a,b. Thus we may use the equations (212) to extend the definition to 
values of z in the range 90 < x = 180, and the relations (145), (146) 
and (147) will continue to hold in the extended range 0 S x S 180. 
We may repeat this any number of times, and so define the functions 
sin x and cos z for all positive values of 2. 

The equations (172) and (173), which we deduced from the three 
fundamental relations, will also hold for all positive values. If we wish 
these to hold for the values a = x, b = —zx, we must have 


sin (—x) = —sinz, and cos (—2) = cosz. (213) 


Again, if these equations hold, equation (147) holds for a = —z, if it 
holds for a = x. Also, in view of the relations (213), equations (145) 
and (146) for a = y, ὃ = -- reduce to equations (172) and (173) for 
(a+b) =y,a=-2. Thus we may use the equations (213) to extend 
the definition to negative values of x, and the three fundamental rela- 
tions will continue to hold in this extended range. 

Since (sin z)/z does not change when we change the sign of x, in view 
of equation (213), we have for the extended functions: 

. sine T 

ον ΡΝ ABO. 


(214) 


56. Radian Measure. The functions sin x and cos 2, which we deter- 
mined in sections 53 and 55, depended on the initial choice of 90 as the 
smallest positive value of x for which sinz = 1. This choice, based on 
the measurement of angles in degrees, is convenient for practical trigo- 
nometric computations, and is traditional in such work. 

However, any other choice would have done as well. If we had used 
the positive number gq in place of 90, we could have carried through the 
entire discussion as before, and would have found the functions S,(z) 
and C,(x) related to those in the preceding section by the equations: 


S,(x) = sin (00 =) and C,(r) = cos (0 =) : (215) 
For these functions, the relation (214) would be replaced by: 
lim 22 Sg eee (216) 
ro) Ft y—>0 gq ᾳ 
90 


Since the limiting relation (214) occurs quite often in mathematical 
analysis, it becomes worth while to simplify it by a suitable choice of g. 
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We do this by taking g = 1/2, which reduces the right member of 
equation (216) to unity. 

Since 7/2 is the length of a quadrant of a unit circle, this choice corre- 
sponds to the geometrical measure of central angles by the arcs they 
subtend on a unit circle, or by the arcs they subtend on any circle 
measured in terms of the radius. Hence this is called radian measure. 
From now on we shall use radian measure exclusively, and use sin x to 
mean S,(x), with g = 7/2. When we wish to use S,(x) with q = 90, 
the function determined in section 55, we shall write sin xz°. Thus, we 
have with this notation: 

ο 
sin x = sin (=) , (217) 
from which we can obtain the function of z for radian measure if we have 
tables of these functions for z in degrees. 
With the new notation, the limiting relation is: 


i cree Ὁ (218) 


--»Ὁ F& 


The inequality (204) may now be written: 
sinz<2< tana, if 0<a<s. (219) 


57. Characterization of the Functions sin x and cos x. Using the 
results of the preceding constructive discussion, we may now formulate 
a brief arithmetic characterization of the functions sin xz and cos 2. 

The functions sin x and cos x are two functions having the following 
properties: 


sin (« + 2’) = sin z cos 2’ + cos ὦ sin 2’, (220) 
cos (ὦ + 2’) = 608 2 cos 2’ — sin x sin 2’, (221) 
cos* x + sin? x = 1, , (222) 


for all real values of x and x’, and the special property: 
lim —— = 1. (223) 


It is possible to define the functions for all values of x so that these proper- 
ties are satisfied, and there is only one way of doing this. 


The functions sin x and cos z of the preceding section have these four 
properties. We shall now show that any other pair of functions having 
the four properties must be identical with sin z and cosz. Accordingly 
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we consider two functions 5 (5) and C(x) which are defined for all real 
values of x, and which satisfy the relations: 


S(z# +2’) = S(x) C(z’) + C(x) S(z’), (224) 
C(x + 2’) = C(t) C(2’) — 8586) 567), (225) 
C?(x) + 524) = 1, (226) 
and 
a ceils (227) 
z—>0 ὦ 


From the last relation, S(z) must be differerit from zero for some value 
of z. Let x have such a value, and put τ΄ = 0 in equations (224) and 
(225). The result is: 


S(x) = S(x) C(O) + C(x) 500), (228) 
C(x) = C(x) C(O) — S(x) S(O). (229) 
It follows from these equations that 
S(x) {{C(0) — 115 + 5200)} = 0, (230) 
or, since S(x) is different from zero, 
C(0)=1 and S(0) =0. (231) 


Again, from the relation (227), S(z) must be distinct from zero for 
sufficiently small values of z, 0 < [2] < hy, so that 


lim S(z) = baie πῶς = Ὁ. (232) 
2—»0) 


By reasoning from equations (224), (225) and (226) as we did in the 
derivation of equation (179), we may prove that: 


(9) — S(a1) = 2C (24) s(25*) | (238) 


Since the values of C(x) never exceed 1 numerically, by equation 
(226), the right member of equation (233) approaches zero if x2 — 2 
approaches zero, in view of the relation (232). Thus, if 2; is fixed, and 
2 21, S(x2) —> S(x1) and the function S(x) is continuous for all 
values of x. 

We may also deduce from equations (224), (225) and (226) by a 
similar argument that: 


Cae) — Clim) = —28 (5 152 8 (254). (234) 
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from which we may infer that the function C(x) is continuous for all 
values of zx. 

Since C'(0) = 1, there is some interval 0 < x S hg throughout which 
the functions S(x) and C(x) are both positive, in view of the continuity 
at zero, and the relation (227). Put 

tn = erat so that = ‘n= = == Sn, (235) 
and r, radians corresponds to s, degrees. Since 7, is positive, and when 
n becomes infinite r, —> 0 and hence sin r, — 0, we may find a value of 
n, say N, such that 

0<sinry < S(hg). (236) 


Also, since the function S(xr) is continuous in the closed interval 0,ἢ2 
and sin ry is an intermediate value, it is taken on. Thus there is 
some value, ἢ, in the interval 0,h2 for which 


S(h) = sin ry. (237) 
Since C'(h) is positive, and satisfies equation (226), we must have: 
C(h) = cosry. (238) 


But it follows from equations (224) and (225), with z = z’, that 
S(2r) = 25(5) C(x) and C(2x) = C(x) — S?(z). (289) 


Since the functions sin x and cos x satisfy similar equations, it follows 
that 


S(2%h) = sin (2%ry) = sin 4: (240) 
and 
C(2%h) = cos (2% ry) = C08 = = 0. (241) 
Again, from the second equation (239) and equation (226) we may 
deduce that: 
1 -- 1+C 
(2222, o()-12 22. om 


Since these are similar in form to the equations (151), and the values 
of S(x) and C(x) are positive for all z between 0 and ἢ, it follows that 


r 


h ἃ h Ξ 
5 (2) = sin (3) = sin Syiz, and C (5) = COS Syiz. (243) 
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Hence 


Nhe os Wha " 
5 (7°) = sina and 0 (75°) = το τ᾽, (244) 


whenever x is of the form s,. And, since the addition theorems (224) 
and (225) hold, the equations continue to be valid whenever z is a 
value t. Finally, since all the functions involved are continuous, the 
equations must hold for all real values, at least in the range 0 S x S 90. 
It follows from the addition theorems and equations (240) and (241) 
that 
S(z ++ 2%h) = C(x) and C(z+2%h) = —S(x). (245) 
By comparing these equations with equation (212), we see that equa- 
tion (244) is valid for all positive values of x. 


From the equation (231) and the three fundamental relations we 
may deduce that : 


S(—xz) = —S(x) and C(—z) = ((), (246) 
by reasoning analogous to that used in connection with equation (213). 
Since equation (246) has the same form as equation (213), it follows 


that the equations (244) are valid for all values of z. 
From the limiting relation (214), we have: 


Wha 
5 90 sin 2° T 
= lim—— = —: (247) 


But, if we put ὦ = 2%hx/90 and use the relation (227), we find: 


WDNhx 
s(75) 


_ 2Nhn S(u) 2Nh 
ΤῺ --- —— = 


in———_ = ----- 248 
ee oo a 00 (248) 
A comparison of these last two relations gives: 
N 
Ny} — ὲ a 2 ha ἘΣ Ἔν 94 
2h 5? 80 that ὦ 00 780° (249) 
and hence by equations (217) and (244): 
“XY O 
S(u) = sin (=) =sinu, and C(u) = cosu. (250) 
τ 


This proves our contention that any pair of functions satisfying the 
four stated relation must be identical with sin x and cos 2 for all real 
values of 2. | 
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It is an interesting fact that the original conditions made no explicit 
reference to the number z, but that these conditions determine 7/2 as 
the smallest positive number for which 


S (=) =1 and C (=) = 0. (251) 


58. Properties of the Trigonometric Functions. From our present 
point of view, all the formulas involving functions of the sum or differ- 
ence of x and an integral multiple of 1/2 follow from the addition and 
subtraction theorems, and the fact that: 


sin 5 =1, cos = = 0. (252) 
In addition to the relations: 
sin 0 = 0, cos 0 = 1, sin (—z) = —sinz, cos (—xz) = cosz (253) 
and 
: π τ : 
sin (2 + 3 = (05 2, 608 (2 + =) = —sin 2, (254) 


which are essentially those already used to extend the range of definition 
beyond the first quadrant, we note that 


cos x = sin ( -- ) (255) 


We easily find from equation (252) and the addition theorems that: 
sin z = 0, cos7 = —1; sin 2x = 0, cos 2x = 1. (256) 


Since the functions of 27 are the same as those of 0, the addition 
theorems show that x + 2m has the same functions as ++ 0, or 2. 
Thus the sine and cosine each admit the period 27. It is the smallest 
period for the cosine, since no value between 0 and 27 has cos x = 1. 
It is the smallest for the sine, since the only value between 0 and 2x 
which makes sin x = 0 is z, which is not a period since sin (x + 7) = 
—sin 2. | 

Similar reasoning shows that the tangent and cotangent each admit r 
as their smallest period. 

We have shown that many of the identities involving the sine and 
cosine derived in elementary trigonometry hold for the functions as 
defined in section 56. Since all the remaining identities involving the 
sine and cosine can be derived from those here proved by algebraic 
means, we shall feel free to use any of their elementary properties in the 
sequel. 
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Identities involving the other functions may be considered identities 
in the sine and cosine, in view of equations (144). 

59. The Derivative of the Sine and Cosine. The derivative of the 
function sin x, in accordance with the definition (67) of section 45 is 


sin (x +h) — sin 


lim ————--—_—— » (257) 
h—>0 h 
if this limit exists. 
But from equation (179) or (233), 
h h 
sin (@ +h) -- sin 2 = 2.c08(2 +5) sin 5 (258) 
so that: 
sin 
sin (ex +h) —sinz ( ;) 2 
7 = cos{a + 5 "Ὴ (259) 
2 


Since the cosine is continuous, the first factor approaches cos z 
when ἢ -Ὁ 0, The second factor approaches unity, by equation (218). 
Thus the limit is cos x, and we have: 


If f(z) = sin x, then f' (2) = cos 2. (260) 
In a similar way, using the equation 
cos (x +h) — cosz = —2 sin (2 + 5) sin = (261) 


we may show that 
cos (ὦ +h) — cosz _ 


lim = —sgin 2, (262) 
h—>0 h 

so that: 

If f(z) = cos 2, then f'(z) = —sin 2. (263) 


60. Inverse Trigonometric Functions. Since the continuous func- 
tion y = sin z increases from —1 to 1 as x increases from —2x/2 to x/2, 
the inverse function z = sin /y is continuous, and increases from 
—x/2 to x/2 as y increases from —1tol. This is the principal branch 
of the function z = sin™! y. Other branches are obtained by taking 
other intervals, (n — 1/2) to (n+ 1/2), where n is a positive or 
negative integer, in which the sin x either increases from —1 to 1, or 
decreases from 1 to —1. Collectively, the branches make up an infin- 
itely many-valued function sin y. 


ArT. 61] POLAR COORDINATES 91 


In any application where y varies in one sense within the range —1,1 
we may restrict ourselves to one branch, and usually find it convenient 
to use the principal branch. Where y varies in some other way, for 
example increasing to 1 and then decreasing, we may either use intervals 
in which y varies in one sense, and treat these intervals separately; or 
we may regard the relation z = sin’! y as equivalent to the relation 
y = sin x, and use such branches for the different intervals that z varies 
in one sense as y increases to 1 and then decreases. 

Similar reasoning shows that the functions cos! y, tan™! y, cot! y, 
sec! y and esc! y are continuous and monotonic in certain restricted 
ranges. 

The values of the principal branch of the csc™ y are those in the range 
—r/2S2 82/2. In fact csc! y = sin! (1/y). 

For cos! y and sec’! y = cos! (1/y) the values of the principal 
branch are those in the range 0 S$ x S =. 

For the functions tan™! y and cot! y = tan™! (1/y) the values of the 
principal branch are those in the range — 7/2 S x S 7/2. 

We note that for this branch, . 


tan") (—0) = and tan”! (+0) = 5 (264) 


= 
2 
in the sense that if 


z=tany and y=tan'z, and = ahs S (265) 


then 
I> —@ asy—> τὸ +, and +--+ as y >> — (266) 
Since 
lim tanz=-+o and lim tanz = —o, (267) 
m5 — a> it 


we can only write 
lim [δ 4 = ©, (268) 


2 


and the notation sometimes used, tan 7/2 = © or tan r/2= +o, 
must be interpreted as meaning no more than the last two equations. 
Similar remarks apply to the notation csc Ὁ = © and sec 7/2 = οο, 
61. Polar Coérdinates. Let x and y be the Cartesian coérdinates of 
@ point in a plane, as in section 18. The polar codrdinates of the point 
may be defined as any pair of values γ,0 satisfying the relations: 


r20O and z=rcos0, y=rsin@. (269) 
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We proceed to discuss the solutions of this system of equations. The 
equations imply that 
vty? =r?, and r= 4V2?4+ y7, (270) 


Thus the value of r is uniquely determined. Geometrically it is the 
distance from the point to the origin. 

If x and y are both zero, r is zero and @ 
is unrestricted, since if z = y = r = 0, any value 
of @ will satisfy the equations (269). 

For x and y not both zero, r is positive, and the 
value of θ must then satisfy 


cos6=—, sing = ἡ. (271) 
r r 


Fia. 8. 


If x = 0, sincer #0, y #0. If y > 0, 6 = x/2 will be a solution, 
while if y < 0, 6 = —x/2 will be a solution. 
If « ~ 0, then @ must satisfy the relation: 


(272) 


8 Ie 


tan θ = . or @= tan? 


This relation determines a unique value of θυ in the interval 
—x/2 «9 < x/2, the value for the principal branch of the preceding 
section. This value 6 will either satisfy the equations (271) and (269), 
or will be such that 4) + 7 will satisfy them. Thus the equations 
(269) have a unique solution in the interval —1/2 S @ < 3x/2, when- 
ever r ¥ 0. | 

Since cos 6 and sin @ each admit the period 27, there will be a unique 
solution, if r ~ 0, in every interval 


asxs@<a+2r or 6<6506+ 2π, (273) 


and if θ1 is one solution, all the solutions will be given by θ = 0, + 2k, 
where k is zero or a positive or negative integer. 

Geometrically, r is the length of the radius vector, and @ is the angle 
measured from the positive z-axis to the radius vector. We shall refer 
to (7,0) as the polar coérdinates of the point with Cartesian coérdinates 
(z,y). We have thus proved: 

If a point has Cartesian coérdinates (x,y) distinct from (0,0), the relations 


z=rcos@ and y=rsin#é,r>0 (274) 
determine uniquely a pair of polar codrdinates 7,6 in the range 


αΞθε«α- 25, (275) 
determined by a. 
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EXERCISES II 


1. For what real values of 2 does x7 define a real number? For what values is 
this function continuous? For what values of x and y is z¥ a continuous func- 
tion of the two variables? Similarly for (x?)¥/2? 

2. An explicit algebraic expression is one built up of one or more variables 
and constants by the four fundamental operations, together with root extrac~ 
tions. Prove that such an expression is continuous for any set of values of the 
variables which does not make a denominator zero, or an expression whose even 
root is taken zero or negative. 

3. Prove that oars (1+ 2/n)" = e*. Hint: Put n = 2/h, when z ¥ 0. 

n+ 


4. Show that if x > 0, the function 
2 n 
Sn(x) = ἜΤ ΤΟΝ evereres esc 
2! n! 


for fixed x increases with n, and approaches a limit as n> +. Hint: To 
obtain an upper bound, note that if m > 2z, the terms from the (m+ 1)th to 
the (m + k + 1)th do not exceed 


A vie 1 1 1 32” 
1 — oe ΓΕ 28 @ 
= ( ἜΣ ΤΣ + \< 


m! Qk m! 


δ. Prove that e?7 = lim (l14+2+27/2!+---2"/n3), if <>0. Hint: 


n—>-+-00 
Use problems 3, 4 and argue as in section 46. 
6. Prove that, if lim [f(z + 1) — f(z)] = L, then lim f(z) /x = L, if f(x) 
---»- r—>+00 
is bounded on every finite interval. Hint: If a< f(x +1) — f(x) « ὃ, for 
τ» αὶ, an< f(x +n) — f(x) < bn, and opt IM) < fe π᾿ < aa ΔυᾺ 
rtn rt+n rt+n 
For 2’ < α  τ' +1, [1}]] < M, and hence, for n> wv, 
a—e<f(xtn)/(a+tn)<b+e. Now find’ fora=-L—¢4b=L+e, 
so that forany y > 2’ +n’+1,y=2+nwithn >n’andz’ “ἡ 5 τ΄ +1. 
Hence lim f(y)/y = L. 
7. Show that the boundedness condition of problem 6 is necessary by con- 
sidering f(z) = cot rz, x ¥ nan integer, and f(x) = 0, x an integer or zero. 
8. Prove that if ere (f(x + 1) — f(z)] = +0, and f(z) is bounded from 
2 ““» 000 


below on every finite interval, lim f(x)/x = +0. 
z—>+0 


9. If f(x) is bounded on every finite interval, and as z—> +-0, the upper and 
lower limits of f(x + 1) — f(x) are B and A respectively, while those of f(x) /x 
are B’ and A’, show that A S A’ S Β' Ξ3 B. Consider sin 2π2 as an example. 

10. Show that problem 9, Exercises II is a special case of problem 6, and 
formulate extensions of that problem analogous to problems 8 and 9. 
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11. Prove that, if f(x) is positive and together with 1 /f(x) is bounded on every 
finite interval, and lim f(x+1)/f(z) = L>0,then lim f(z)/* = L. Hint: 
I—> +0 z—>-+0o 


Apply problem 6 to F(x) = log f(z). 
12. Formulate extensions of problem 11, based on problems 8 and 9. 
13. Prove that, if f(x) is positive and bounded on every finite interval, and 
lim f(z + 1)/f(z) = 0, then lim f(x)'/* = 0. This is an extension of prob- 
.-» Ἔο :-»ἜΟ 


lem 11. 
14. Prove that e7 > x"/n !, for any x > 0, and na positive integer. Deduce 
that lim οἴ πὶ = + 0, ast— +o. Hint: Use problem 5. Take n = m+ k. 


15. Prove that lim χ5 8 5 = 0 for any real u. Hint: Use problem 14, or 
r—>+0 


problem 13 for the case u > 0. 


16. Prove that if w is any real number, and p> 1, that lim z%p-* = 
--»Ἔο 


Also that aia (log y)*/y = 0. Hint: Put y = e* and use problem 15. 
17. pecs. "Gai for any real value of u and any positive value of m, 


lim (log y)“*/y™ = 0, and lim (log y)“y™ = 0. Hint: Use problem 16. 
y+ _y0t+ 


18. Prove that lim Wt = 1, and hence that lim 27 =1. Hint: Take 
20+ 


z—>+2 
logarithms and use problem 16. 
19. Prove that lim W/n!= +0. Hint: By problem 14,~0/n!> xe-*/™ 


"-- +0 
=nieifx =n. 
20. Prove that lim n(x” — 1) = log 2, if x > 0. Hint: Put n = 
N—>+0 


(log x) /h, and use equation (127). | 
21. Prove that lim Oe is f(z) if <>0, g(x) if <0 and 
N—P+00 
[f(0) + g(0)] [2 if x = 0. 


22. The function sgn z, read “ signum 2,” is defined to be 1 if x is positive, —1 
3 


if x is negative, andsgn0 = 0. Provethat lim case sgnz. Also prove 
n—>+o ΟἿΣ + 1 


that lim Ξ tan! nz = sgn 2, if the principal branch is used. 
n—>+o T . 
28. Prove that lim sin nwz = 1, and lim sinnxz = —1, if x is irrational and 
n— +0 through integral values. Hint: Use problem 32, Exercises I. 
24. Show that if f(z) = lim lim 2 μας 1[m sin? (n 1 π4)}}, then f(z) = 
προ m——+o Τ 


when z is irrational, and 0 when z is rational. 
25. Show that if f(z) = lim lim cos (n! xz), then f(x) = 0 when zis 


n—>+0O m—>-+o 


irrational, and 1 when z is rational. 
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96. Show that the function sin (1/z) has its oscillation equal to 2 for 
z=. See section 150. 

27. Prove that for any real value of u and any positive value of γι, the function 
(z?)™ sin (x?)* is continuous at x = 0 if, for u < 0, we define the value of the 
function to be 0 when x = 0. 

28. Suppose the function f(r) is defined for all rational values on a finite 
interval, and is uniformly continuous in the sense that, for any two rational 
values on the interval, |f(r’’) — f(r’)| < ε, any positive quantity, {γ΄ — γῇ < ὃ 
depending one. Prove that there is one and only one function f(z), continuous 
for all values on the interval, and such that f(r) = f(r) when z is a rational 
number r. 

29. Show that f(r) = 3r, 0S 7 S 2, is an example to which the preceding 


problem applies to give f(z) = 3z, but that the function f(r) = 


sin = 

r—V2 

may not be extended to a function continuous for all real values between 0 and 2, 

even though it is continuous at all the values r, in the sense that lim f(r) = f(r’). 
r—>r’ 


30. Prove that the result of problem 28 remains valid if the values r are 
replaced by any set of points on the interval such that every point of the interval 
is a limit point of the set. As examples of such sets we have that in problem 32, 
Exercises I, and the set 90m /2” used in. section 53. 

31. If f(z) is defined for all real values of x, is continuous at one point, and 
satisfies f(z + y) = f(z) + f(y), then f(z) = kz. Hint: Since f(x +h) -- 
f(x) = f(h), which does not depend on z, continuity at one point implies con- 
tinuity at all points. But if p and q are positive integers, it follows by induction 
from the original equation that f(p) = pf(1), and gf(p/q) = f(p). Hence, if 
f(t) = k, f(r) = kr for r a positive rational. The equation also shows that 
f(0) = 0 and f(—z) = —f(z), so that r may be zero or a negative rational 
number. Finally, by problem 28, f(z) = kz. 

$2. If f(x) is defined for all positive values of z, is continuous at one point, and 
f(xy) = f(z) + f(y), then f(z) = k log. Hint: Apply problem 31 to F(u) = 
f(e“). If u = logz and νυ = logy then F(u-+ 9) = f(xy). 

33. If f(z) is defined for all values of z, is continuous at one point, and 
f(z + y) = f(x)f(y), then f(z) = 45. Hint: If f(z) is zero for one value it is 
always zero. If not, since f(x) = [f(x /2)]*, all the values are positive, and we 
may put F(x) = log f(x) and use problem 31. 

34. Prove that none of the expressions: 


sin πὰ 1 1+ 2 sin rz 
- i. ἘΞ ἸΞΞ ΕΞ ΣΣ 
sin 72x 1+ ὦ sin πὰ x+xsin7er 


approach limits as s—> +, but that on any sequence including no integral 
values of x, the limit of the first is 1. 


sin ax tan ax 
and 


each — a. 


35. Prove that as x—> 0, μι 
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sin! az tan—! ax 
an 


36. Prove that as 2 —> 0, 


each—a. Hint: Put az = 


sin y; az = tan y. 


1 — cos x il 
37. Prove that lim ——~ ==>. Hint: Use either (1 — 605 2) = 
«“-»Ὁ & 2 


sin’ x ; ae x 
————» orl — cosz = 2 sin*{ - ]- 
1+ cosz 2 

COS X 


38. Prove that lim -———— = 1. 
--»τ,2 a /2 πὸ} 


CHAPTER IV 
DIFFERENTIATION 


In this chapter we shall study the special limit process, differentiation, 
which plays a central réle in the differential calculus. We outline the 
fundamental theorems on differentiation, with particular emphasis on 
those points which are apt to be inadequately treated in a first course. 

We then proceed to the mean value theorem, and various theorems 
about derivatives and applications of differentiation related to it. 

62. Definitions. If y = f(x) is a function of x, the derivative of the 
function for a particular value of 2, is defined by 

νῷ = κα: ἢ = FO), 5 
h—>0O h 
as we stated in section 45. 

As the denominator of the fraction, h, is an increment of 2, it is fre- 
quently denoted by Az, and the numerator, being an increment of y 1s 
denoted by Ay. This leads to the more condensed form of the definition: 


fia) = tin: (2) 


This does not indicate which value x is being considered, unless supple- 
mented by 


Ay = f(z + dz) — f(z). (3) 
The alternative notation for a derivative, 
dy d : , 
““ ες 4 
χ a (y) in place of 7 (x), (4) 


is intended to suggest the defining relation (2). 

We recall that the notation ἢ --ῦ Ὁ or Ax — 0 implies that h or Az 
may approach zero through any sequence of values, each of which may 
be positive or negative but may not be zero. 

To say that the function f(z) has a derivative at x usually means that 
for this z, the difference quotient which appears in equation (1) 
approaches a finite limit. In this case the difference in the numerator 
must approach zero with h, so that the function f(x) must be continuous 
for the value of x considered. 
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However, if the function f(x) is continuous at z, and for this value the 
limit in equation (1) is plus infinity, we say that f(z) has the derivative 
+. Similarly, if the limit is — οὐ, we say that f’(z) = —oo. When- 
ever we wish to include these cases, we shall use the phrase, f(x) has a 
finite or infinite derivative. Note that, in all cases where f(x) has a 
derivative, finite or infinite, f(z) is continuous by our definition. | 

The interpretation of derivative as a slope makes it desirable to include 
infinite derivatives, as here defined, since the question of a function 
having 8 derivative is then related to the question of its graph having a 
tangent. Geometrically, an infinite derivative merely means a vertical 
tangent, and so may be introduced by a mere rotation of axes. 

If h is restricted to be positive and if the limit in equation (1) is 
obtained, this limit is called a right-hand derivative. Similarly, if h is 
restricted to be negative, the limit is a left-hand derivative. For 
example, if y = |z|, for 2 = 0, the function has a right-hand derivative 
equal to +1, and a left-hand derivative equal to —1. In the original 
sense, this function does not have a derivative at x = 0. 

The process of finding the derivative of a function is called differentia- 
tion. We say that a function may be differentiated in a closed interval 
a2 ὃ, if the function has a derivative at all interior points, a right- 
hand derivative at a, and a left-hand derivative at ὃ. The function 
f'(z), obtained from a function by differentiation, is sometimes called 
the derived function. 

63. Combinations of Functions. In view of the results of section 19, 
the definition of a derivative implies that the operation of differentiation 
is linear. That is, if u and v have finite derivatives, and k is a constant, 


then 
— (ku) = k— (5) 
x 


and 
d du 
at ee a (6) 


d dv 
7, (m= Ua toy (7) 


and 


=(¢)- A ET} (8) 
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It also follows immediately from the definition of a derivative that 


dz dk 
—= 1 —= 0 
dx pug dx’ (9) 
where k is a constant. 

The equations of this section enable us to derive the familiar formula 
for differentiating any polynomial: 


if f(z) = = aye”, Π() = = pagn?}, (10) 


By using equations (8) and (10) we may find the derivative of any 
rational function for a value of x which makes the polynomial in the 
denominator different from zero. 

64. Inverse Functions. We proved in section 37 that, if y = f(z) is 
2 continuous increasing function in some open interval including 2p, 
there is an inverse function z = f—!(y), which is continuous at yo, 
where Yo = f(x). Let us assume in addition that f(z) has a derivative 
at 2, finite and distinct from zero. Then 

dy 


/ _ Ay 
7 (Xo ρον. (11) 
where Az is the increment of xz at x, and Ay is the corresponding incre- 
ment of y at Yo. 

Since the inverse function ΚΓ 1(y) is continuous at yo, when Ay 
approaches zero, Az also approaches zero. Also since the function 1s 
increasing, Ay is distinct from zero if and only if Avis. Hence: 


1 1 1 


fin ΈΞ ΕΝ 12 
Δν--»Ὁ Ay Az—>0 Ay ij Ay dy ( 
omer im —_ — 
At arz-oAr dz 
This shows that z = f—!(y) has a derivative, and 
dx 1 
a = dy . (13) 
dx 


If f(z) has the derivative equal to zero, then f—*(y) has the deriva- 
tive +, while if f(z) has the derivative +, then f—*(y) has its 
derivative equal to zero. These facts follow from the relations (12) 
and the remarks in section 20, since Ax and Ay have the same sign. 

A similar discussion applies to decreasing functions. Here the inverse 
function has the derivative — οο, if the original function has its deriva- 
tive zero. 
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65. Composite Functions. Suppose that u=f(r) has a finite 
derivative at to, and that y = g(w) has a finite derivative at wo, where 
Ug = f(Xo). Then the function 


y = glf(x)] = F(a) (14) 
has a derivative at 29, given by 
d 
F’ (xo) = 9’ (uo)f' (to) or --" - - —- (15) 


To prove this, we first consider the case in which for all Ax ¥ 0 the 
corresponding values of Au are never zero. In this case we have: 


A Ay A 
Ss, (16) 
δὲ Au Az 
and the relation (15) follows by taking limits, after noting that when 
Az — 0, then Au — 0, so that 
A 
lim —2 = lim — = "Ὁ". (17) 
Ar—>o0 Au du—>o AU du 
This proof also applies if there are not arbitrarily small values of 
Az, say Ayz, distinct from zero, for which Au = 0, since in this case the 
Au will be different from zero when Az is different from zero and 


sufficiently small. . 
Now consider the special case in which there are arbitrarily small 


values of Az, Δι: ¥ 0, for which Au = 0. Then, on letting Az approach 
zero through such values, we find 
Δ | 
lim — = 0. (18) 
But, since wu has a derivative, the limit must be the same for all 
methods of approach of x to zero, and 


— = lim— = 0. (19) 


If we let Az approach zero through values Δι, we have Au = 0, so 
that Ay = 0, and hence: 


lim — = 0. (20) 


On the other hand, if we let Av approach zero through values of 
Az not of the type Az, say Aox, we have: 


A 
San No ak (21) 


Aor Au Aox 


ART. 66] LOGARITHMIC AND EXPONENTIAL FUNCTIONS 101 


so that, in view of equation (19), 
im — = —-0 = 0. (22) 
Thus, in the special case where there are sequences A,2, 


A 
lim —2 = 0, (23) 
Ax 
whether Az approaches zero through sequences Aix or Agz, and hence 
through sequences composed partly of one type and partly of the other. 
That is, the limit is zero for all methods of approach. 
Finally, since in the special case, 
dy _ du 


pee a 
Te 0 and 5 ; (24) 


while ἀν άπ is finite, we have 


~=Q=—-—, (25) 


so that the relation (15) also holds in the special case. 

A trivial example of the special case, where all values of Az are jz, 
is the case where f(x) = k, a constant. A better example is given by 
f(z) = x? sin (1/z) if zx ¥ 0, and f(0) = 0; g(u) = 2uwith uw = xr = 0. 
Here the values A;z are 1/(nz), where 7 is a positive or negative integer. 
Compare equation (70) in section 69. 

66. Logarithmic and Exponential Functions. We showed in section 
49 that 


(26) 


8S [μὰ 


d 
an (log x) = 


Since the function y = log z is increasing, we may find the derivative 
of its inverse function z = e” by equation (13), and 


d 1 
— (4) = ———— = rt = ὁ". (27) 
dy d 
—~ (log x) 
dx 
If we now interchange x and y, this becomes: 
| d 
-- (65) = e”, 28 
= (δ) τι ὁ (8) 


We may write 
υ" = eI” ify >. (29) 
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If u and v are functions of x with finite derivatives, we find from this and 
equations (28), (16), (7), and (26) that: 


d du dv 
— (y“) = y*] as Mm, 
7 (Ὁ) υ ogy + w nae (30) 
As particular cases of this, we have: 
d 
π, P= PR loep, p> 0, (31) 
where p is any positive real number, and - 
_ ᾿ 
— (*) = χα 1, «> 0, (32) 


dx 


where k is any real number and z is any positive number. This formula 
remains valid for negative values of x if k is a rational number with an 
odd denominator, as we may show by using the equations (12) and (13) 
of section 40. For any value of k > 1, the function σῇ has a right-hand 
derivative 0 at x = 0, as a direct application of equation (1) shows. 
Thus whenever the right member of equation (32) is finite for x = 0, it 
equals the value of the right-hand derivative. 
The special result 


1 
— «(ἢ = -“"᾿ x #0, (33) 


may be combined with equations (15) and (7) to give an alternative 
derivation of equation (8), since ων = εὐ. This point of view is 
sometimes convenient in differentiating a fraction. 

The method of logarithmic differentiation consists in taking the 
logarithm of a function before differentiating. The derivation of equa- 
tion (30) from the relation (29) was equivalent to this method. For 


example consider the product: 


Y = UjUollg ++ Un. (34) 
We find: 
n 1 dy " 1 du; 
] = ] ty _——— - ταν 35 
Ἔν Σ log u y dz A dx’ (95) 
so that: 
n d ; 
a eke (36) 


dx {Ξι τὸς az 


Since the last expression, with the τὸς cancelled out, must agree with that 
obtained by repeated use of equation (7), it must hold in this form even 
when some of the u; are zero or negative. 
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For the sake of completeness, we note that since 
_ 1 
log p x 


log x dad. 
ee, (log, 2) 


log p "dx ep 


log, z = 
This is essentially equation (108) of section 48, which was our reason for 
introducing natural logarithms. 


67. Trigonometric and Inverse Trigonometric Functions. Weshowed 
in section 59 that 


d d 
a (sin 1) = cos 2, ae (cos 2) = —sin z. (38) 


It follows from their definitions in terms of the sine and cosine that: 


d 
= (tan 2) = sec? g, dz (cot z) = —esc? ὦ, (39) 
and 
d d 
= (sec x) = tan x sec 2, op (csc x) = —cot x 686 x. (40) 


For the principal branch of z = sin™' y, as defined in section 60, 
—x/2 <2 « x/2, cos x is positive. Hence we have from section 64: 


1 
= ----. .-. = --------. 41 
y) cosz V1 — y? (41) 
Interchanging x and y, we find 
i oe ΒΘ at Sates Zz 
7, en λει emer 9 ~ sin -«- 
By similar reasoning, we find, for values οἵ y in the first quadrant, 
0<y < 2/2, 


(42) 


d =i d | d = 
(esc x) Wea a (ἰδ x) ie (cot x) τ 3 (43) 


These formulas may be modified to extend to all branches of the 
functions, by the use of 


d i —1 : ; 
— (sin 2) = —==— when Cos y 1s negative 44 
(sin 2) = yis negative, (44) 


d l 1 Φ a a 
— (cos * x) = ——_ when sin y 18 negative (45) 
a ‘ \"Vi-# ᾿ ᾿ 
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d ; —1 

— (66 =——==  whent ti 4 
dn (sec " 2) year when tan y is negative, (46) 
(csc * x) es when cot y i ti (47) 
- 2) = en y is negative. 

dx aV x? — 1 Ξ 


In each case y is the value of the inverse function, and the earlier formulas 

(42) and (43), which have the opposite sign, are to be used whenever the 

functions of y explicitly mentioned in each case as negative are positive. 
To illustrate the necessity for care, consider the differentiation: 


") du --Ἰ --Ἰ 


1 
w= 00s (ἢ Soe -- -- -πεξεες:. 
de Vi-(i/z)? τῷ χν 3 --Ἰ 


z 
The sign used in the differentiation must be changed if sin wu is negative, 
and the multiplying in of z, or use of x = ν΄", is correct if x 1s positive, 
and requires an additional change of sign if zis negative. Asz = secu, 
the result as given is correct if sin wu and sec u have the same sign, that is 
when tan u is positive. Otherwise the sign should be changed. This is 
in accord with equation (46), since u = cos! (1721) = βεο ἦ z. 
68. Hyperbolic Functions and their Inverse Functions. The hyper- 
bolic sine and cosine are defined in terms of the exponential functions: 
-- gt e+e? 


sinh 2 = = and coshz = 5 


(48) 


(49) 


The other four hyperbolic functions are defined by equations analogous 
to those for the trigonometric functions: 


inh I 
fan τε τ coth x ες issue (50) 
cosh x sinh x 
sech x = » eschz = - ; (51) 
cosh x sinh x 


The properties of these functions may all be deduced from these equa- 
tions and from the properties of the exponential function. 
In particular: 
cosh? 2 — sinh? x = 1, (52) 
and 
coth? « — esch?z = 1, tanh? z + sech? x = 1. (53) 
Recalling equation (28), we find: 


d d 
— (sinh x) = cosh 2, a (cosh x) = sinh z. (54) 
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By using equation (8), and the equations of this section, we find: 


d d : 
re (tanh x) = sech? g, da (coth z) = —esch? a, (55) 


= (sech x) = —tanh 2 sech 2, " (esch “) = —cothzeschz. (56) 


It may be seen from equations (49) that cosh zx is always positive, 
while sinh z is positive for positive x and negative for negative z. 
Also that: 


sinh (—z) = —sinh x and _ cosh (—2) = cosh 2. (57) 


_ While a simple method of systematically obtaining identities in hyper- 
bolic functions from the corresponding ones in trigonometric functions 
will be given in section 106, we note here that the addition theorems are: 


sinh (a + ὃ) = sinh a cosh b + cosh a sinh ὃ, (58) 
cosh (a + b) = cosh a cosh ὃ + sinh a sinh ὃ. (59) 


They may be verified by using equation (49) to reduce each side to a 
combination of exponentials. The subtraction theorems may be found 
by replacing ὃ by —b and using equations (57). We may then deduce 
that: 


sinh (x + h) — sinh x = 2 cosh (: + 5) sinh a (60) 
and 


cosh (x + h) — cosh x = 2 sinh (2 + 5) sinh . (61) 


by a procedure analogous to that used for the corresponding trigono- 
metric equations. It follows from equation (60) that sinh x increases 
for all values of x, and from equation (61) that cosh z increases for all 
positive values of x Thus we may define the inverse functions 
z= sinh !y, and z=cosh ly. The latter is only defined for y = 1, 
and has two branches, a positive and a negative branch. ‘The increas- 
ing or decreasing character of the remaining functions may then be 
inferred from equations (51) and (53). Thus we may define tanh” y, 
coth! y and esch™ y which have only one branch, and sech? y which 
has two branches, one positive and one negative. We may find the 
derivatives of these functions as we did for the inverse trigonometric 
functions. The results, with x and y interchanged, are: 


dw, 1 ἀ, 


1 


--} 
--ππ Ξ-Ξ3ῈῪ“ἑΞΞ-Ξ:Ξ:3:ξ:ἃ:ΞῸπ.Ε:ΞἕἑἑΞΕΞ, 62 
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d d A 
Tn (tanh! 1) ΞΞ ? a (coth ἢ x) = = 9? (63) 


1 -- 2’ 
and, for the positive branch: 
d = 1 d ee —1 
Ἵ; (cosh x) = aay Te (sech™* x) = ma rae (64) 


The signs must be reversed in these last: two equations if we use the 
negative branch, that is the branch for which y and hence sinh y are 
negative. 

We observe that the inverse hyperbolic functions may be expressed 
in terms of logarithms by such formulas as 


1 1+2 
- ase, 
tanh z = 5 08 i= (65) 
and 
sinh! ¢ = log (x + V2? + 1). (66) 


69. Elementary Functions. An elementary function is one which 
can be explicitly represented in terms of constants and the independent 
variable by means of the four fundamental operations and the basic 
elementary functions discussed in Chapter III, using at most a finite 
number of operations and a finite number of basic functions. For 
example, the hyperbolic functions and their inverses are elementary 
functions. While it is convenient to use fundamental formulas involv- Ὁ 
ing the power, z*, logarithms and exponential functions to any base, the 
six trigonometric functions and their inverses, as well as the six hyper- 
bolic functions and their inverses, we only need to take the functions 
e”, log 1, sin z and sin! z as fundamental. For all the remaining func- 
tions can be expressed in terms of these, at least in a limited range of the 
variable. For example, we have: 


pt = eM" y > 0, 008 2 = sin (5 - 2) (67) 


and, for suitable branches of the inverse functions: 


x 
tan? zs = sin’! -σξξξξξ:: (68) 
V14+ 2? 


By using the principles of sections 63 and 65, in combination with the 
special formulas of sections 66 and 67, we may determine the derivative 
of any elementary function for all values of z in suitably restricted 
ranges. Whenever the calculation of the expression which represents 
the derivative for a particular value of x does not introduce the division 
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by, or taking of the logarithm of, an expression which reduces to zero 
for this value, or the even root, irrational power or logarithm of a nega- 
tive quantity, the expression gives the derivative. 

When the calculation does not lead to a definite result which is real 
and finite, the principles involved are no longer applicable. Frequently, 
the expressicn will fail to have a derivative for the excepted values of z. 


For example y = Vx forz = Oorz negative. In some cases the func- 
tion will have a derivative, as we may show by a direct appeal to the 
definition. For example, if y = x? sin (1/xz) and x ¥ 0, the rules show 
that 


dy = 2x ii - sae (69) 
dx x x 

If z = 0, this expression contains a vanishing denominator. Moreover, 
as z— 0, the expressiou oscillates. The function itself, x? sin (1/z), 
defines no value directly when x = 0, since it contains a vanishing 
denominator. However, as x — 0, it approaches 0, so that it is natural 
to define y = 0 when z = 0, since this is the only value that will make 
the function continuous at zero. If we do this, so that f(0) = 0, 
f(x) = x? sin (1/z), « ¥ 0, then 


1 
) on se 
ΤῸ +h) — 70) foe a (70) 
h h h 


which approaches zero when ἢ — 0, since the sine factor is never numeri- 
cally greater than unity. Thus, the function f ) has a derivative at 
zero, and f’(0) = 0. 

We note that, as defined in this section, the inverse of an elementary 
function is not necessarily an elementary function. An example is 
y = 2x + sin g. 

70. Differentials. Let the function y = f(x) have a derivative 
f’(z) at the point x. Then the differential of the independent variable, 
dx, is any number, selected arbitrarily. It may be either fixed through- 
out the discussion, or dz itself may be regarded as an independent vari- 
able. The differential of the dependent variable, dy, is then defined by 
the equation 


dy = f'(x) dz. (71) 
In particular, ify = z, f’(x) = 1, 80 that 
dy = dz. (72) 


Thus the differential of a dependent variable equal to x is equal to the 
differential of the independent variable z. 
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Again, if a third variable ¢ is taken as the independent variable, where 
x = F(t) and y = G(t) have derivatives, we have in accordance with 
the equation (71), with x replaced by ὁ, 


dx = Β΄ (ὃ αὐ and dy = G’(t) dt. (73) 
But, by equation (15), 


=== or σ΄ - ΩΡ’ ὦ. (74) 


In view of this equation, the equations (73) together lead to 
dy = f(x) dx. Thus the relation (71) holds whether z, or some other 
variable ¢ is the independent variable. 

Having defined differentials satisfying the relation 


d 
dy + dx = Γ() ==, (75) 


we may now think of this last notation as an actual fraction, and when 
du τέ 0, regard equation (15) as equivalent to ordinary cancellation of 
common factors from a fraction. 

If we give x an increment, Az, equal to the number selected for dz, 
we shall have: 


dx = Az, dy =f’ (x) Az. (76) 
Again, if we put 
Ay oy 
ow = f'@) +a, (77) 
then 
f'(c) = lim — implies lim a =0. (78) 
Az—>0 AL Az—>0 
That is, 
Ay = f'(z) Av +a Az, where a—0Oas Ax— 0. (79) 


This shows that dy and Ay differ by a term a Az, so that, if we take a 
sequence of values Az approaching zero, the difference between dy and 
Ay for these values will not only approach zero, but will approach zero 
even when divided by Ax. Hence, when Az is sufficiently small, dy and 
Ay will differ by a small fraction of Av. In precise form: 


For any positive quantity e, there is a δε, such that if 
dy — Ay 


|Ar| < δ. then 7 


| « ε. (80) 
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If the increment Ay, corresponding to an increment Az, at the point z 
for a functional relation y = f(x) is such that for some A independent 
of Az, 

Ay = A Az-+aAz, where a—-0 as Ar—0, (81) 


the function f(x) is said to be differentiable. From the relation (79) it 
follows that, if f(z) has a derivative, the function is differentiable, with 
A = f'(z). 

Conversely, if a function is differentiable it has a derivative, since 
from the condition (81) we have: 


A 
lim — = lim (A +a) =A, (82) 
dz—>0 AX δ.-ὸ 
so that f(z) has a derivative, and f’(x) = A. 

71. Higher Derivatives. If we start with a function f(z), we may 
obtain from it by differentiation the derived function f(z). We may 
now take f’(z) and apply the process of differentiation to it. The result 
is: 

44 f'(@ +h) - "ὦ 
dx dx ; 


[f'(@)/’ = 


y = lim (83) 
h—>0 

if the fraction on the right approaches a limit. This derivative of the 

derived function is called the second demvative, or derivative of the second 

order, and is indicated by 


2 
dx?’ 


a contraction for the first two expressions in equation (83). The func- 
tion f’’ (x) is called the second derived function. 

Similarly, we may repeat the process of differentiation n times, and so 
obtain the nth derivative, or nth derived function: 


f(x) or (84) 


(n) any 
7. (4) or π᾿ (85) 

The derivative f’(x) is sometimes called the first derivative, when 
derivatives of different orders are under consideration. 

By restricting the increment h to be positive for each limiting process, 
we obtain right-hand derivatives of the nth order. Similarly, by 
restricting h to be negative, we obtain left-hand derivatives of the nth 
order. One application of these is to the higher derivatives of a function 
at the end points of a closed interval, outside of which the function is not 
defined. 
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If u = f(x) and y = g(u), as in section 65, we have 


y = glf(x)] = F(a), (86) 
and from equation (15) 
YU oe Be) = g' wf (a). (87) 
dx dudz | 


If we differentiate this by using equations (7) and (15), we find: 


ἂν d?y (du\’? | dyd?u 
da? (a) id (88) 
or F’'(c) = σ΄ (u)[f' (x)? + σ΄) (2). (89) 


By using this result we may find out. how second differentials depend 
on our choice of independent variable. Let us indicate the independent 
variable by a subscript and define second differentials by the equations: 


d? 
(ἀν). = (=) (dx)? = F’’(x) (dx)?, (90) 
and similarly 
2 d*y 2 7 2 
(Py)u = (5:5) (uy? = ow) (au? ΘΙ) 
and 
2 Pus 2 " 2 
(ude = (5.5) (dx)? = $2) (a) (92) 
Then, on multiplying equation (88) by (dx) we find: 
d 
(Py)2= (@y)y + Pues. (93) 
Since the last term in this equation is 
g’ (u)f’" (x) (dx)?, (94) 


it will be zero only in exceptional cases. Thus the second differential of 
y when z is the independent variable given by equation (90) will usually 
differ from the second differential of y when u is the independent variable 
given by equation (91). 

While second, and higher, differentials may be introduced, since they 
depend on the choice of independent variable, and are of little help in 
making a change of independent variable, they have few of the advan- 
tages of tue first differentials introduced in section 70. Consequently 
it is usually preferable to avoid them, regarding d"y/dzx” not as an 
actual quotient of two differentials, but simply as a suggestive notation 
for 7 repetitions of the operation of differentiation, (d/dz)”y. 
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72. The Rule of Leibniz. The formula for the differentiation of a 
product may be extended to higher derivatives, and is known as the 
Leibniz rule. If we denote differentiation of the factors of a product 
involving u by D,, and of those involving v by D,, then we may write: 


d du dv 
ap (uv) = (Dy + D,)ueo = ae + oe (95) 


since this agrees with equation (7). Since the operators D,, and D, com- 
bine like algebraic quantities, with respect to addition, multiplication, 
and multiplication by constants, it follows that: 


-- (ων) = (ἢ. + ι)ῆιυ 
dx 


= (v: + nD ΤΡ, + ma) Ὁ ΡΣ +--+ + Ds) uv 
d™u d™—1y ἂν n(n — 1) d™ *u dv d"y 
=7 nt ois tf aigat Tae 
dx dx"™~* dx 1-2 dx” “dz dz 
(96) 
where the coefficients are the binomial coefficients. 

In particular, when the factor v is x’, or a polynomial in x of the rth 
degree, where r is an integer, the expansion will contain at most r+ 1 
terms, since if n exceeds 1, all the terms after the (r + 1)st will contain 
a derivative of v of at least the (r + 1)st order, and hence will vanish. 

A similar rule could be developed for the nth derivative of a product 
of any number of terms, 


d 
dz" (wyUg - 5 * Um) = (δι + 1). Ἔ 5: + Dm)" uyjue "7 Um. (97) 


Here δ. denotes the differentiation of those factors of a product which 
involve u;,, and the product on the right may be expanded by the 
multinomial theorem. 

73. Rolle’s Theorem. This theorem states that: 

If f(x) has a derivative, finite or infinite, at all the points of an open inter- 
val,a <a <b, andif 


7 f(z) = 0 and lim f(z) = 0, (98) 


then at some point & of the open interval, a < — « ὃ, the derivative ts zero, 
Τῷ = 0. 

To prove this theorem, we define a function in the closed interval 
asz2r sb, by putting 


F(z) Ξ [(}Ἱ, α«χῳ «Ὁ; F(a) = 0, F(b) = 0. (99) 
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This function is continuous, in view of the condition (98), throughout 
the closed interval. Hence, by section 33, there is a point of the closed 
interval a,b at which the function actually takes on its maximum value, 
and a point at which the function takes on its minimum value. If both 
these points were end points, the function F(x), having its maximum 
and minimum values each equal to zero, would be zero throughout. 

Hence f(x) would be zero in the open interval, and 
ΖΓ ς. 7 (α) would be zero at all points of this interval, 
so that we could take any point of the interval as 
a ξ ' 
the point & of the theorem. 
ΤἼ6.9: Suppose then that one of the two points men- 
tioned, say the maximum, is an interior point. If this point is ἕξ, from 
the nature of a maximum, we have: 


F(é) 2 F(x), or f(€) 2 f(a). (100) 


Hence, for the derivative at &, we have: 


(eet Se 26 (101) 
h—>0+ h 
and also | 
Poe tas OS 25 (102) 
h—>0—- h 


Thus we must have 77 (ξ) = 0, and the theorem is proved. 

If the minimum is taken on at an interior point, the maximum being 
only reached at an end point, we may prove the theorem in a similar 
manner. Or we may consider —f(z). 

We call attention to the fact that the theorem does not require the 
function f(x) to be differentiable, or even to be defined, at the end points 
aand b. If it is differentiable at these points, it will be continuous at 
aandb. In this case, or whenever the function is continuous at a and ὃ, 
we may replace the condition (98) by the requirement 


f(a) = f(b) = 0. (103) 


In any case, the theorem shows that we may always take the point & 
as an interior point of the interval. 

74. The Mean Value Theorem. ‘This theorem is the analytic expres- 
sion of the fact that on any smooth arc of a curve joining the points P 
and Q, there is at least one intermediate point 7, such that the tangent 
to the curve at T is parallel to the chord joining P and Q. 

_If the curve is the graph of a single-valued function, y = f(z), it will 
be smooth if the function is differentiable. If the end points of the arc 
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are P = [a,f(a)] and Q = [b,f(b)], the slope of the chord will be 
10) — f@) . 

~ b-a 
will be f’ (x), the analytic formulation of the theorem is: 

If f(x) has a derivative, finite or infinite, at all points of an open interval 
a<2x «ὃ, and is continuous at the end points of (and hence throughout) 
the closed interval a S x S ὃ, then at some point 
ξ of the open interval, a « ὃ «ὃ, 


100) — f(a) ᾿ (α) 
ὃ -- 


We prove this theorem by applying Rolle’s 
theorem to a function whose form is suggested 
by geometric considerations. If an ordinate at 
2 meets the chord PQ in καὶ and the curve in S, the 
part of the ordinate measured from & to S 15: 


Fe) = se) - [4 +O 


As the slope of the tangent to the curve at any point z 


= f'(é). (104) 


(x — -a)| (105) 


Since f(z) is continuous in the closed interval a,b and has a finite or 
infinite derivative at all points of the open interval a,b, the function 
F(z) also has these properties. Moreover, a direct calculation shows 
that 

F(a) = F(b) = 0. (106) 


Hence F(z) satisfies all the conditions of Rolle’s theorem, and there is 
a point & in the open interval a < x < ὃ at which 


P@ =s@ -ΞῬΞ 9 


Ξ = 0, (107) 


which is equivalent to the equation (104). 

Since twice the area of the triangle PQS equals (b — a) RS, we might 
‘have proved the theorem by applying Rolle’s theorem to this doubled 
area, which in determinant form is: 


x f(x) 1 
a f(a) 1 | = 2A(xz) = (ὃ — a) F(a). (108) 
b f(b) 1 

It follows from Rolle’s theorem that: 
1 f(é) 0 
α f(a) 1} = 2A’(€) = 0, (109) 
b f(b) 1 
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which is equivalent to equation (104). The vanishing for x = a and 
zx = ὃ is seen from the fact that for these values the determinant in 
equation (108) has two rows identical. In differentiating the determi- 
nant, we may either consider the expansion or use the result of problem 6 
of Exercises IV. 

If we put ὃ = a + ἢ, we may write § = a + 6h, where 


0<6<1. (110) 


We shall frequently use the symbol @ for a suitably chosen number satis- 
fying this restriction. With this notation, the conclusion of the mean 
value theorem may be written 


ROS ALO = Ha + on), (111) 


or 


f(at+h) = f(a) + hf’ (a + 6h). (112) 


Since the left member of equation (104) is unchanged if we inter- 
change a and b, the equation is equally true if a > b, the condition here 
holding in the interval b,a. Thus we may take h negative, as well as 
positive, in the equations (111) and (112). 

_Ejther of the results (104) and (111) is sometimes called the Law of 
the Mean for the differential calculus. The term Law of finite increments 
is also used for equation (112), or its equivalents: 


700) -- [(α) = ὁ -- a) /'® (18) 
70) = f(a) + Ὁ -- a) 7. (114) 


As a particular result of equation (111), we note that for a finite h 
the difference quotient, whose limit as h — 0 is the derivative at a, is 
equal to the value of the derivative at a + 6h, a suitably chosen point 
between a@anda+h. _ 

75. Increasing Functions. In any interval throughout which 
f(x) > 0, the function f(z) is increasing. For, if τι and x2 are any two 
points in such an interval, we see from the law of finite increments that 


S(a2) — f(a1) = (te — 21) 7 (Ὁ. (115) 

Thus, since f’(¢) > 0, the differences f(z.) — f(a) and 22 — σι neces- 
sarily have the same algebraic sign, and 

f (x2) > f (21) if Hy) > 71. (116) 


As the statement that there is a derivative implies that the function is 
continuous, if f(x) has a positive derivative throughout an interval, 


and 
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y = f(z) is a continuous increasing function in this interval, and there 
is an inverse function z = f '(y). Hence the discussion of section 64 
is applicable, and in particular the equation (13) holds. 

A similar argument may be used if f(x) has a negative derivative 
throughout an interval. 

Whenever f’ (x) is continuous at 2, and not zero there, there is some 
interval including 2 in which f’ (x) preserves its sign, so that the equation 
(13) may be used at any point where the derivative is continuous and 
different from zero. 

If f' (x) 18 zero throughout an interval, the function f(x) must be constant 
in that interval. For in this case, for a particular value a in the interval, 
and any x, we have: 


f(x) -- f(a) = (α -- a) f’(®) = 0. (117) 


This shows that for all points x in the interval the function f(z) = f(a), 
and so has a constant value. 

Let us next suppose that the function f(x) has a derivative f’ (xz) > 0 
for all points of an interval a,b with the exception of a finite number of 
points p;. Then these points p; will divide the interval a,b into a set 
of subintervals. In the open interval corresponding to any one of these 
subintervals, the function f(x) will be increasing. We may use the closed 
intervals if the function f(x) is continuous at the points p;. Thus, if 
the function is continuous at the points p;, and hence throughout the 
interval a,b, it will be increasing in the interval a,b. The same argument 
applies if f’(x) > 0 for all values of x, all greater than a, or all less than 
b, except for a set of points p; at which f(x) is continuous. Here the p; 
may be infinite in number so long as they are isolated, that is, have no 
limit point. 

If we merely know that f’(x) = 0 throughout an interval, we can 
only conclude from the equation (115) that 


f(tz) 2 f(a) if m> nH, (118) 


so that while the function is monotonic, it is not necessarily actually 
increasing. 

While we may draw conclusions as to the behavior of a function from 
any restriction as to the sign of the derivative which holds throughout 
an interval, similar conclusions can not be drawn from such information 
at a single point. Asan example, consider the function y = f(z), 


where f(x) = 2+ 22? sin 20, and f(0) =0. (119) 
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This has a derivative +1 at the origin, obtained by a direct application 
of the definition or from equation (70). But, for values near zero 
though different from it we have: 


ae 1 
f(a) = 1 + 4 sin= — 2 cos- (120) 


which is negative in some points of every interval which has point z = 0 
as an interior or end point. 

Thus, although the derivative is positive at x = 0, the function is not 
monotonic in any interval including 0. This follows from the fact, a 
direct consequence of the definition of a derivative, that if f(x) is mono- 
tonically increasing throughout an interval, the derivative f’ (x) cannot 
be negative at any point of the interval. 

76. Relative Maxima and Minima. The term maximum, as used in 
section 33, referred to the absolute maximum (maximum maximorum) 
for the interval considered. A point at which the value of a function is 
greater than or equal to all values considered in the immediate neighbor- 
hood of the point, that is, in a sufficiently small interval having the 
point in its interior, is a relative maximum. Thus a relative maximum 
for the original interval is an absolute maximum for some sufficiently 
small subinterval. At the end points of a closed interval a,b we only 
consider values on one side. 

If f(x) is considered for the interval a < x « ὃ, and & is an interior 
point of this interval at which f(z) has a relative maximum, and at which 
f(x) has a derivative, f’ (£), then we may argue as in section 73 and deduce 
from equations (101) and (102) that f’(¢) = 0. Similar reasoning 
applies to the relative minima. This proves that: 

The relative maxima and minima of a function f(x) for the closed 
interval a S x S$ ὃ can only occur at the end points a and ὃ, at points 
where f(x) fails to have a derivative, finite or infinite, or at points where 
f'(z) = 0. 

In the examples treated in elementary calculus, the functions usually 
had derivatives at all the points considered. Either there were no end 
points, as when we considered a polynomial for all values of x, or the 
values taken on at the end points were not the maxima or minima 
wanted. Thus the desired points corresponded to f’ (x) = 0. 

Even in simple algebraic cases we sometimes need to consider the 
points where there is no derivative. Thus, if y = 27°, -l1 sx <1, 
the minimum occurs at the point x = 0, andis zero. There is no deriva- 
tive at this point, since the right-hand derivative is + ©, while the left- 

-hand derivative is — οὐ, 
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A sufficient condition for a relative maximum is given by: 

A point c, at which f(x) is continuous, and such that f’ (x) > 0 for some 
interval c —h < « c while f’(x) < 0 for some intervale <x <c+k, 
is a relative maximum. 


This statement follows from the preceding section, since as x increases 
through c, f(x) increases to f(c) and then decreases. 

Similarly : 

A point c, at which f(x) is continuous, and such that f’ (x) < 0 for some 
interval c — h < x < ς while f’(x) > 0 for some intervale <2 <c+k, 
1s a relative minimum. 


For functions with continuous derivatives, in these cases, f’(c) = 0. 
A less general test, in terms of higher derivatives, is given in problem 42, 
Exercises IV. 

77. Intermediate Values of the Derivative. A function may be 
continuous at a point without having a derivative at the point. An 
example is y = f(x), where 


f(x) = x sin =, x0, f(0) = 0, (121) 


which is continuous at x = 0, but has no derivative there, since the 
difference quotient sin (1/h) oscillates between 1 and —1 as h-—>0. 
In problem 10, Exercises IV, a function is given with no derivative at 
any point of an interval, throughout which it is continuous. 

Even if a function has a derivative at all points of an interval, the 
derivative need not be continuous at all points of the interval. Thus 
the function defined by equation (119) has a derivative for all values 
of z, but this derivative is not continuous at x = 0. Nevertheless, the 
derived function has in common with continuous functions the inter- 
mediate value property we proved in section 34. Specifically: 

If f(x) has a derivative f' (x), finite or infinite, at all points of a closed 
interval a S x Sb, then f’(z) takes on every value between f’(a) and 
f' (Ὁ) at some point of the interval between a and ὃ. 


Suppose, for definiteness, that f’(a) < f’(b), so that the intermediate 
value in question, k, satisfies: 
f'(a) <k <f'(b). (122) 


Then, from the definition of a derivative as a limit, we can find a posi- 
tive number h such that: 


fath)-$@) 2, μὰ 16:-:} - 0). 


; > k. 23) 
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Thus the function 
1 τ a — f(z) (124) 


is <katz = a,and >k atx = ὃ — ἢ, 80 that k is an intermediate value 
of this function for the intervala Sx b—h. But, as f(z) has a 
derivative throughout this interval, it is continuous in the closed inter- 
val, and the same is true of F(z). Hence, by the intermediate value 
property of continuous functions, there is a point το such that 


F(z) = 


ax<%<b—A, | (125) 
for which 
F (x9) — fot Ke = k, (126) 
But, by the mean value theorem, 
h) — 
where Ip 4ξ «χο τ ἢ. (128) 
From the relations (125) and (128) we see that 
ax<xi<b, (129) 
while from the equations (126) and (127) we have 
i) =k, (130) 


so that we have proved the theorem. 

78. Limiting Values of the Derived Function. A function may flav 
a derivative at a even though the derived function f’ (x) approaches no 
limit as x —>a. The function defined by equation (119) is an example 
of this, with a = 0. However, we may show that: 

If the derived function f’ (x) approaches a limit as x > a+, 


Jim f(z) =L, (181) 


then, ᾧ f(a) 18 surtably ee at x = a, the function f(x) will. have a right- 
hand derivative at x = a. 


We observe that the equation (131) implies that there is some open 
interval, a < x < a-+ hy, in which the function f(x) has a derivative. 
Consequently, we may apply the law of finite increments to obtain: 


f(ve) — f(a1) = (a2 — 11) 7 (Ὁ), (132) 


where x; and 22 are any two points of the open interval a,a + ἢ, and 
ξ is a suitably determined value between 2; and 73. 
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Again, the condition (131) implies that we may find a 6; such that if 
ax<z<a-+ ὃι, 


αὖ - Ll <e<1, sothat |f’(z)| < [1] +1. (133) 


Thus, if x; and ze are each in the interval 


ax<xz<at+,, (134) 
where 
ὃ, <8, andalso ὃ, < Tee (135) 
we shall have 
If(z2) — 7(1}} « ε. (136) 


Since this relation holds for arbitrarily small values of ε, when 2; and 
Zq are each in the interval (134), the Cauchy convergence criterion is 
satisfied, and f(z) approaches a limit when x > a+. Hence we may 
define 

f(a) = = f(x). (137) 


With this definition of f(a), and any positive h less than ἦι, the func- 
tion f(x) is continuous in the closed interval a,a + h and we may deduce 
from the mean value theorem that: 


flat h) — 7(α) 


" =f’(a+o6h), 0<6<1. (138) 


It follows from this and equation (131) that 


lim fla + h) — f(@) = L, (139) 
h—>0+ h 


which proves that the function has a right-hand derivative at a equal 
to L. 
If 
f(a) = lim f(z), and him f(z) = +2, (140) 


we may deduce from the second part of this argument that f(z) has a 
right-hand derivative at a equal to +«. An example is Vz, with 
a= 0. 

However, we cannot conclude from the second part of equation (140) 
that the first part defines f(a) as a finite limit. For example, if f(z) = 
—1/z, as r—>0+4, f’(z) > +, but f(z) — — ©, so that we cannot 
define f(0) by equation (137). 
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In connection with this example, we prove that 
If, for any finite value a, |f(x)| > © asx — a, then f’ (x) cannot approach 
a finite limit as x —> a. 


In fact, if f’(x) approached a finite limit, it would be bounded in some 
open interval a,a + h, and for any two values z and 2, each in this open 
interval we should have: 


f(x) -- f(a) = ὦ -- 1) f'(). (141) 
But, from this in combination with 
I'(®| <M, and |x -- σιί <A, (142) 
we may deduce that 
[f(@) — f@1)| < Mh. (143) 


This shows that, if x; is fixed and 2 — a, f(z) remains bounded, which 
contradicts the hypothesis that |f(z)|— ©. 

Note that this result need not hold if x — + ©, instead of a finite 
value a. For example if f(z) = 2, as x—> +, f(z) - +, but 
7΄(.) 1. Also, if f(x) = s/s ete’ +0, f(x) > +, butf’(r) 0. 

79. A Generalized Mean Value Theorem. Let us recall the geometric 
situation described at the beginning of section 74. Let us express the 
coordinates of any point S on the are PQ in 
terms of a parameter t, so that + = σ(), 
and y = F(t) where the points of the are 
correspond to the values of t, a Si Ξ ὃ. 
With this notation, the slope of the chord 
is [F(b) — F(a)]/[G(b) — G(a)], while the 
slope of the curve at the point 7 corre- 
sponding to ¢ = τ, is F’(r)/G’(r). This 
suggests the equation (145) below, and 
hence the theorem: 

a) If F(t) and G(t) each has a finite derivative at all the points of an 
open interval a < t < ὃ, and are continuous at the end points (and hence 
throughout) the closed interval a S ἐ S ὃ, then at some point τ of the open 
interval,a « τ <b, 


[F(b) — F(a)} G’(r) = [G(b) — G(a)] F’(r). (144) 
b) If, in addition, G(a) # G(b), and F’(t) and G’(t) are never both 
zero for the same value of t in the open interval, then 
F(b) — F(a) _ F(t). 
G(b) — G(a) ~ @ (7) 


(145) 
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We prove part (a) of the theorem by applying Rolle’s theorem to the 
doubled area of the triangle PQS. With the present notation this is 


G(t) F(t) 1 
G(a) F(a) 1 | = 2Α (ὃ. (146) 
G(b) F(b) 1 

Thus there is a 7 for which: 
Gq’ (τ) F’ (r) 0 | 
G(a) F(a) 1 -- 24΄ (τ) = 0, (147) 
G(b) F(b) 1 


which is equivalent to equation (144). 

Let us now assume that the additional hypotheses of part (b) hold. 
Then, if F’(r) = 0, it follows that G’(r) σέ 0. On the other hand, if 
F’(r) # 0, since G(b) — G(a) ¥ 0, the right member of equation (144) 
is not zero. Therefore the left member is not zero, and again G’(r) ¥ 0. 
Thus we may divide by Ο' (τ) and [G(b) — G(a)] and so deduce equation 
(145). 

We may replace the additional conditions (b) by: 


6) If G’(t) is never zero throughout the open interval a,b the additional 
hypotheses (b) necessarily hold, so that equation (145) follows. 


For, if G’ (ἢ) γέ 0, Γ΄ (ἢ) and G’(¢) can never both vanish for the same ¢. 
And, from the law of finite increments, 


G(b) — G(a) = (b — a) G'(t) £0. (148) 


80. L’Hospital’s Rule for the Indeterminate Form 0/0. If, when 
z— a, f(z) - Ὁ and g(x) — 0, the quotient f(x)/g(z) may approach a 
limit as « approaches a. As we remarked in section 21, whether this 
limit exists, and its value if it exists, cannot be predicted without further 
information about the functions. The situation is briefly described as 
an indeterminate form 0/0. 

For a continuous function f(x), when h— 0, f(z + h) — f(x) 30, 
so that [f(z + h) — f(x)]/A is an indeterminate form 0/0 for h = 0. 
Thus every time we calculate a derivative we are evaluating a limit of the 
type now under consideration. 

In some cases, where the indeterminate form approaches a limit, the 
value of the limit may be found by |’Hospital’s rule, which states that: 

If f(z) — 0 and g(x) +0 as « - a+, 


_ Κα) 
nd Ε--} 
° root 9 (2) 


L, (149) 
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im 7) = 
oat g(x) 

In place of the finite limit L on the right of equations (149) and (150), we 
may have +o or -- ὦ. 

Also, instead of taking all four limits in the theorem as x — a-+-, we may 
take them all as x > a—, or simply as x — a. 


then (150) 


This form of the rule is a consequence of the generalized mean value 
theorem. We note first that, from the condition (149), there must be 
some open interval a <2 <a-+h throughout which the functions 
f(z) and g(x) each have finite derivatives, and in which σ΄ (4) ~ 0. 
Let us define 

F(x) =f(z) and G(#) =g(4) for a<x<xa<a+h, (151) 
and F(a)=0 and G(a) = 0. (152) 
Then the functions F(t) and G(é) will satisfy all the original conditions 
of the generalized mean value theorem, as well as the additional hypothe- 
sis (c), in any closed interval a S$ ¢ S x, where z 1s any value in the 


open intervala <xz<a+h. 
Thus, for some value, say 20, in the open interval 


a<2% <7, (153) 
we shall have, by equation (145): 
f(x) F(c) — F(a) Γ΄ (ao) = f' (ao) 


rere Ὸῦ»ᾷὃᾷὅ“--.͵.,.. ..... ... 
=— 


(154) 


It follows from the relation (153) that to any sequence of values of z 
approaching a+, there corresponds a sequence of values of x» approach- 
ing a+. But, since the relation (149) holds, the limit of f’(xo)/g’ (xo) 
will be L, and hence, from equation (154), the limit of f(x)/g(x) for the 
first sequence will be Z. Since this is true for any sequence, the con- 
clusion of the theorem, equation (150), follows. 

Since all sequences + may correspond to a special set of sequences 2p, 
it is possible for f(x)/g(x) to approach a limit, while f’ (x) /g’ (x) does not. 
The rule does not permit us to draw any conclusion from the failure of 
g’ (x)/f’ (x) to approach a limit. 

From lim 7 (x)/g’ (x) = +0, we may deduce that lim f(x) /g (x) 


va 
= +o, and similarly for —«. Also, from lim |f’(x)/g’(z)| = ©, 
T—raq-+- 
we may deduce that lim |f(x)/g(x)| = ©, since in this case 
r—>a+ 


σὴ. 966) 
aot 1) «.-.-«.. f (x) 


0. (155) 
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The argument as given for 5 — a+ requires only slight modification 
to apply toz— α--, or tor — a. | 

81. Infinitesimals. We define the term infinitesimal to mean any 
variable whose limit is zero. Thus, if xis approaching a, ἢ = x — ais an 
infinitesimal. We may think of any function of x which is infinitesimal 
as x approaches a as a function of this infinitesimal ἢ. For example, 


y = f(x) — [(α) =f(at+h) — f@). (156) 


The particular infinitesimal in terms of which we express all the infinitesi- 
mals in a given limiting process is called the principal infinitesimal. 

The principal infinitesimal is said to be of the first order. If h is the 
principal infinitesimal, and k is any other infinitesimal such that k/h 
approaches a finite limit distinct from zero; then k is also said to be of 
the first order. Similarly hk”, where n is any positive integer, or any 
infinitesimal k such that the limit of k/h” is finite and different from 
zero, is said to be of the nth order. 

If Κι is an infinitesimal of order γι, and kz an infinitesimal of order n, 
then the limit of k/ke will be finite and different from zero if m = ἢ, 
and will be zero if m > n, since: 


— = — - pr, (157) 


By analogy, we say that any two infinitesimals k; and kz have the same 
order if the limit of δι Κα is finite and different from zero, and that 
κι is of higher order than ke, or ke is of lower order than ky, if the limit of 
k 1 / ke is zero. 

We do not attempt to define non-integral orders. Thus we assign no 
order to h?/?, although we can say that it is of higher order than h and of 
lower order than h?. Again, the infinitesimal h? sin (1/h) is of higher 
order than h, but not of lower order than h® or than h” with n any greater 
integer, since | 

h3 | h”™ 
or i 


1 
h? sin ; h? sin ᾿ 


(158) 


each fails to approach the limit zero. In fact each is undefined when 
1/h is an integral multiple of x; but for suitable sequences of values of ἢ 
which approach 0, the upper limit is -+- © and the lower limit is — οὐ, 
Again, the infinitesimals 


a/ 
h sin = and h/sin S (159) 
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are not of the same order, and neither is of higher order than the other. 
Our definitions thus serve to classify some but not all infinitesimals. 

While the order assigned depends on the principal infinitesimal, it is 

unchanged if we replace ἢ by any infinitesimal of the first order with 

respect toh. A relation of the form “ k, is of higher order than ζω ”’ is 

independent of the choice of principal infinitesimal. 

We write 

ky = o(ka), (160) 


read ‘‘ k; is small o of ke,” if the limit of k,/kg is zero. Thus, for any 
infinitesimal, k, we have k = o(1), and, conversely, this implies that k 
is an infinitesimal. If k, and ke are both infinitesimal, then the equation 
(160) indicates that the infinitesimal k, is of higher order than ke. For 
example, 


3 1 3 
hk? = o0(h) and h? sin τ = 0(h?). (161) 
For an infinitesimal & of the nth order, 
since Ld — A, ei — 0, (162) 
h” h” 
and we may write: 
k = Ah” + o(h"). | (163) 


Whenever k may be expressed in this form, with A ~ 0, the term Ah” is 
called the principal part of the infinitesimal k. The discussion of 
section 70 shows that, if f’(a) + 0 and Az is the principal infinitesimal, 
then Ay is an infinitesimal of the first order, with f’(a) Az, or the 
differential dy, as its principal part. 

It follows from the definition and section 19 that if 


8: = Οζι) and 82 = o(ke), (164) 
then 8183 = 0(k ke). We abbreviate this result by writing 
0(ky) o(ke) = o(kyke). (165) 
We interpret and prove 
o(ky) + o(ke) = o(k; + ke) (166) 
similarly. In particular, : 
Ao(h") = o(h") and o(h*) o(h™) = o(h™*), (167) 


Also, 
ifm 2 n, o(h”) + o(hk™) = o(h"). (168) 
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We may use these relations to prove that, if m > n and k, has a princi- 
pal part A,h™, and ke has a principal part A2h", then k,k2 has a principal 
part A,Ah™*™, and ky + ke has a principal part Agh". 

We shall occasionally use a notation somewhat similar to equation 
(160), and write 


k, = Ο(Κο), (169) 
read “‘ k; is large O of ko,’’ if there is some constant y such that 
[14 = ylkel, (170) 


beyond some stage of the limit process. Thus the relation (160) implies 
the relation (169), and in fact if κι, Κα approaches a finite limit, or even 
if k,/k2 has a finite upper limit the relation (169) holds. However the 
relation (170) also holds in other cases. For example, 


h? sin? = = 0 (1 sin ᾿ . (171) 
Among the rules of operation for this symbol, we mention 
O(ky) Oke) = O(kika), AO(ki) = Ο(ζι), (172) 
O(ky) + O(ke) = O({ki| + |kel), 
and if ki = O(kz), Oki) + O(ke) = O(ke). (173) 


82. Taylor’s Theorem for Infinitesimal Increments. Let us con- 
sider a function f(x), for values of rneara, Asx—a,h = x — aisan 
infinitesimal. If it is possible to find a polynomial of the nth degree in h, 


P(h) = Ao + Ash + Agh? -++ een + A,h", (174) 
such that 


f(z) = f(a+h) = P(h) + o(h"), (175) 


then P(h) is called a Taylor’s development of the function f(z) about the 
point a, of the nth order. We say that P(h) approximates f(a + h) to 
within terms of higher order than h". 

We shall show that if the function f(x) has an (n + 1)st derivative at 
the point a, ft” (a), then it has a unique development of this type. 
As we need to know the values of the coefficients to carry out the proof, 
we shall begin by assuming that the function has a development of the 
form (175), and also that there is a derivative ft (a), and try to 
determine what the coefficients must be under these conditions. 

Since ft» (a) exists, f™ (x) must exist throughout some closed inter- 
valz—k<5a<2+hk, and be continuous at a. Also, f(z) and 
all the derivatives of lower order, as well as f(x) itself, must exist and 
be continuous throughout this same closed interval. 
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The relation (175) implies that 


, f(a+h) — P(h) 
im ——___—_———— = 


νι 0. (176) 
h—>0 h 


Since the denominator approaches zero, the numerator must also, and 
lim [f(a + h) — P(A)] = f(a) — Ao = 0. (177) 
h—0 


Thus the left member of equation (176) satisfies the first condition of 
l’Hospital’s rule, and if 
| im £2 +) = Ρ' () 


lim a (178) 


exists, it must be 0. But the limit of the numerator is 
7 (αὐ -- Ay (179) 
which would make the limit (178) + « or — οὐ, and hence contradict the 


equation (176), unless 
f'(a) -- A, = 0. | (180) 


In this case, we may apply l’Hospital’s rule to the expression (178), 
and by the same argument deduce that: 


lim [f(a + h) — P’(h)] = f(a) - 2142 =0. (181) 
h—»0 


A repetition of this argument shows that 


f@ 


a! 


f(a) =71!A,, or A; = » for 1=1,2,---,n. (182) 

Let us now consider any function f(x), for which ft” (a) exists and 
is finite. We form the polynomial P(h), defined by the equations 
(174) and (182). Now consider 


f(a +h) — P(r) 


| lim Arti 


h—>O 


(183) 


In view of the fact that P(0) = 40 = f(a), we may apply |’Hospital’s 
rule if the limit of 
7΄ (α +h) — P’(h) 
(n + 1)h” 


exists. Then, from the fact that P’(0) = 4; = f’(a), we may apply 
the rule again, if the limit of 
fl (a +h) — Ph) 
(n + 1)nh™ 


(184) 


(185) 
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exists, and so on, until after n applications of the rule, we come to 


fMPa@+h) — PM(h) | 1 fMa@+th) -- 7 0) (186) 
(n+1)!h Π (n+1)! h 


But, from the definition of the (n + 1)st derivative, the limit of the 
difference quotient just written as ἢ 0 is ft (a). Thus we may 
justify each application of l’Hospital’s rule in turn by working back- 
wards, and so find that 


_ 7}(4. - ἢ -Ρ 1 ay 
a Ga gpa Oe, δ 


This proves that 
f@@+h) — P(h) = O(h"*), and hence = o(h"). (188) 


We express our results in the following theorem: 


If the function f(x) has a finite derivative fT” (a) for x = a, then the 
polynomial in the infinitesimal h = x — a, 


h : h” 
PQ) =f) +S @ ΤΊ ἘΠ τ Ἐπ’: FSM) (189) 


differs from f(a + h) by an infinitesimal of higher order than h", so that: 
f(a + h) = P(h) + o(h”). (190) 
There 1s no other polynomial of degree at most n which has this property. 
The behavior of f(a + h) — P(h) is given more precisely by equation ( 187), 


If the phrase fT” (a) = + means that f™ (4) has its first deriva- 
tive + for x = a, then the preceding argument proves that: 


τ, 76 Ὁ ἢ - ΡΟ) 


0, 191 
h—>0 h” (191) 


so that the relation (190) still holds, but equation (187) must be replaced 
by 

| f(a +h) — Ph) 
mn -------“.---.- = 


lim ἐπ τ τε Ῥω. (192) 
Similar conclusions can be drawn if fT) (a) = — ὦ. 


It is to be noted, however, that we may have lim ft) (x) = +0 


without having ft) (α) = - οὐ, in the above sense. We illustrated 
this for the first derivative in connection with equation (140). 
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83. Taylor’s Developments. The rules for operating with the sym- 
bols o(h”) and O(h”) given in section 81 show that Taylor’s develop- 
ments may be combined like polynomials in many respects. For 
example, let us start with 


᾿ 
sin ὦ τ 2 -- — ἘΠ O(x*), (193) 
cosz=1— +2 "ΠῚ Ο(ω5), (194) 
a 8 
ΟΝ (195) 
(Lt a πα ποι MER Ὁ... Mi "5. 
+ O(z"), (196) 


which may be derived from the equation (189) by direct differentiation. 
Then, operating as we would for polynomials, we may deduce: 


x4 a 
sin? x = 2? — τ + Ο(α5), sin? x = 2? -- a + O(27), (197) 


e = 14 7? +3 +2 ὦ O(z8), (198) 
sense oe sein O(2°) (199) 
= 2. 24 : 
2 = 
cos" 2 =1—— + nS?) z* + O(28). (200) 


2 24 


Here we obtain (197) by multiplying the expansion (193) by itself, 
and then by itself again. Replacing x by zx? in the expansion (195) 
gives the expansion (198). Replacing z in the expansion (194) by the 
terms of the expansion (193) gives the expansion (199). Replacing x 
in the expansion (196) by the terms following the 1 in the expansion 
(194) gives the expansion (200). 

For quotients, the special case of (196) with m = —1, 


1 
| 1+2z 
may often be used to advantage. Thus we find from it and (194) 


=l—~2x+2*— 2° + O(z‘), (201) 


Sec J = 


=14 245084 00% (202) 
~~ Ὁ ἡ 24 τ: 


COS Z 
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This may also be found by long division, and checks with (200), if 
m = —l1 there. Multiplication of (193) and (202) gives 


1 3 
tan z = sinz: =z+ = + O(x°). (203) 
cos 3 
Again, to find the development for sin! z, we may put 


3 
y=sin ἦς, sothat x=siny=y-— 7 + O(y*). (204) 


We find from this, since x and y are of the same order, 


3 
y=rts t+0@), y= 29 + 00°), (205) 
es 
and y=at 31 + O(x°). (206) 
This may also be obtained by noting that if f(z) = sin”? (2), then 


2 
F(x) = f'(2) = --Ξ-- =14+5+0G4), (207) 


1 — 2? 
by putting —1/2 for mand -- “2 for zin (196). But, if a,x? is a typical 
term of the expansion of f(x), and A,z? a term of the expansion of 
F(x), = f’(x), we have: 


a =f(0) andfor p>0O, 


” ΒΕ i (0) 7 F‘?-) (0) _ Ap-1 (208) 


This relation enables us to derive (206) from (207). 
In general, if we are expanding a function g(x) in powers of the 
infinitesimal ἢ = x — a, the expansion will start with g(a), so that the 
infinitesimal k = g(x) — g(a) will have an expansion in ἢ with no 
constant term. Thus the expansions for the powers of k in terms of h 
may be obtained by the method used to deduce (197). If we then 
wish to expand f[g(x)] in powers of ἢ, we first expand f(w) in powers of 
u — ὃ, where ὃ = g(a) so that when u = g(x), u— ὃ = g(x) — g(a) = 
k, whose powers we have just discussed. For example, if f(u) = 1/u, 

we use: 
1 1 1 1 1 &k 2 ik’ 


πε OR), (209) 


an expansion which has (201) as a special case. 
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Since the combinations of elementary functions here under considera- 
tion have derivatives of all orders, we know that the expansions exist, 
so that we may use the method of undetermined coefficients. The 
ordinary process of long division for quotients, and the methods of 
finding an expansion from that of the inverse function, or from that of 
the derivative we illustrated for sin! z, are equivalent to this method. 

Since the expansions are uniquely determined, no matter what method 
we use, the development will be the same as that obtained by differentia- 
tion. The methods of this section are often preferable to a direct 
calculation of the higher derivatives which occur in equation (189). 

84. Alternative Form of |’Hospital’s Rule. The discussion of sec- 
tion 82 enables us to prove the following alternative form of |’Hospital’s 
rule for the indeterminate form 0/0. 

If the functions f(x) and g(x), as well as their derivatives of all orders from 
one up to n are zero for x = a, 80 that: | 


f(a) -Ξ 7 (α) =f" (@) - --- = f(a) = 0, (210) 
g(a) = g(a) = g(a) -Ξ - - - = g(a) = 0, (211) 

and each function has a derivative of the (n + 1)st order at a, with 
στ") (a) < 0, (212) 


then 
f(z) 1“ (ὦ) 
een πὶ ΠΕ Ye 
za g(x) gi" (a) 
If we apply equation (187) to each of our functions, noting that the 


polynomial P(h) is zero in view of the conditions (210) and (211), we 
have: 


(213) 


fath) 7555 .ὦ 


ἐπ ει ΩΡ Ὼ l oe 

οὐ (n+1) 
_ gath) 5 (α) 
——___—— = -----ς---- 21 
pn ea Ge ey aos 
It follows from these by division that 

(n+1) 

lim Τα Ὁ Ὁ 1“ @ (216) 


ro σία Ὁ Ὦ) g(a)’ 


which is equivalent to equation (213), the conclusion of the theorem. 
In this theorem, when x — a+, we only need right-hand derivatives, 

and when x — a—, we only need left-hand derivatives. If the deriva- 

tives are not restricted in this way, the theorem applies when z —> a. 
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Also if one, but not both, of the derivatives fT) (a) and gt (a) 
is +o or —©, we may deduce the behavior of ἢ (z) /g(z) from the 
equation (213) by the principles of section 20. 

Whenever the functions f(z) and g(x) possess derivatives of the 
(n +- 2)nd order at a, and hence Taylor’s developments of the (n + 1)st 
order, we have: 


f(a+h) = Anph**? + O(K"**), (217) 
and 
g(a +h) = Bayh"! + OA"), Bayi γέ 0. (218) 
It follows from these expansions that: 
f(a) _ Ansa 


za g(t) = Baya ve 
This is in accordance with equation (213), since the right member of 
equation (214) is Ani1, while that of equation (215) is Bny1. But, if 
the Taylor’s developments for f(z) and g(x) are known, or can be easily 
found by the methods of section 83, it is simpler to verify equations 
- (217) and (218), and apply equation (219), than to verify equations 
(210) and (211), and apply equation (213). For example, to evaluate 


tan x — sin x 


zo sin 12 -- ὦ ᾿ om) 
we deduce from equations (203) and (193) that 
tan z — sing = = + O(2°), (221) 
and from equation (206) that 
sn 1. --- ᾧ τῷ a O(x°), (222) 


so that the value of the limit (220) is 3. 

Again, whenever the (n + 1)st derivative is continuous at a, the 
equation (213) may be deduced by (n + 1) successive applications of 
the rule proved in section 80. In many cases such successive applica- 
tions permit us to make simplifications at intermediate stages such as 
cancellation of factors, or replacing factors whose limits are known 
and different from zero by their limits. Thus, if we apply the earlier 
rule to evaluate the limit, as x — 0, of f(x)/g(z) = sin® z/ sin x°, we find 
that: 


f(z) _ 3sin?xcosz (= 2)’ cost (293) 


σα) 32% cosx® \ « 7 cosz? 
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so that the limit of f(z)/g(x) is 1. This limit could also have been found 
by writing 
f(z) _ (= \'( τ᾿ ) " f(z) _ τ + 00) ες (224) 
g(x) x sin x g(x) 2° + O(a") 
The theorem of this section does not apply to such cases as lim ᾿ - , 
z—>0+ 
except to prove that its reciprocal approaches 0, so that its numerical 
value becomes infinite. However, the rule of section 80 shows that the 
expression — -+ ©, 
When the (n + 1)st derivative is not continuous at a, the equation 
(213) may give a result, while the equation (149) does not hold. An 
example, with n = 0, is 


= 0. (225) 


85. L’Hospital’s Rule for the Indeterminate Form ©/o, If 
lim [7(4}} = ©, and lim |g(x)| = ©, the expression f(r)/g(z) may 
χα": ὥσνα 


approach a limit ἤθη ὦ -- a. As this limit can not be predicted without 
further information about the functions, this situation is described as an 
indeterminate form ©/«. We shall now show that the rule given in 
section 80 for the indeterminate form 0/0 applies also to the form 
of/o, That is: 


If lim f(z) = ~, lim g(x) = ὦ, 
z—>a+ 5--»α 


f(x) | 

and an iQ. L, (226) 
ΠΟ f@) _ 

then td He L. (227) 


The theorem remains valid if we replace L by +, orby —«. Also we 
may replace x — a+ by x — a—, or by x — a tn each of the places where it 
occurs. 

To prove this, we select an open interval a < 4 «α - ἢ, in which 
f(x) and g(x) each has finite derivatives. Then, for any two points 
2, and z in this interval, with 7; > x, we have 

τ: Jf (a1) 
f(z) f(z) — f(z) -- [αὖ _ f'(o) 


(228) 


g(x) 
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where Zo is a suitable point satisfying « < % < 2, by the generalized 
mean value theorem of section 79. 
We may rewrite this equation in the form: 


1-- g(%1) 
f(z) g(a) f(a) 


(229) 


g() . 700) 9"(@0) 
f(x) 
Next select a 6, such that 
f' (x) 
7 —Li<e, if 0 «5 --απὑἧ « ὃ, (230) 
g (x) | | 


which we may do in view of the condition (226). 

Then take a particular value of x1, such that a < αι « α -᾿ δι, and 
a number 6 such that: 
71) (11) 
f(x) g(x) 
which we may do since the numerators of these fractions are fixed, while 
the denominators become infinite as x — a. 


<e, and «εἴ 0«.--α «ὃ, (231) 


We then have: 
(2 
ΔΩ ΤΗ͂Σ Pe Oss, if O<x7-—a<, (232) 
g(x) 1 — ag | 
where [αἱ] « ε, fae] « ε, asl « ε. (238) 


Now take a sequence of values of ε approaching zero and a corre- 
sponding sequence of values of ὃ approaching zero. Then, for any 
sequence of values of x > a+, we may write a series of equations (232) 
with ε and hence αἱ, ας and ag all approaching zero. It follows from 
this that 


lim 76) ΞΕ ἢ 
2—>a+ 9 (2) 
so that we have proved equation (227). 
When L is replaced by + in equation (226), we select 61 such that 
/ 
1 
Ee if O<2x-—a< 4, (235) 
g(t) ε : 
so that if we put f’(x)/g’(z) = 1/a1, 0 <a, <«. We then have in 
place of equation (232), | 
f(z) l—al 


= 0, 236 
ia ea? τ (90) 


(284) 
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and we may deduce from this by the earlier argument that 


tin £2) 
1m 


re ; 237 
a+at g(x) — 90 


86. Indeterminate Forms for χα -Ὁ +o. If 


lim f(z) =0, and lim g(r) = 0, (238) 
t—>+0 Z—>-+00 


we may reduce this to the case discussed in section 80 by making the 
change of variables: 


y=» sothaty—70+, whenz—> +o. (239) 


Ὁ | = 


If we define 
Fy) =f ") οἰῶ; aids GG) = (=) = σα), (40). 


we have: 


Fy) = - 7()) = τύ, and σ'ῳ = —2%9'(@), (δ) 


so that: 
F'(y) _ f'@). 


Gy) ~ g(a) a 
This shows that, if 
oe 71) 
pega) oe) 
we have: | 
ὃ. YY at ΟὩ,,ΚψΌ.))... 7.ᾳ) L. (244) 


woto g(t) y+0+G(y)  yr0rG'(y) οοἰαῦ (1) 


This proves that l’Hospital’s rule as stated in the theorem of section 80 
remains valid if we replace x ~ a+ by x—> +o, 

This is also true if we replace x > a+ by tz -- — οὐ, or [4] > 0. 

The same argument reduces the case in which 


lim [f(x)| =o, lim [g(z)[ = ὦ, (245) 
z—>-+00 I—>-+O 


to the case discussed in section 85, and shows that the rule of that section 
may be similarly extended. 
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87. Other Indeterminate Forms. If lim f(z) = 0 and if lim |g(z)| 
= oo, we speak of the limit of f(x)g(x) as the indeterminate form 0: ~. 
We may sometimes evaluate this limit by the preceding rules, since 


fage) - 22 - 9, (246) 


oe f πὶ 


which are respectively indeterminate forms 0/0 and ~/., 

Again, we speak of f(x)" as an indeterminate form, when the limits 
of f(z) and g(x) are both 0, in which case ἡμὴ have the indeterminate 
form 0°, or are those indicated by 1” and ©°. These may be reduced 
to the discussion of an indeterminate product 0. o by taking logarithms, 
since in each of these cases the product g(x) log f(z) has the limit of one 
factor zero, while the other factor becomes infinite. 

Similarly the form f(x) — g(x), where f(x) and g(x) each become 
infinite, may be reduced by 


i ee 
x x) 
j(a) — gz) - 5" 2, (247) 
7()σ(α) 
or some similar transformation to a case to which 1|’Hospital’s rule 


applies. 

In all these cases, whenever the Taylor’s developments are at hand, 
they may be used to shorten the calculation. As an example, consider 
the limit when x — 0 of f(x)", where 


f(z) =1+axz+o0(x) and zg(x) = b+ o(1), (248) 


so that this is an indeterminate form 1”. From the Taylor’s develop- 
ment 


log (1 + u) = u+ O(u?), (249) 
we deduce that 


log f(z) = ax + o(z), g(x) log f(z) = ab + o(1), (250) 


so that 
lim f(x)9) = e, (251) 
a—>0 


88. Vanishing Factors. In the application of l’Hospital’s rule, it is 
desirable to make algebraic simplifications of the fraction f’(x)/g’ (x), 
as we indicated in section 84. 
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But one must not cancel out a factor from f’(x) and σ' (1) which 
vanishes in every neighborhood of a, the value at which the limit is 
taken. The presence of such a factor makes f’(x)/g’(x) undefined for 
one sequence of values approaching a, and so the limit does not exist in 
the sense required to prove |’Hospital’s rule. 

In fact, it is possible for f’(x)/g’(xz) to approach a limit A for all 
sequences of values not including this one sequence of values, while 
J(x)/g(x) either fails to approach a limit, or approaches a limit distinct 
from A. . 

Similar remarks apply when we take the limits as x > + ©, if there 
is a factor vanishing for arbitrarily large values of z. 

An example is 


f(x) =x—sinzcosz, g(x) = (x — sin 2 cos z)? e*, (252) 


where p > 0, and we consider the limit of f(x)/g(x) ast—> +o. By 
using the fact that 


x—sinzcoszr 


lim 1, (253) 
r—>-+0 Ὁ 
we see that 
7) = M,z'-?, (254) 
9(5) 
where M;, has a finite upper limit 6 and a lower limit greater than zero, 
Le. 
The derivatives of the functions are: 
f'(x) = 2 sin? z, (255) 
and 
g(x) = (—2+ sin z cos + 2psin 2) sin x (x — sin x cos x)?! e™* 
(256) 
Thus we may write: 
/ - 2 
Γ (x). -- sin? αὶ (257) 
g (x) sin αὶ 


where M> has its upper and lower limits finite and positive. This shows 
that f’(x)/g’(z) is undefined for the sequence x = nx, for which 
sinzx = 0. If we avoid these values, we may cancel out the factor sin Ζ 
and so have: 


if 2’ < ne, im £ 0. (258) 
“-τ ὦ g (Z) 
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But, if p = 1, f(x)/g(x) = Μ, oscillates between finite limits, and so 
fails to approach any limit. If p <1, eg., 2/3, f(x)/g(z) becomes 
positively infinite. 

By considering 


F(x) = Af(z) + Bg(z), G(x) = f(x) + 9), (259) 
derived from the functions of equation (252), we have: 
, F ’(2x) ἢ 
Rau G(x) ~ B, « 5 nm, (260) 
while 
_ Fi) | . _ 2 
ia G(x) = A, if Dp = 3° (261) 


and F(x)/G(z) oscillates, and so approaches no limit, if p = 1. 

89. Taylor’s Theorem for Finite Increments. The theorem of sec- 
tion 82 suggests that, for certain values of h, the polynomial P(h) of 
equation (189) has a simple relation to the function f (x), and we pro- 
ceed to study this relation in more detail. 

In section 82 we merely assumed the existence of the (n + 1)st 
derivative at the point a itself. We shall now assume that the function 
f(z) has a finite (n + 1)st derivative at all points of the closed interval 
a<xxz<a+th. In this case we may apply the generalized mean 
value theorem to the functions 


F(h) =f(a+h) — P(h), Gh) =h"™™, (262) 
to obtain: 
F(h) _ F(t) — FO) _ F’(u) 
σα)  G(h) — GO) σ΄ () 
since F(0) and G(0) are each zero. But, since F(h).and G(h) each have 


their derivatives of the first n orders zero for h = 0, we may repeat this 
process 7 times more, and so find: | 


μὰ) ἢ) FY ag) 


(263) 


-- ee ee is rae ‘ 264 
σ᾽) ΟἿ) GOD Cings) {50 
Since 
0 < hag <n 4::: «᾿ς chy «ἢ, (265) 
we may write 
haya = 9h, where 0 <6 <1, (266) 
and conclude that: 
fat+h)— Ph) _ feat oh), (267) 


anti ~~  (n+1)! 
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We have thus proved one form of Taylor’s theorem for finite increments, 
which we formulate as follows: 

If the function f(x) has a finite (n + 1)st derivative at all points of the 
closed intervrala SxS a-+h, then there is a value of θ between zero and 
one, for which: 


2 
Πα - 1) =f(a) +f’(a) +f"a) Ms ΓΝ 
n+1 


n hn n+1 ee . 
pa) ee SD earecne (268) 


If we puta +h = x, ἢ = x — a, the result may be written: 


(x — a)* 


f(x) = f(a) + f'(a) a ΓΟ τ» 
ss (Ὁ -- δ ( -- a) 
πο πὰ pecan 8. O80) 


where ἑ is a suitably chosen value between a and z. The equation just 
written will hold for any value of x in the closed interval a S2zsb,if 
the function f(x) has a finite (n + 1)st derivative throughout this 
interval, and if ξ is appropriate to this Ζ. 

The difference between the function f(a + h) and its Taylor’s develop- 
ment P(h), the F(h) of equation (262), is referred to as the remainder 
for the development. Thus the equation (267) determines one expres- 
sion for the remainder. The theorem, as expressed in equations (268) or 
(269), is often called Taylor’s theorem with the remainder. The special 
case with a = 0 is called Maclaurin’s theorem. 

If, throughout the closed interval a,b the numerical value of f+” (x) 
admits the upper bound M, the numerical value of the remainder, or 
error made by using the first n terms of the Taylor’s development, 
P(h) or Ῥᾷ — a) in place of f(z) will not exceed M(b — a)"*2/(n + 1)! 
at any point of the interval. This enables us to use the developments for 
computation, for which the first form, P(h), is usually preferable; the 
error being numerically at most Mh"*!/(n + 1)! 

90. The Limiting Value of @. While we can usually say little about 
the value of 6 beyond the fact that it is between 0 and 1, we can deter- 
mine its limiting value as h approaches zero, if the function has a deriva- 
tive of order one higher than that used in the term involving a + 6h, 
and this derivative is continuous and not zero at a. 

Let us assume that ft» (x) is continuous at a, and therefore finite in 
some closed interval a < + < a + ἢ, and apply equation (268), both as 
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written, and with n replaced by πὶ — 1, and @ replaced by 9. Then, by 
equating the two expressions for f(a + h) so obtained, we find: 


h” h” n+1 
(5) — — κω.) Anh (n+1) pee 
$” (a+ Oh) τ = $ (a) +S (a+ Oh) (270) 
or | 
J (a + 9,1) = J (a) $I" (G+ 6)-- QTL) 
n+1 
But, from the law of finite increments, applied to f (x), we have: 
f™ @+ Oh) =f™ (a) + Onhf™ (a + O09nh), (272) 
for a suitable choice of 6) between zero and one. | 
From the last two equations, we deduce that: 
(n-+1) 
0, 1 f (a+ 6h) | (273) 


~ m+ 1 f(a + Gdn) 


Finally, by taking the limit of this expression as h approaches zero, and 
recalling that ft» (x) is continuous at a, while f"*” (a) # 0, we deduce 


1 
lim 6, = 


h—>0-+ n+l (274) 


The same argument applies for negative values of h. 

This proves the theorem, formulated with the n of the proof replaced 
by n + 1: 

If the function f(z) has an (n + 2)nd derivative, continuous and not zero 
at a, the 0 in the remainder term of equation (268), 


prt 4 1 
+1) Τ᾽ is such that lim 6 = a (275) 

91. Other Expressions for the Remainder. We may obtain the 
expression for the remainder term in Taylor’s theorem given in equation 
(268), as well as some other expressions which are sometimes useful, by 
a shorter but less natural approach than that of section 89. As in that 
section, we assume that the function f(x) has a finite (n + 1)st deriva- 
tive throughout the closed interval a S$ z 3 ὃ. | 

We next select some particular function g(x), having a finite derivative 
g'(z) ¥ 0 at all points of the open interval0 <z<b—a. The func- 
tion g(x) is to be continuous at the end points of the interval, 0 and 
ὃ — a, and must have g(0) = 0. 

The function g(x) is otherwise arbitrary, and each choice of this func- 
tion will lead to a special form for the remainder. 


ford (a + Oh) 
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We note that we may apply the law of finite increments to g(x) and 
so obtain: 


g(b — a) = g(b — a) — g(0) = (ὁ -- a) σ' (ὃ ¥ 0. (276) 


Since g(b — a) ¥ 0, we may solve the equation: 


2 
70) = f(a) ἘΠ P= 2 4) Poe Ὁ... 


pe O= 9 "+ Gg(b- a), (277) 


for the value of G. Let G then be a constant, defined by this equation. 
Next define a function F(x) by the equation: 


ev ἐξα 1 as 3: 


+7") ἘΠ :: 


se 1g O=2 2" + Gg(b— 2). (278) 


F(z) = —f(b) + fe) + f(z) —_— 


While these definitions require no logical justification, the reader 
may find some motivation for them if he observes that, if the remainder 
term is expressed as a constant times g(h), or g(b — a), then the equa- 
tion (277) follows, while the right member of equation (278) may be 
obtained from equation (277) by transposing the term f(b) and then 
replacing a by z. 

We now apply Rolle’s theorem, section 73, to the function F(x). The 
function F(x) has a derivative fora < x < ὃ, since f(x) has an (n + 1)st 
derivative throughout this interval, while g(b — x) has a first derivative 
in this interval. Also, our conditions on f(x) and g(x) make F(x) con- 
tinuous at the end points of this interval. Finally, F(a) = 0, by equa- 
tion (277), while F(b) = 0, as we see from equation (278), if we recall 
that g(0) = 0. Thus, since all the conditions of Rolle’s theorem are 
met, for some point between a and ὃ, 


F’(é) = 0. (279) 
When we differentiate the right member of equation (278) most of the 
_terms cancel in pairs, and we find: 


Cae = 


Γ΄) = fo (2) ——— ΞΡ (δ — 2). (280) 


But, since F’(£) = 0, we may deduce from this that: 


Ὁ -- ESO) 
nt σῷ -ἢ, 


G = (281) 
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so that the remainder, Gg(b — a), is given by 


: -- ΤΡ  -, ΘΕ ΞΟ 


yb - 8) 955) 


Gg(b — a) = 


If we putb=a+h, & =a-+ 6h, and write 
f@t+h) = Pth) + RA), (283) 


we may express the remainder in terms of h: 


— ἢ. 9)n pint) . gfh) 
ΒΘ = Gy(h) = τῇ α -- OF (@ + 0) TP 
Since the equations (279) and (282) held for a suitable value of &, 
α «ξ «ὃ, it follows that equation (284) will hold for a suitable value 
of dwithO < 6< 1. 
If we now specialize the function g(x) by putting g(x) = ΖΡ, where 
p is any positive number, we find the expression: 


(284) 


nt+1 


R(h) = (1-07 FD (a+ 6h), (88) 


a form due to Schloemilch. 
If we further specialize this by putting p = 1, we obtain: 


n+1 


- (1 = 9)" f(a + 0h), (286) 


R(h) 


or Cauchy’s form of the remainder. 
If we put p = n + 1 in equation (285), we find: 


prt 
(n+ 1)! 


or Lagrange’s form of the remainder, which we have already derived in 
section 89. This is generally the most useful form. However, in a few 
applications the Cauchy form is preferable. 

92. Orders of Infinity. In section 81 we defined a series of infinitesi- 
mals of integral order with respect to a fundamental infinitesimal, h. 
In a similar way, we may select a particular quantity H which is becom- 
ing positively infinite, and refer other quantities becoming infinite to it. 
Thus H” would be of the nth order, with respect to H. 

As for infinitesimals, we say that K; and Kz are of the same order of 
infinity if Κι Κα approaches a finite limit greater than zero. When 
K,/K2— +, so that the limit of K2/K, is zero, we say that Κα! is of a 
higher order of infinity than Ko, or that Ke is a lower order of infinity 


R(h) = —— 7 (a + 6h), (287) 


ἐ 
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than K;. Wemay write in this case Ko = o(K;), in accordande with the 
definition of equation (160). In this way we may indicate that a posi- 
tive variable is becoming infinite by 1 = o(K). 

We also use the notation of equation (169), defined by equation (170), 
for variables with any behavior. Thus Κα = O(K;) if the order of 
infinity of K, is the same or higher than that of Ko. 

The theory of quantities becoming positively infinite may be reduced 
to the theory of positive infinitesimals by putting H = 1/h, analogous 
to the use of equation (239) in section 86. This would lead us to think 
of positive orders of infinity being negative orders of infinitesimals, and 
conversely. However, it is better to have both points of view at our 
disposal. 

The simplest quantities becoming infinite which are not comparable 


to powers of H, are exponentials. In fact, if we apply ee (268) 


with a = 0 andh = x to f(x) = εἶ, we find: 
Z : ‘ 4? x ght " os 
= ἐπι ν Aaa Gack : (288) 
If x is positive, all the terms of this expression are positive. Hence, for 
any integer n, 


nr 


ΡΠ. 1} 0. (289) 
It follows that 
| 1 n! xP n! 
Ξ « τ and τε « —s (290) 


If we take x = H, a quantity becoming positively infinite, for any fixed 
number p we may take n > p and deduce from this that: 


Pp 


=o0(1) or H? = o(e®), (291) 


which shows that e” is a higher order of infinity than any (large) positive 
power of ἢ. 

‘If His becoming positively infinite, K = log H also becomes positively 
infinite, as we showed in section 43, equation (48). However, log H isa 
lower order of infinity than H, or any (small) positive power of H. To 
see this, let g be any positive number and apply equation (291) with 
p= 1/q to the variable K. Then: 


1 


= =o(1), and ἄς = o(1), (292) 
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since any positive power of an infinitesimal is an infinitesimal. Finally, 
put K = log Η in the last relation, and so obtain: 
log H 
H? 


=o(1), or log H = o(H2). (293) 


By putting H = 1/h in the equations (291) and (293) we find the 
corresponding relations for positive infinitesimals, 


1» .1 = : 
(5) e *=o0(1), or e *=o(h?), if h>O, (294) 


and 


1 1 
log (3) o(1), or λέ =0 (τ: i) if h>0 (295) 


These relations may all be kept in mind by referring them to the 
following basic facts. If H — + ©, the exponential e” is a higher order 
of infinity than the variable H, and the logarithm log H is a lower order 
of infinity than the variable H. Moreover, these relations are not 
disturbed by raising any of these quantities to positive powers, so that 
if p, ᾳ, and r are all positive, e?” is of higher order than H*%, and Π3 is of 
higher order than (log H)’. These principles often enable us to detect at 
once when certain combinations of simple functions become infinite or 
approach zero. 

For example, 65 "αὐ (log x)°, for  — - οο, becomes positively infinite 
if a > 0, and approaches 0 if a < 0, regardless of the values of ὃ and c. 
If a = 0, the behavior depends on the sign of ὃ, and if a = ὃ = 0, on the 
sign of c. Similar remarks apply to e*“2° [log 1", for 2 -- O+. 

We may now appreciate to some extent the incompleteness of a scale 
of positive infinitesimals consisting only of positive powers of h, h?. 
For an infinitesimal such as |log h|2h? is of higher order than any h? 
with p < 2, and is of lower order than any h? with p22. If we 
admitted powers of |log h| such expressions as log {log h| h? would remain 
unclassified. This is why we defined only integral orders. 

If P, Q, and R are any three polynomials, or other functions of x hav- 
ing the same order of infinity as some positive power of z, the behavior 
of e*Q° (log R)* 85 « —> -+ οὐ may be deduced from our basic principles. 

The property of the exponential function expressed in equation (291) 
is not possessed by any function y = f(x) which satisfies a polynomial 
relation P(z,y) = 0, that is by any algebraic function. For, let x? = o(y) 
as x —» + © for all p and hence in particular for all the powers of z in the 
polynomial P(z,y). Take Az”y” as the term in the polynomial such 
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that A ~ 0: no higher power of y than y” occurs, and no term in y” 
with a higher power of x than x” occurs. Then we may write: 


P(x,y) = Avy” + o(zy"). (296) 


This contradicts our assumption that when y = f(x), P(z,y) = 0, 
since it makes |P(z,y)| > © as x, and hence y — + 0. 

The considerations just mentioned prove that the exponential and 
logarithmic functions are not algebraic functions. 

93. Finite Differences. If a function is tabulated for a series of 
values differing by the same positive quantity a, we may, by subtraction, 
form the first difference for any value of x used as an entry in the table; 
namely, 

A f(x) = f(x + a) — f(x). (297) 
The second difference is the first difference of the first difference; namely, 


A*f(x) =Af(x +a) — Af(z) = f(a + 2a) — 2[( -- α) + f(z). (298) 


The higher differences are defined by induction, the nth difference 
being the first difference of the (n — 1)st difference. The nth difference 
may be expressed directly in terms of the values of the function by a 
_ formula similar to equation (298) involving binomial coefficients. In 
fact, if A is a symbol of operation meaning that the argument is to be 
increased by a, then 


Af=(A—I)f, and A*f= (A—-1)"%F, (299) 


and the formula in question may be obtained by expanding this by the 
binomial theorem and noting that A” is the operator which means that 
the argument is to be increased by ma. 

We shall prove that if the function f(x) has an nth derivative through- 
out the open interval z,z + na, and the (n — 1)st derivative is con- 
tinuous at the end points of this interval, then 


A"f(z) = a"f™ (x + Ona), (300) 


where @ is a suitably chosen number between 0 and 1. 

For n equal to 1, this is the law of finite increments. Thus we need 
merely prove that its truth for n follows from that for 1, 2,---,n—1 
to establish the result by mathematical induction. 

But, if the nth and (n — 1)st derivatives of f(x) satisfy the required 
conditions, the function: 


A f(x) = f(t + a) — f(z) (301) 


also does, so that, as a consequence, its (n — 1)st derivative exists in 
the open interval, and its (n — 2)nd derivative is continuous at the 
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end points. Hence, by the hypothesis of the induction, we may apply 

the equation (300) to the function A f(x), with n replaced by (n — 1). 

This gives 

A'f(z) = a {fF Ὅς +a + 6'(n — 1λα] — fz + 8’ (α — Lal}, 
(302) 

for a suitable value of 6’ between 0 and 1. 

The conditions on the derivatives of f(a) show that the right member 
of equation (302) has a first derivative in the open interval, and that the 
function itself is continuous in the closed interval. Thus we may apply 
the law of the mean to the difference in brackets to obtain the result: 


a’f™ [x + 0a + 0’(n — 1)α]. (303) 


Here 0’’, like 6’ is a suitably chosen number between 0 and 1. Conse- 
quently | 


θ΄ α + 6’(n — 1)a = Ona, (304) 


where @ is a suitably chosen number between 0 and 1. 
By combining this equation with the expression (303), which was 
obtained from A"f(x), we find: 


A’f(x) = a"f™ (x + Ona), (305) 


which is the result for n, and completes the proof by induction. 

We note in particular that if the function f(z) has an nth derivative 
continuous in the closed interval, the conditions are satisfied, and equa- 
tion (300) holds. 

Next suppose that the function f(r) has a finite nth derivative for a 
particular value. Then, in some neighborhood of this value it has an 
(n — 1)st derivative, and hence a continuous (n — 2)nd derivative. 
Thus, for a sufficiently small value of a, we may deduce the equation 
(302). 

But, since the function f(z) has an nth derivative at z, it follows that 
f*— (x) is differentiable at z, and we have: 


fo-Y fe + a+ 6'(n — 1)α] — f(x) = 

[1 + 6’(n — 1) alf™ (x) + a], (806) 
and 
fOViz + O'(n — Val — f(a) = 6 (n — 1)α [7 (4) + @’], (807) 


in which α and a’ are infinitesimals, approaching zero with a. 
It follows from these two equations, and equation (302), that 


A*f(z) = α" [f™ (x) + B], (308) 
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where β is an infinitesimal. If we put a = Az, we may write 


A” 
li -----ἔ ἘΞ (n) ; 
im 7 1. (x) (309) 
EXERCISES IV 


1. Prove that the function defined by f(z) = (x?)™ sin (2~?)" if 2 ¥ 0 and 
1(0) = 0 has a derivative for x = 0 if m exceeds 1 /2 and if ἢ is positive. 

2. Show that the derivative in problem 1 is continuous at 0 if 2m exceeds 
2n + 1. 

3. If f(z) = x cot! x when xz ¥ 0, and f(0) = 0, find the right-hand deriva- 


tive and the left-hand derivative for z = 0. Ans. w/2, -- π 2. 
4, Find the right-hand and left-hand derivative at zero of the function 
z/(1 + 61,5) with f(0) = 0. Ans. 0,1. 


5. Prove that, if y = f(u) and u =-g(x) have derivatives for values of x 
near, but not equal to 20, and values of w near, but not equal to g(x), and 
7 1Λσ(α)}ὁυὰἱ" (x) — Las x— x, then ἀν ἄν = L. An example is y = u™, u = 2” 
with m and n both positive and mn = 1, but one of them greater than 1,27) = 0. 

6. Prove that if all the elements of a determinant are differentiable functions 
of x, the derivative of the determinant is the sum of the n determinants obtained 
by replacing in succession each row (or each column) by the corresponding 
derivatives. 

7. If νι, ye, ° °°, Yn are n functions of x, the determinant 


Yi; Y2, og Yn 
Yi, Y2, "sey Yn 
W a e Φ Φ 
(n—-1) (n—-1) a “(n—1) 
υ » 82 ἮΝ > Un 


is called the Wronskian of the n functions. Show that dW /drz may be obtained 
by replacing the elements of the last row, yf") by y;”. Hint: Use problem 6. 
8. If the functions of problem 7 are each solutions of the linear differential 
equation 
y™) = ἀ,- αὐ 9 + +++ + ary’ + aoy, 


where the coefficients may be functions of x, prove that their Wronskian satisfies 
the differential equation dW [ἀν = ay—1W. 

9. If the Wronskian of two functions y; and yo, W = ye — yey: never 
vanishes, show that the zeros of y,; separate those of yz, in the sense that if 
yi(a) = ψι(δ) = 0, ye is not zero at a and ὦ, and is zero at least once in the 
interval a,b. Hint: Assume y2 ~ 0 in the interval, and apply Rolle’s theorem 
to y1/ye to obtain a contradiction to the hypothesis γὼ ~ 0 fora <2 « ὃ. 

10. Let x(é) be the function defined in Exercises II, example 35. Show that, 
for any fo, if G2n—1 is replaced by a new digit differing from it by unity, to change 
te to &) + At, with At = =1/3?*—!, then [Δα [Δί] = 851, If, for fo, aen—2 is O 
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or 2, and we replace it by 2 or 0, Δα (Δὲ = 0. If aan-2 is 1, and ae, = 1, and 
they are replaced by 0,0 or 2,2, Ax /Aé will be zero if a2,_1 = 1, and otherwise — 
will be +3" /5. Combine these facts to show that for every éo of the interval 0,1 
there are sequences of values of Διέ approaching zero for which two of the 
three conditions Az ἰΔιὲ — +-0©, Δα [Διὸ —- —, or Av/Ajt — 0 can arise. 
This proves that the function has no finite or infinite derivative at any point of 
the interval, although it was proved continuous on this interval in the earlier prob- 
lem. This example of a possibility first noted by Weierstrass is due to Peano. 
11. If (xo,yo) is a point on the graph of y = f(x), so that yo = f(xo), show that 
ψ = Yo + f'(xo)(x — 210) passes through the point o,yo and has the same deriva- 
tive as f(r) at that point, and that no other first degree expression in z has this 
property. It is the familiar tangent line. 
12. Prove that, if dy is the differential, and Ay the increment corresponding to 
dx = Az, then lim dy/Ay as Ar— 0 is 1 if dy/dx = f'(z) ¥ 0, but is Oiff’(x) = 
13. Show that if z and y are the codrdinates of a point on any second degree 


3 
curve, or conic section, that τι (γ΄ 273) = (.. (Halphen) Hint: Find y’~*/8 


from y = az +b Vcr? + dz +e. 
14, If x and y are the codrdinates of a point on any parabola, show that 


- "59 = 0. (Halphen) Hint: Find y’~*/* from y = az + ὃ τειν de +6. 


15. If the function y satisfies a differential equation (az? + ba + c)y”’ + 
(dz + e)y’ + fy = Ὁ, prove that each of the higher derivatives of y satisfies an 
equation of similar form. Hint: Use the rule of Leibniz to differentiate each 
part of the equation n times. 

16. Prove that the higher derivatives of the function z = f~!(y) inverse to 
y = f(x) may be found from 

Pe" ong 4:-.-3 }᾽ - νῦν͵ 
dy? (y’)? dy® (y’)* 

17. If f(x) and g(x) are differentiable in the closed interval a,b prove that, for 
a suitable intermediate value of z, 

f'@) 1) -ὀ ὦ, 
σ΄) g(b) — σ() 
Hint: Consider f(z)g(x) — f(a)g(%) -- σ( δ) [(). 

18. Use the derivatives to determine the increasing or decreasing character 
of the six hyperbolic functions, and in particular show that cosh 0 = 1 is the only 
minimum, and sech 0 = 1 the only maximum. 

19. Show that the existence of a Taylor’s development of higher order does 
not imply that any derivatives except the first exist, by considering f(z) = 4 + 
z? + x5 sin (x~”) near 0. 

20. If, as x > +, f’(x) > L, then f(x)/x -- L. This also holds if L is 
replaced by +0, or --οο. Hint: Use l’Hospital’s rule. 

21. If f’(z) > L, + or —%, and f(z) > M, as x Το, then f’(z) — 0. 
Hint: Use problem 20. 
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22. If f(z) + [7 (4) > L as x > +0, then f(z) > L. Hint: If f(z) ulti- 
mately preserves its sign, f(x) ultimately is monotonic, and either becomes 
infinite or approaches a finite limit. In the first case f’(x) becomes infinite with 
opposite sign, contrary to problem 20, and in the second f’(x) approaches a 
limit, and we may apply problem 21. Otherwise there are maximum and 
minimum values, M; and m,, of f(x) for arbitrarily large values of x;, with 
Τὺ = 0. Hence M;— L, and m;— L, so that, since the other values of f(z) 
are between the maximum and minimum, f(x) — L. 

23. If τι is an approximate value of one root of the equation f(z) = 0, where 
f(z) has a continuous first derivative not zero in some interval including the 
root and γι, a second approximation to the root may be obtained by Newton’s 
method. Ifri + his the root sought, then from 

| ad ἝΝ 
= f(r ΞΕ hf'(r h = 
0 Ξ fii +h) Ξ 70) + Afri + Oh), ἃ γα θ᾽ 
and if we take f’(r1) as an approximation to f’(r: + 0h), the second approxima- 
tion is given by r; — f(r) /f’(r1) = r2. The process may be repeated. 

By applying the method to f(x) = x? — a, deduce the rule for improving the 
approximation to a, by starting with τι and taking the average of r; and 
α [γι as the second approximation. 

24, If the function f(x) of problem 23 has higher derivatives, deduce from the 
Taylor’s expansion of f(r1+ ἢ) that τι —f(ri) /f’(r1) — 1/2 Lr) 2 (ἡ) [f(r 8 
differs from the root by a term o(h°). This may also. be shown by writing 
y = f(x) to define z in terms of y and expanding in a Taylor’s series in powers of 
y —h, where ἢ = f(r:). The derivatives are found from problem 16, and 
y = 0 gives the root sought. 

25. If ais less than 0.1, the equation sin x = az has a root near 7. Show that 
(1 — a)r, and (1 —a+ αὐ are improved approxtostions to this root. 

26. Show that e7=1+2+27/2!+---+a2"/n!+ Rn, where |R,| < 
\a|"+1 /(n + 1)! if ὦ < 0, and |R,| < att In +1)!ifz>0. Hence show 
that R,— 0, ifn - +o. 

27. Show that sin z = z — 13/3 Pees + (1)? Flz22-1 1(2n — 1) 1+ Ren, 
and cosx = 1—27/2!4---4+(- ποῦν /(2n)!+ Renzi, Where for each 
ΒΚ, S |z|"*+1/(m + 1) !, so that Rn— 0, asm— + «. 

28. Use the expansions of problem 27 to deduce that: 


| Pare 
= oi as ee | 7 
tanz=a+ 92 + 552 + Ο(ἢ, 


1 1 
= —_-—72 _ — x4 6 
xcotz = 1 37 τ x* + O(2), 


1 
ἽΝ δ᾽ ἐπε ρ οΣ οὰ 6 
and resex=1+- δ᾽ Ἔτη + O(2'). 
29. Prove the binomial theorem for all real m and all values of x with |z| < 1, 
namely, 
+2)" = ἘΝ (m—n $1) 


z” + Ra, 
n ! 
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with R, — 0 asn— +0. Hint: Use the Cauchy form of the remainder to find 
ἘΞ m(m -- 1) ... (m—n) (1 -- θ)ηχπ511 

ὲ Ἰώ τ τών τὴ (1 + θ1)»-ππι’᾽ 
product of a number of factors of the form x(m — k)/k, times a term inde- 
pendent of n, times (1 — 6)"/(1 + Oz)". The last does not exceed unity, and 
the factors in numerical value approach |z| < 1, and so are ultimately less than 
1—65,5>0. Thus ultimately 2, is dominated by K(1 — 5)* ™, which > 0, 

80. If we use equation (208) to deduce f(z) = Sn(z) + Ra(x) from f’(z) = 
S(t) + Ra(x), show that if asn— +0, R,— 0, for |z| <a, then R,— 0. 
Hint: Since R,(0) = 0, R(x) = Ra(x) — R,(0) = zR,(6z). 

$1. Show that tan—! 2 = 2 — 27/3 + 2°/5 — +++ + (—1)*tly?*-1 /(2n — 1) + 
Re ἘΠ ρῶν μὰ a 9, where 

2. ὃ η 1 2"(2η + 1) χὰ, 
in each case, Ry = O(z™*"), and, if |z| «1, 1,.--ὸ Ο as m—>-+0. Hint: Use 
problems 30 and 29. 

32. Prove that 7/4 = tan7!1 = 4 tan~! (1/5) — tan71 (1/239). This may 
be combined with the first expansion of problem 31 to compute a conveniently. 

33. Prove log (1 +2) =x —27/2+:--++ (—1)"""2"/n + Ry, where R, = 
O(z*t), and if |z| < 1, R, 70 asn— +. 

34. Show that, if 0< 2 < 1, 


3 2n—1 
jog (72) - αἰ 4240-4 ω ἘΣ where 


which may be written as the 


2n—1 
Qy2ntl 


(2n + 1)(1 — 2)™*1 


36. If in the preceding problem we put z = 1/31, 1/49 and 1/161, we may 
compute the values of P = log 16/15, Q = log 25/24 and R = log 81/80. Show 
that log 10 = (28Ρ + 170 -Ἡ 10R). Such combinations are desirable to get 
the logarithms of small integers. After several of these are known, the differ- 
ence between the logarithm of any integer sought, and of one known from its 
factors may be found directly from problem 34 with a small value of z. 

36. Verify each of the following limits as x —> 0: 


zo Re ΡΣ -ἰ 
(8) lim ~ : = tos ($ ; (jin. :ς 2; 
x b sin7! x — 2 


ΓΞ « 


lim 8 3: 5 


(c) 
37. Show that, as z— 0: 


5 -- sinz 


zsin(sinz)—sin?z 1 
re Se oem 
“Ὁ 18 
(c) 1 — cos = 608 2) Lak. 
z 

$8. Prove that when z— 0, 1 
1 
ὃ 


2 a δος, ὡς 
(a) [α]5- 51, (Ὁ) (cos 2ι). 5-» 6 ὅ, (ὦ (Ξ:3 res 


(a) = — cot? t=, (b) 
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39. Verify that, as |x| ©, 
1 2 5 Bey 
(a) (1+2)*— 1, (Ὁ) (: tan! 3 —e *, 
τ 


(c) xz log (Ξ τ ᾿ 


x 


1 
z—»], 


)- —4, (d) E — tan! 


40. Prove that, if f(z) 1 and g(x)[f(z) — 1]—> L, thenf(x)"™ — οἷ» 

41. If f(z) = e~”", «0, and f(0) = 0, show that f(x) is continuous for 
z = 0, and has derivatives of all orders at x = 0, with f™(0) = 0. Thus the 
Taylor’s development to any order is zero, and f(x) = o(x*), for all n. Also, 
f(z) = R,(x), so that, in spite of its possessing continuous derivatives of ail 
orders, we cannot compute the function from its Taylor’s expansion. 

42, Prove that f(z) has a relative maximum at x =a if f’(a) = 0 and 
f(a) <0. More generally, if f’(a) = f"(a) =-:+ = f™ (a) = 0, and 
f™ (a) γέ 0, f(a) has a relative maximum if m is even and f™(a) < 0, a relative 
minimum if m is even andf™(a) > 0. If mis odd, there is neither a maximum 
nor a minimum, Hint: Use equation (187), noting that the conditions make 
P(h) = f(a), ifn = m—1. 

43. Assuming that the (m + 1)st derivative exists, deduce the rule of problem 
42 from Taylor’s development. If A»A™ is the first term with non-zero coeffi- 
cient in any development of f(a + A), we may infer the behavior at a from the 
parity of m and the sign of Am. For example, from problem 37(b) we may 
deduce that x sin (sin x) — sin? z has a minimum at xz = 0. 

44. Use the test of section 76 to prove that the function of problem 41 has a 
minimum at 0. Note that the tests of problems 42 and 43 do not apply to this 
function. 

45. Obtain the development: 


1 
(tay = e(1- 54 at Zot + 069 |. 


Hint: Use elloe '+2)l/2 and first develop the exponent. See problem 33 and 
section 83. 


46. Prove that for 0 « «ἡ < w/2, 


fee ei. 

τ x 
Hint: The derivative of (sin z) /z is (ὦ — tan x)(cos 2) /z?. Since tanz > z, 
this is negative and the function decreases for all x between 0 and w/2. Hence 
the values of the function lie between the limits approached as x approaches 0 
and as x approaches 7 /2. 

47. Prove that a*?> 2° if z>a2e. Hint: The result follows from 

zloga> alogz, or f(x) > 0 if f(z) = x loga — alogz. But f(a) = 0, and 
f'(z) = loga -- a/x > 0, since loga 2 1 > a/z. 


CHAPTER V 
COMPLEX NUMBERS 


The discussion of the elementary functions may be simplified by the 
introduction of complex numbers, even if the chief interest is in methods 
which lead to final results expressible in terms of real numbers. There- 
fore this chapter is devoted to the study of complex numbers. 

We define such numbers and the four fundamental operations for 
them. We next enlarge the concepts of function, limit, and continuity 
so that they apply when the variables are complex, and we then define 
the basic elementary functions for complex values of the independent 
variable. 

We prove the fundamental theorem of algebra and apply this to the 
decomposition of polynomials and rational functions. 

94. Complex Numbers. A complex number is an expression of the 
form 


a+ hi, (1) 
where a and ὃ are two real numbers, and 7 is the imaginary unit. Each 
distinct ordered pair of real numbers defines a different complex number. 
That is: 

a+bi=a’'+b% implies a=a’ and b=bd’. (2) 
We include the rea] numbers by the convention that 
a=a+ (0. (3) 
We also include ¢ itself and its real multiples by putting: | 
ἢ τ 1 Ξξ 0 - 1ὖ and δὲ -Ξ 0 - δὲ. (4) 


95. Operations on Complex Numbers. We define addition for com- 
plex numbers by the law: 


(a + bi) + (α΄ + bY) = (a - α΄) + +0’), (5) 
and multiplication by the law: 
(a + δὲ) (α΄ + δ΄) = (aa’ — bb’) + (ab’ + a’bd)i. (6) 
The inverse operations of subtraction and division are defined by 
(a+ δὲ) — (α' + bt) = (α -- a’) + Ὁ -- δ, (7) 
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and 
a’+b% αα' --ἰᾧ7ὃῦὔ'΄ αδ' -- α. 


α-Εδ α2- a? + b? i 


(8) 


These laws are easily remembered and practically applied by using 
the ordinary rules for real quantities, together with the special relation 


? = 1; (9) 


which follows from equations (4) and (6). The definitions given are 
consistent with the other laws of algebra, such as the commutative, 
associative, and distributive laws for multiplication and addition stated 
in section 2. In practice, we obtain the result of equation (8) by multi- 
plying numerator and denominator by a — δὲ. Since the commutative 
law holds, it is immaterial whether we write a + 6: or a + Ὁ. 

96. Geometric Representation. We may match up the points in a 
plane with complex numbers by associating the point with Cartesian 
coordinates (z,y) with the complex number x + ity. It follows from 
equation (2) and the discussion of section 13 that there is one point for 
each complex number, and one complex number for each point. It is 
convenient to use a single letter z to denote the complex number 1 + iy, 
and to speak of the point z when referring to 
(x,y). 

Each point (x,y) determines a vector drawn 
from the origin to the point, whose components 
are x and y. We may regard this vector, or any 
other vector with the same components, as a geo- 
metric representation of the complex number z. 
Thus, if (p,q) is any point, the vector from it to 
(p + 2,q¢+ y) represents z. We refer to any such 
vector as a vectorz. This leads us to denote the 
relation of x and y to z by calling x the real com- 
ponent of z, and y the imaginary component of z. We write: 


x= R(z) and y=I(z) when 2=2+ty = R(z) +21 (2). (10) 


Fic. 12. 


The vector representing the sum of two complex numbers 21 + 22 may 
be obtained by adding the vectors z, and 22 in accordance with the 
parallelogram law. 

The geometric interpretation of ‘he product of two complex numbers 
212, is simplified if we introduce the polar codrdinates of the points 
2, = (21,41) and 22 = (22,ye) as defined in section 61. We have: 


Ζ1 ΞΞ 71 (cos 6, + 1sin 6;) and 22 = 12 (cos θ. + 1 sin 65). (11) 
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The product of the factors involving 6; and 62 is: 
(cos θ1 cos 62 — sin 6; sin 62) + ὁ (sin 6; cos 02 + cos 6; sin 4) 

= cos (0; + 62) +72 sin (0, + 62), (12) 
in view of the addition theorems for the sine and cosine. Thus 


2322 = Τὰ 7 [cos (8; + 42) +72 sin (0; + θ4)}, (13) 


so that 
r=7yro and @= 6, + 4% (14) 


give a possible choice of polar coérdinates for z = 2)2z2. If we plot the 
origin 0 = (0,0) and the unit point 1 = (1,0), and construct the tri- 
angle with vertices 0, 1, 2; and that with vertices 0, 20, z, we may show 
from equation (14) that these triangles are similar since they have two 
sides proportional and the included angles equal. A geometric con- 
struction for the point or vector representing the product z = 2,22 may 
be deduced from this fact. 
Whenever 


z=r (cosé+7sin 6), (15) 


so that r and @ are polar codrdinates of the point z, we call r the absolute 
value or modulus of z, and @ the argument or amplitude. We write: 


Υ Ξ [2 and 6 = argz. (16) 


The notation [2] is consistent with |z| to denote the numerical value of a 
real number 2, since 


le] = V2? + y? (17) 


reduces to V. a”, or the numerical value of z, when y = 0 and zis the real 
number z. 

We recall from section 61 that |z| is uniquely determined by equation 
(17), and that if z ¥ 0, arg z is determined to within an integral multiple 
of 2r. If z = 0, argz may have any value. 

It follows from equation (13) that 


[2122] = [σι] [ze]. (18) 


This shows that a product can not be zero unless one of the factors is 
zero. 
97. Conjugate Complex Numbers. If z= 2+ ἵν, the complex 
number 
Ζτι καὶ -- ἔν, (19) 
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is called the conjugate complex number to z. We note that z is the con- 
jugate of Z, so that the relationship of a number to its conjugate is 
reciprocal. We note that 


R(2) = R(z) and 7(2) = —I(z). (20) 
Also le| = [5], and |z| = Wzz, (21) 


while —arg z is a possible value of arg Z. Geometrically the point Ζ is 
the reflection of the point z in the z, or real axis. That is, the point Z 18 
so situated that the axis is the perpendicular bisector of the line joining 
the two points 2 and 2. | 

Suppose we start with two complex numbers z and z’, and combine 
them by any one of the four fundamental operations to obtain a new 
complex number w. If we now start with the conjugates of these 
numbers, 2 and 2’, and use the same operation, we shall obtain as a result 
the number ®, conjugate to w. This follows from the rules given in 
section 95, and may be checked by the geometric interpretation. 

We note that the sum and product of two conjugate complex numbers © 
are both real numbers. 

98. Inequalities for Absolute Values. We shall prove that: 

The absolute value of the sum of two complex numbers is less than or equal 
to the sum of their absolute values. 


If 2; = 21 + ty; and zg = 25 + tye, we have: 
lal = ν αἱ - νῇ, [γε] = ν αἢ - 43 (2) 
and [σι + 222 = (αι + 22)? + (yr + yo)”. (23) 
Consequently, 


[lex] + [2215 — fe + 20|? = 
να + y? Va2 + νῇ — 2x22 — 2yryo. (24) 


This will be greater than or equal to zero if 
Vai + υἱ Vk + νῷ = nize + νιν; (25) 
or since the left member is positive or zero, if 
xing + viys + yins + yiys = x22 + 2erroyiys + vive, 


which may be written 


(xiy2 — yi%e)” 2 0. (26) 


Since the left member is the square of a real number, this last 
inequality always holds, and this proves that 


[lea] + [2215 ἘΞ ler + zal’, (27) 
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or 
21] + |zo| 2 [σι + zl, (28) 


since both members of this inequality are non-negative. This proves 
the theorem. 

From the form of relation (26), we see that the equality can only 
occur if 
al v2 


= 0. 29 
Yi = 2 (29) 


τι — Yirt2g = 


This is the condition that the numbers 21,y, are proportional to the 
numbers 22,y2 since it implies either 


Μη 
21=0, ψι ΞΞ Ὁ; t2=0, y2=0; ψι -- 0, y2=0 or 2 =~: (80) 
Yi Y2 


In the geometric representation, the sides of the triangle with vertices 
at 0, 2, and z; + zo,may be considered as 
vectors representing 21, 22 and z, + 2p. leaf 
The corresponding absolute values are 
the lengths of the sides of the triangle, 
and the relation (28) states that two sides 
have a sum greater than the third side. 
The equality may occur if the triangle 
degenerates to one with all three vertices 
in the same line, or with zero area, in which case equation (29) holds. 

The relation 


2, Ἐς 


ΓῚα. 13. 


lz. — 24] & |lea] — [24 (31) 
follows from 
[σι — Za] + [zo] = [Ζι], (32) 


if |z;| 2 |ze|, and from this by interchanging z, and 2z, if [σι| « [24]. 
Here, again, we can only have the equality if the points representing 0, 
21, and 22 are collinear. 

By mathematical induction based on the relation (28), we may prove 
that for any integer n, 


(33) 


n n 

Σ |ze| =| XD ze 
k=1 k=1 
with strict inequality unless the points representing 2, and the origin 
are collinear. The relation (33) corresponds to the geometric fact that 
a straight line segment joining two points is shorter than a broken line 
joining the same two points. 
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99. Limits. If x, and y; are real variables approaching limits in the 
sense of section 17, we say that the complex variable z; = 2; + ty, 
approaches (lim χε) + ὁ (lim y;) asa limit. That is: 

For a complex variable, 2, = τὶ + ty: whose values are determined by a 
continuous or discrete sequence of real numbers t, we define: 


limz, = Z= X - ΥΥ͂, (34) 
auf, and only if, 
lima, = X and lim ψε = Y. (35) 
These relations imply that: 
lim (X — z;) =O and lim (Y — y,) = 0. (36) 
But, 
Ζ -- κι = (X — σὴ +0(Y — H) (37) 
and 
ΙΖ — al = V(X -- 1)? + Ὁ -- νυ), (38) 
so that: 
lim (Ζ -- 2) = 0, (39) 
and 
lim ΙΖ χε σι} = (.Ψ (40) 


From equation (38) we deduce that: 
<|X-—2/s|Z—2 | and OS|Y-y,| Ξ |Z—2zJ). (41) 


From these relations we see that the equation (40) implies equation (36) 
and hence equation (35) and (34). That is: 

A necessary and sufficient condition for the complex variable z, to approach 
Z as a limit is that lim |Z — 2,| = 0. 

This reduces the problem of determining whether a complex variable 
depending on a real variable approaches a limit to that of determining 
whether a real variable approaches zero. Since |Z — z,| is the distance 
between the fixed point Z and the variable point z;, the condition has a 
simple geometric meaning. 

᾿ The Cauchy convergence criterion of section 26 applies to complex 
variables. We shall prove that: 

A necessary and sufficient condition for z, to approach a limit is that for 
any positive quantity ε, there is some point in the sequence of values of t,t, 
such that the absolute value of the aujerence of any two values of 2, each 
with t beyond t,, is less than ε. 

We first note that if Ζι = x, + ty; and zo = rq + iyg are any two 
complex numbers, we have: 


0S [χὰ — αι! S |ze—2| and 0S lye — ψι! S [26 — |, (42) 
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analogous to the relation (41). Consequently, 
if |z2 — 2ι| < ε, 
[52 — |< e and ly. -- ψι| « ε. (43) 


Thus, if the condition of the theorem is satisfied, for z, = 2; + 74, by 
the Cauchy convergence criterion for the real sequences x; and y:, we 
see that they each approach limits. Thus, by our first definition, 2; 
approaches 8 limit, and the sufficiency of the condition is proved. 

Conversely, if 2; approaches a limit Z, equation (40) holds, so that for 
any arbitrary positive quantity, 


ΙΖ -- σι < δ᾽ for ἐ beyond ἔ,. (44) 
Thus, if 2’ and z’’ are any two values of z; with t beyond ἐς, 


IZ—z|< : and [2 -- ΖΊ < ᾿ (45) 

so that 
jer — 2" = |e’ —-Z) 4+ (Z—-2")| « ε. (46) 
This proves that the condition is also necessary, and proves the theorem. 
With only slight modifications the reasoning of section 19 applies to 
complex limits. Hence we may use the results of that section to deter- 


mine the behavior of the sum, difference, product, and quotient of two 
complex variables. 


100. Infinity. For a complex variable z:, we write 


lim z; = ©, (47) 
to mean 
It follows that: 
lim Ζ; = © if, and only if, lim = = (. (49) 
t 


When dealing with a variable a; restricted to real values, we shall 
generally continue to use the more explicit notation lim |a;| = ©, since 
for real variables the distinction between lim a; = + and lima, = —o 
is Important. 

For complex variables, we generally reduce the study of a variable 
becoming infinite to the study of a variable approaching zero, by using 
equation (49). 

101. Functions. If z=2++ty and w=u+w are two variable 
complex numbers, there may be a relation between them. ΑΒ for real 
numbers, we say that w is a function of z for a set of values if for each 
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value of z in a certain range one or more values of w are determined. 
We write 
w = f(z) (50) 
to indicate this. 
Since z and y determine 2, which in turn determines w, and hence u 
and v, we see that u and ὑ are each functions of x and y, so that: 


w= u(x,y) + w(x,y), (51) 


and a single function of a complex variable determines two real functions 
of two real variables. Conversely, any two functions of x and y may be 
used in place of u and v to determine w as a function of z. 

For the present we shall be interested in a very restricted class of 
functions of a complex variable, those which correspond to the elemen- 
tary functions defined in section 69. 

The range of z will usually be some two-dimensional open region as 
defined in section 15, or the corresponding closed region obtained from 
it by adding the boundary points as in section 35. If the functions 
u(zx,y) and v(x,y) are each single-valued in the range, there will be just 
one value of w for each value of z, and we say that w is a single-valued 
function of z. 

102. Continuity. Let w = f(z) be a single-valued function of the 
complex variable z = x + ἵν for values of (x,y) in some two-dimensional 
region. Ifz’ is any interior point of this region, we say that: 


The function f(z) 18 continuous at 2’ if 
lim f(z) = f(z’) (52) 
for every sequence 2; such that 2; — τ΄, 


This is analogous to the first definition of section 35 if we restrict 
ourselves to discrete sequences. By reasoning as in that section, we 
may show that if the property holds for discrete sequences, it holds for 
all sequences, and that the definition is equivalent to: 


The function f(z) ts continuous at 2’ if, for every positive number e there 
is a corresponding positive number ὃ, such that 


7.) -feN <6 Ff [ἐ -- ΖΊ «ὃ: (53) 


If we write 2’ = x’ + iy’, and z, = σι + ὕψι, it follows from the 
definition of section 99 that lim z; = z’ if, and only if, lima, = 2’ and 
lim y, = y’. Also lim f(z) =f(z’) if, and only if, lim u(2,,y;)= 
u(z’,y’) and lim v(a,y:) = v(2’,y’), where f(z) = u(z,y) + iv(z,y). In 
view of these facts, a comparison of the first definition of this section 
with the first definition of section 35 shows that: 
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The function f(z) of the complex variable 2 = x + ty is continuous at 
2’ = χ' + iy’ if, and only if, the two real functions u(x,y) and v(x,y) such 
that w(x + iy) = u(x,y) + tv(z,y) are each continuous at (x’,y’). 


103. The Exponential Function. Since the properties 


E(z)E(z’) = E(z +2’), (54) 
and 
ee ee 1, (55) 
2z—>0 ra 


completely characterize the function Εἰ (2) as the exponential function 
when Ζ is restricted to real values, as we saw in section 51, it is natural 
to extend the definition to complex values by attempting to satisfy 
these relations for complex values of z. We shall see that this is possible 
and may be done in only one way. 

Let us first suppose that there is a function satisfying these relations, 
and let us determine its properties on this assumption. 

If z = x + ty, where z and y are real, we have from equation (54), 


E(x + iy) = Βα) (iy). (56) 


But, if we put z = x in equations (54) and (55) they reduce to the 
equations (130). and (131) of section 51. This shows that we must have 


E(x) = οἷ. (57) 
The equations (54) and (55) are then satisfied, since 
ere” = et te (58) 
and 
tH] 
hin <—— =. (59) 
z—0 Μ᾿ 


For any particular value of y, Εἰ (ἴψ) is a complex number which may 
be expressed in terms of two real numbers: 


E(iy) = C(y) + ἰδ), (60) 


so that the real and imaginary components of E(1y) are each real func- 
tions of the real variable y. 
If we put z = iy, 2’ = ty’ in equation (54), we have: 


E(iy)E(iy’) = Eli(y+y’)l, (61) 
or, 


Cy) + SQ) ICY’) + i8Sy')] =CYt+y') +iSy+y’). (62) 
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This is equivalent to 
Cy ty") = Cly)Cly’) — S(y)S(y’), (63) 
Sty + y’) = S(y)C(y’) + CY) Sy’), (64) 
in view of equations (6) and (2). 
For z = ty, the condition (55) becomes: 
lim oS = 1, (65) 
ty—>0 vy 
or, if we use equation (60), 


Ciy) + 78(y) — 1 


lim =, (66) 
y—>0 wy 
But, by equation (35), this is equivalent to: 
lim 50) = |, (67) 
νοῦ 
and ce ἢ (68) 
y—>0 y 
From equation (63) we may deduce that 
Cyth)—C C(h) -- 1 S(h 
Cy +h) ~ Cy) _ Cy) Ch) ~1 Sty) S(h) | (69) 
h h h 
Again, from equation (64) we may deduce that 
Sy+th)—S Cth S(h 
SUSY © gy) pe. (0) 


Since h only appears in these two equations in expressions similar to 
those in equations (67) and (68), the right members of these two equa- 
tions will approach limits as h—>0. Hence the left members will 
approach limits, and the functions C(y) and S(y) have derivatives for 
all values of y, given by: 


d d 

— =~ --- J i 1 

dy C(y) S(y) and ἂν S(y) = Ο() (71) 
Now consider the function 


F(y) = C?(y) + S?(y). (72) 
By using equation (71), we find that 


5 Flv) = 2CWI-SW)] + 28) σῳ) = 0, (73) 
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so that by a theorem proved in section 75, the function F(y) is a con- 
stant. But equations (67) and (68) show that S(y) ~0 and C(y) — 1 
asy—0O. Thus the right member of equation (72) approaches 1, and 
the value of the constant is 1. Hence: 


Οὐ) + δ᾽ 0) = 1. (74) 


Since the equations (64), (63), (74) and (67) only differ from equations 
(224), (225), (226) and (227) of section 57 in having z replaced by y, 
it follows from the theorem of that section that 


C(y) =cosy and S(y) =siny. (75) 
These functions satisfy equations (63) and (64), which are equivalent 
to equation (61) if equation (60) holds. Hence if we define 
e” = cosy + isin y, (76) 
we have: 
eve’ -- eiluty’) | (77) 
We note that for any function f(y) having a derivative for y = 0, 
— f(0 
im 10) 10 


ν--»Ὁ 


= f'(0). (78) 


In particular, for the sine and cosine this becomes: 


, ecosy—l 
lim —— = 1 and lim ec A 
y>0 Y y->0 y 


= 0, (79) 


It follows that the functions as defined by equation (75) satisfy the 
equations (67) and (68), which together are equivalent to equation (65) 
if equation (60) holds. Thus we have for the function defined by 
equation (76): 


_ ΟὟ --͵Ἰ _ ev -- 
lim — =1, or lim = ἢ, (80) 
ty>0 Ὁ yoo 86 
In accordance with equation (56) we now define 
εἴ = ett = ere = e* (cosy +7sin y). (81) 


Its continuity for all values of z follows from the continuity of its real 
and imaginary components by section 102. 

The preceding argument has shown that no other function of 2 can 
satisfy the two conditions (54) and (55). We must next investigate 
whether the function given by equation (81) itself satisfies these con- 
ditions. We have: 


ete?” = οἰ οἶνον cll! = otto! οἰ ψἘν" = ett" (82) 
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as a consequence of equations (58) and (77). Thus the first condition 
is satisfied. : 

The second condition is satisfied when z is restricted to real values, in 
view of equation (59). In consequence of this and the fundamental 
definition of a limit, we may write 


e =1+2-+hz, where [Ὁ] « εἰ if [1] « δι. (83) 


Similarly, the condition is satisfied when z is restricted to real mul- 
tiples of i, in view of equation (80). From this and the property of 
a complex limit expressed in equation (40), we may write 


e¥™=1+iy+ky, where |k|<e, if ly| < dg. (84) 
We may deduce from the last two equations that: 
f@—-l=ee™—-Ll=xtithetkyt it+hi+hk-+hk)zy. (85) 
Let us now take 0 < e < 1, determine 6, and 52, and then take 
0 < |z| <6, where ὃ < min(e, δι, 59), (86) 
the minimum of the three numbers. Then, since 
jz] S [2] and [] ΞΞ (el, (87) 
for any complex number z = x + iy, we have: 
lhl « ε, |ki «ε and [t+ hi +k + ἈΠ] « 4, (88) 
so that 
ha τ κυ + tthe +k + hk)zy| < elz| + ez] + 4elz] S Gelz|. (89) 
It follows from this relation and equation (85) that 


e* -- Ἰ 


—Il<6ce, if 0 «μ|] «δ. (90) 


Since ¢« is an arbitrary positive number less than unity, δε may be 
made arbitrarily small, and this equation is the condition that 
e—1 


z—>0 Ζ 


1 
-1 


_ |e 
lim 


z—>0 


Thus the second condition is satisfied, and we have proved that: 
The function of the complex number z = x + ty, 


e* = e* TY = e* (cosy + isin y), (92) 


has the property: 
ere” = eft?" (93) 


Art. 104] THE TRIGONOMETRIC FUNCTIONS 163 
for all complex values of Ζ and τ᾽, and the special property 


,͵ β2-ἰ1 
lim 
z—>0 Ζ 


= 7: (94) 


These two properties uniquely characterize the function. 


104. The Trigonometric Functions, sin z and cos z. The properties 


S(z +2’) = S(z)C’) + CS’), (95) 

Cz +2") = Clz)C(2’) — S(z)S(z’), (96) 

C?(z) + 526) = 1, (97) 

ane ἵν πὶ (98) 
235-00. 2 


completely characterize the functions S(z) and 6 (5) when z is restricted 
to real values, x. In fact, we showed in section 57 that these properties 
hold if and only if 


S(z) =sing and C(x) = cosz. (99) 


We shall accordingly use these properties to extend the definition of 
the trigonometric functions to complex values. 

If the four fundamental equations hold for all complex values of z, 
they hold, in particular, for all real values. For these values equation 
(99) holds, and hence 


S(O)=0 and C(0) =1. (100) 
It follows from equation (98) that 
lim S(z) = 0. (101) 
2z—>0 


Thus the function S(z) is a continuous function of the complex variable z, 
at z = 0. 
Since the equations (96) and (97) imply that 


C(2z) = 1 — 2S87(z), (102) 
it follows that the function C'(z) is a continuous function of the complex 
variable z, atz = 0, Hence, 

a0 


and from equations (97) and (98) we may conclude that: 


lim C(z) -- Ἰ Se — S(z) S(z) 5 


.-»0 Ζ 20 C(z) +1 2 " (00) 
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The similarity in form of our equations with those used in the last 
section to determine E (iy) suggests that we introduce a function E(iz), 
defined by the equation: 


E(iz) = C(z) + iS(z). (104) 
Then, since 
[6 () + iS(z)] [C(e") + t8(2’)] = Ce + 2’) + ἰϑ( + 2”) (105) 
is ἃ consequence of equations (95) and (96), we have 
E(iz)E(iz’) = Elite + 2’)). (106) 
We also note from equation (104) that: 
EQiz)-1 1Cz)—- ΠΩΣ 


a .ὕ.ὕ.- (107) 
ἐΖ a Ζ Ζ 
It follows from this, equation (98) and equation (103) that: 

E(iz) -- 

im ed (108) 

z—>0 (74 

If we write 
z= -τ-ἴιυ, w= 12, (109) 


the function E(w) is defined for all complex values of w by equations 
(109) and (104). In terms of w, equation (106) is 


E(w)E(w’) = E(w+ vw’). (110) 
Also, since z — 0 when w — 0, equation (108) may be written: 
i es. (111) 
w—>0 WwW 


As these equations are identical in form with equations (54) and (55) 
of the last section, it follows that they will be satisfied if, and only if: 


E(w) = e”, (112) 
and 
C(z) + ¢S(z) = E(iz) = οἷ. (113) 


This equation does not immediately determine C(z) and S(z), since 
they are not necessarily the real and imaginary components of the 
complex number on the right when z is not a real number. 

However, we have: 


pa Εν a 1 _ Cz) — Wz) (114) 
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It follows from this and equation (97) that: 


C(z) -- iS(z) = &*. (115) 
We may now conclude from equations (113) and (115) that: 
ez + eg εἷξ moe! e Ἷ 
C(z) = a and S(z) = ΜΝ ᾿ (116) 


It is a direct algebraic consequence of the fundamental property of the 
exponential function expressed in equation (93) that the functions 
defined by equation (116) satisfy the relations (95), (96), and (97), if, 
for the last, we recall that e®? = 1. That these functions satisfy the 
fourth condition, equation (98), is a consequence of the second property 
of the exponential function given in equation (94). 

We use the equations (116) as the definition of cos z and sin Ζ for 
complex values of the variable. If we put: 


2z=a+t, z= —-y+iz, ττίσ τον — iz, (117) 
we have from equation (92): 
e* =e (cosx+isinz), δ᾽ * = & (cost —isinz). (118) 


These equations enable us to define sin z and cos z directly in terms of 
trigonometric functions of z and hyperbolic functions of y, as defined in 
section 68. We have: 


εἷξ oa εἶ 

sin Ζ = Tyee sin x cosh y + ὃ cos & sinh y. (119) 
εἷξ —t2 ; 

cos 2 = ne = cos x cosh y — ἴ sin & sinh y. (120) 


The discussion of this section has proved that: 


The functions of the complex number z = x - ty defined by equations 
(119) and (120) have the properties: 


sin (2 + 2’) = sin zcos ζ΄ + cos z sin z’, (121) 
cos (2 + 2’) 


cos? z + sin? z 


cos 2 cos Ζ΄ — sin zsinz’, (122) 
1, (123) 


for all complex values of z, and also have the special property: 


bm: = aed. (124) 
:--0 2 


These four properties uniquely characterize the functions. 
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105. Properties of the Trigonometric Functions. All the identities 
involving the functions sin z and cos z derivable as consequences of the 
equations (121), (122), and (123), mentioned in section 58 for real 
values of the variable, hold when z is complex, since the algebraic proces- 
ses by which they were proved for real values are still valid. 

However, a direct proof of any such identity for complex values of z 
is always possible by using the formulas 

iz —tz tz iz 
sin z= see ae and cos Zz = a ie (125) 
21 2 
to reduce the trigonometric identity to an identity involving exponentials 
which is an algebraic consequence of equation (93). Such a proof is 
often simpler than a proof involving real quantities only. 
It is often convenient to use also the formulas 


e*=cosz+isinz and δ᾽ ὃ“ = cosz— ising. (126) 
For example, from 
: εἷς. gm = (cogs 2 + 7 sin 2)" — (cos Ζ -- isin 2)” 
sip a Oe) ee Σὰ 
21 21 


we easily derive a formula expressing sin nz as a polynomial in sin z 
and cos 2, with real coefficients. Similarly, any polyromial involving 
sines and cosines of multiples of z may be expressed as a polynomial in 
sin 2 and cos 2. 

Conversely, from 


2 ι΄ ,—iz\n tz —iz\ m 
og "-. (6 6 ο 6 
Sin Ζ2ΖΟΟΒ 2 = | ————_ ——— 


22 2 
m+n : m+n 

= DY Aj,e* = Σ (az, cos kz + & sin kz), (128) 
k=—m—n k=0 


we may express any polynomial in sin z and cos 2 as a linear combina- 
tion of sines and cosines of multiples of z. The final coefficients a; and 
δὲ will be real. For the values of the expressions in parentheses are 
unchanged if we replace 7 by. —1, which shows that A_; must be the 
complex number conjugate to Ay. Thus, if the original polynomial has 
real coefficients, the coefficients in the linear combination will also be real. 

As in the case of real quantities, the remaining four trigonometric 
functions are defined by the equations: 


sin 2 6 
ἴδῃ 2 ΞΞ.-----, cotz =-——» (129) 
COS Ζ Β 


sec 2 — csc 2 = ---- (130) 
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Thus their properties may be deduced from those of the sine and cosine. 
It follows from the preceding discussion that all the algebraic identities 
involving any of the six trigonometric functions which hold for real 
values of the variable are valid when the variable is complex. 

We note that inequalities derived for real values do not in general 
continue to be true. For example, when sinz and 0082 are real, it 
follows from cos? x + sin? x = 1, that |sin z|< 1, but we cannot draw 
this conclusion, and the inequality does not necessarily hold, when the 
values are complex. 

106. Hyperbolic Functions. The definitions of the hyperbolic func- 
tions given in section 68 may be used for complex values of the variable, 
and give: 


ae -- cosh 2 = ὅς : (131) 
It follows from this and equation (92) that if 2 = x + wy, 
sinh z = sinh z cos y + 7 cosh 2 sin y, (132) 
cosh z = cosh x cos y +72 sinh x sin y. (133) 
The four other functions are defined as before by: 
sinh z cosh 2 
tanh 2 = ae coth z = ho (134) 
1 1 
sech z = Te, esch z = aa (135) 
A comparison of equations (131) and (125) shows that: 
sinh iz =zsinz and cosh 1 = cos 2, (136) 
and also that 
siniz =7zsinhz and cos 2z = cosh Ζ. (137) 


These and the relations of similar character derived from them combined 
with equations (134) and (135) are often convenient in deriving for- 
mulas for hyperbolic functions from the more familiar formulas for the 
trigonometric functions. For example: 


cosh (2 + 2’) = cos (iz + iz’) = cos iz cos iz’ — sin iz sin iz’ 
= cosh z cosh z’ + sinh z sinh 2’. (138) 


Identities in the hyperbolic functions may also be derived directly 
from equations (131) combined with 


e*=coshz+sinhz and ¢* = coshz — sinhg, (139) 


in a manner analogous to that illustrated for the trigonometric functions. 
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107. The Logarithmic Function. For real values of the variables, the 

relations 
w=logz and z=e” (140) 


are equivalent. If z = x + ty is a given complex number, and the 
complex number w = u + 1 satisfies this last equation, then 


z+ iy = e“ (cosy +7sinv). (141) 
This implies that 

z=e"cosv, y=e"sinv (142) 
so that 

x? + y% =e and δ = {zl, (143) 


since e” is positive for all real values of τ. 
If we assume that z + 0, this determines u as 


u = log [2] (144) 


and when combined with equation (142) leads to 


x 
cosv=—>) sinv= (145) 
lz| il | 
which determine v to wit an integral multiple of 27 as we showed in 
section 61. In fact, 


v = arg Zz, (146) 


as we might have noted directly by comparing equation (141) with 
equation (15), and identifying e” and v with the polar codrdinates 
r = [2] and @ = arg z. 

Since equation (141) follows from equations (144) and (146), we are 
led to define the logarithm of a complex number z by 


log z = log [2] +7 arg z = log r + 10. (147) 
This function is many valued, since arg z is not uniquely determined. 
For any real constant a, there is just one possible value of arg z or θ in 
the range 
αΞθ«α- 2π. (148) 
These values constitute a single-valued branch of the function arg Ζ 
corresponding to a. The values of the logarithm satisfying the restric- 
tion (148) constitute a single-valued branch of the logarithmic function 
corresponding toa. Thus: 
The branch of the logarithmic function corresponding to a is defined by 


log z = log |z| +c argz, where aSargz<a+2x. (149) 
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The function is uniquely defined for any value of z # 0, 
and if w = log z, z= e”, (150) 


If 0 is the value of arg z for any one branch and if θ᾽ is the value for the 
same z for any other branch, then 0 — θ΄ = 2kw, where k is zero or a 
positive or negative integer. 


While log z is not defined for z = 0, we may write 
lim log 2 = ~, (151) 
z—>0 


in accordance with the convention of section 100, since 


llog Ζ| = log |z|, and lim log |z| = —o. (152) 
z-->0 


We note that for any one branch, if 2 ~ 0 and θ + a, the function @, 
and hence the function log z, is continuous. If we start with a value of 
z ~ 0, and then select a value of a not a possible value of arg z for this 
value, we shall obtain a branch of log z continuous for the value in 
question. 

Thus, if z varies continuously, without passing through zero we may 
change the branch in such a way that log z varies continuously. How- 
ever, if z traverses a circle with center at the origin, the final value of 
log 2 will differ from the initial value. For any range of z which excludes 
some radius drawn out from the origin, 1.e., such that for some value of a 
none of the values 


z=rcosa+irsina, OSr (153) 


belong to the region, we may find a branch of the function w = log z 
which is single-valued and continuous. We shall usually consider 
2 restricted to such a range. 

The properties used to characterize the logarithmic function for real 
values in section 50 apply with certain reservations to the function 
defined by equation (149). If w = logz and w’ = logz’, we have 


z=e",2 =e”, az! = ert, (154) 
Thus, if z and z’ are both distinct from zero, log z + log z’ or ὦ + w’ is, 


for some branch, log (zz’). Thus we may write either 


log z + log z’ = log (zz’) for suitable branches, (155) 
or 
log 2 + log z’ = log zz’ + 2kzai, | (156) 


where we may take all three logarithms for the same branch, or for any 
branches, provided we use a suitable value of the integral multiple k. 
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That k is not necessarily zero when we use the same branch in all 
cases may be seen by taking 0 S 6 < 2m for all the logarithms, and 

= 37/2 for log z and log σ΄. 

The special relation (112) of section 50 can only hold for complex 
values if log (1+ 2) -Ὁ Ο 88 5-- θ. Accordingly, we consider a branch 
with ~27 <<a<0. We put: 


w=log(l1+2), 2=e"—1. (157) 


For the branch considered log 1 = 0 and the logarithm is continuous 
in a region including 1, so that w—>0 when z—0. Consequently we 
have: 

Ft ia τευ τὰ “οι (158) 
z—>0 Ζ w—0 6, -- 1 

by equation (94). Thus the special relation holds for any branch with 

--π <a < 0, that is any branch which makes log z continuous for all 

real and positive values of z, and is such that for these values log z is 

identical with the function log x of section 50. 

108. Power Functions. For any complex value of A ~ 0, and any 
complex value of B, we write: 


AS ee (159) 


which determines a value of the power for each choice of a particular 
branch of the function log z. 

If α is the value of the argument of A for any one branch, for any 
other branch the value may be written a + 2k, where k is zero or a 
positive or negative integer. Thus, if a is the absolute value of A, we 
shall have for any branch: 


log A =.log a + t(a + 2k). (160) 


Consequently, 
A® ἘΞ eBlog α +t(a + 21π}} - εβίοεα + ta) 2 τὶ (161) 


The value of the power for a branch with k ¥ 0 will only agree with 
that for k = 0 if 


eFkr? — 1 and 2Bkmri = log 1, (162) 


for some branch of the logarithm. But, since log 1 is 0 for one branch, 
for any other branch it will be an integral multiple of 221, say 2K, 
and we must have: 


K 
2Bkei = 2Κτὶ and Bk=K or B=>- (163) 


This shows that B is real and rational if equation (162) holds. 
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When B is not real and rational, each different value of k in equations 
(160) and (161) will give a different value to 45, and this expression is 
infinitely many-valued. By restricting z to a region in which some 
branch of the logarithmic function is single-valued and continuous, we 
may obtain a single-valued and continuous branch of the function z? 
for all values of B. 

_¥or the function A’, since | 
At = ez loge A = ev (loge + ta Beh (164) 


each choice of k determines a separate function, single-valued and con- 
tinuous for all complex values of z. For real and positive values of 
A, A = p, one choice makes 


p* = Ὁ (165) 


When p is real and positive, unless the context indicates otherwise, we 
take this last equation as the definition of p*. This convention justifies 
our use of e* for the function defined in section 103, instead of for the 
infinitely many-valued function found by putting A = e in equation 
(164). 

The possibility of the second interpretation is occasionally convenient, 
for example in using a particular branch of z’, and evaluating this 
function for z = p, or z = 6. 

Let us return to the consideration of A? when B is real and rational. 
If B = 0, we have for all A ~ 0, 49 = 1, regardless of the value of & in 
equation (161). For. an integral value of B, Bk is an integer for all 
values of k, and the last exponential written in equation (161) is unity. 

In fact, the value uniquely determined by putting B = n, a positive 
integer in equation (159) or (161), is the same as that obtained by 
repeated multiplication by A, as we see from equation (93). We also 
see from this equation that the value obtained by putting B = —n is 
the reciprocal of that for B = n. 

For p, a positive or negative integer, and a particular determination 
of log A, : 
ABP = eBp log A τὰς (68 oe 4γ» ΞῈ (A®)?, (166) 


so that a rational power, p/q is uniquely determined from the value of 
the power 1/g, and we may take g positive. 

For B = 1/q, with ᾳ ἃ positive integer, the equation (163) will be 
satisfied if k = qK, in which case k is an integral multiple of g. Thus, 
any two values of the logarithm which differ by 2k7i will give the same 
value of A” if k is an integral multiple of g. If we take k = 0, 1, 2,---, 
q — 1, in equation (161) we obtain q distinct values. Since any other 
integer differs from one of these by a multiple of g, the equation (159) 
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gives g possible values to 41,4, Each of these has its gth power equal to 
A, and these are the g roots of the equation z2 — A = 0. Wesometimes 


write VA in place of A”? or VA for 4142, For A real and positive, 
one of these roots is real and positive. When q is even, there is a second 
real root which is negative. Also, when A is real and negative, and 4 
is odd, there is a negative real root. For ᾳ = 2, and any complex value 
of A, the two square roots differ by a factor of —1. 

109. Inverse Functions. By solving quadratic equations, and tak- 
ing logarithms, we may express all the inverse trigonometric functions 
in terms of square roots and logarithms, so that these functions are single 
valued in suitably restricted regions. We have: 


1 
sin! z = ese? = —ilog (iz + V1 — 2?) (167) 
1 
cos }z = ΝΜ = —ilog (e+ Vz? -- 1) (168) 
1 2 1 — 2 © 
—1 - 1 - = -Ἰ . 
tan” z = cot 5 By LE (169) 


Similarly we find for the inverse hyperbolic functions: 


1 
sinh! z = βου ἢ εἶα log (2 + V1 + 2?) (170) 
1 mmr 
cosh! z = sech”' - = log (¢ + Vz? -- 1) (171) 
1 1 1+z 
-1 τος —] -  -- Φ 
tanh™" 2 = coth”'= = 5 log τ -- (172) 


110. Derivatives. If w = f(z) and Aw and Az denote corresponc- 
ing complex increments of w and z, we define the derivative 
f'(z2) = = = lim aw _ tim 2%) ~ fe), 


(173) 
Az—>0 Az h—>0 


in case the last limit exists and has the same value for all sequences of 
complex values of ἢ or Az distinct from zero, and approaching zero as a 
limit. 
As in the case of real variables, it follows from the definition that: 
dU 


d 
= (kU) =k, (174) 


d dU dV 
τ a ἘΠ’ (175) 
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d dV dU 
q, UY) = ΡΥ τ (176) 

yw 04 

ad (Ὁ dz dz 
£(¥) plea eal (177) 


Also, the reasoning used in section 65 shows that, if w = f(U) and 
U = g(z), and for Up = g(Zo), the function f(U) has a finite derivative 
at Uo, while g(z) has a finite derivative at zo, then the function 


w = fig(z)] = F(z), (178) 
has a derivative, at 29 given by 
dw dwdU ἢ ae ; 
π Πα οἱ Pleo) =f (σο)σ' (eo). (179) 
It also follows directly from the definition of a derivative that 
dk dz 
ae = 0, and de = 1, (180) 


so that polynomials and rational functions of a complex variable may be 
differentiated by the rules derived in section 63. 
111. Special Functions. For the function e*, we have: 
sth ,ξ h_ 1 . 
in = lime®- = οὖ, (181) 
nao ἢ h—>0 h 


in view of equations (93) and (94). This proves that: 


d 
τ, δ - δ. (182) 


Consider next the function w = log 2, at a point z interior to a region 
in which the branch used is continuous and single-valued. Then 


ὦ log (2 + Az) — logz Aw 
z=e”, and a ti gw” (183) 


As e” is single-valued, Aw »έ 0 if Az »έ 0, and since w = log z is con- 
tinuous at Ζ; Aw — 0 when Az—>0. But 
ed 

lim —————— = — e” = e” = 4, 

Aw—>0 Aw dw 3 ° ὅ (184) 
It follows from the last two equations that: 


4 lags) = tm EEN) — loge _ 1. 
dz h—>0 h Ζ 
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Again, from equations (125), (182) and the preceding section we find 
for the functions sin z and cos z that: 


ἀ͵. d : 
a (sin z) = cosz and Ἴ (cos 2) = -- 51} z. (186) 


Thus all the formulas for differentiating trigonometric and inverse 

trigonometric functions for real values apply to complex values, with 

suitable restrictions on the regions and branches for the inverse functions. 
Similarly, in consequence of equation (131) we find: 


a 
dz 


and the formulas for differentiating hyperbolic functions and their 
inverse functions for real values may be extended to the case where the 
variable is complex. 

112. Elementary Functions. The function sinz is expressed in 
terms of the exponential function by equation (125). The power func- 
tion A? is expressed in terms of the exponential and logarithmic function 
by equation (159). The function sin”! z may be written 


sin tz = —7 log [iz + ef eU-*), (188) 


in view of equations (167) and (159). Consequently, when consider- 
ing complex values of the variable, we need to consider only the func- 
tions 65 and log z as basic elementary functions. Thus we may define: 

An elementary function of the complex variable z is a function which 
can be explicitly represented in terms of constants and the independent 
variable z, by means of the four fundamental operations and the exponen- 
tial and logarithmic functions, using, at most, a finite number of cpera- 
tions and, at most, a finite number of basic functions. For any choice 
of branches of the logarithmic functions involved, if the explicit repre- 
sentation of an elementary function leads to a finite and determinate 
value for values of z in some two-dimensional region, we may find two- 
dimensional regions in which the representation leads to a single-valued 
and continuous function. We shall speak of such a function with its 
associated region as the single-valued branch of an elementary function, 
or simply as a single-valued elementary function. 

A comparison of this definition with that given in section 69 shows 
that, at least in a limited range of the variable, every elementary func- 
tion as there defined may be obtained from a single-valued elementary 
function by further restricting 2 to real values. The principles of the 
last two sections enable us to find the derivative of a single-valued 
elementary function for any value z interior to the region associated with 


d 
(sinh 2) = coshz and z (cosh 2) = sinh Ζ, (187) 
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the single-valued branch considered. For any region composed entirely 
of such interior points, the derivative is again a single-valued elementary 
function. The rules for differentiation are formally identical with the 
familiar rules for real functions. 

113. The Fundamental Theorem of Algebra. The fundamental 
theorem of algebra asserts that if P(z) is a polynomial in z which is not 
identically a constant, then the equation 


P(z) =0 (189) 
as satisfied by some complex number. Since |P(z)| is always positive or 
zero, any root of P(z) = 0 makes this a minimum, and our proof will be 
based on this minimum property. 

We shall first prove that, if |P(z)| takes on tts minimum value m for a 
region R at 20, an interior point of R, thenm = 0. 
Let us assume that the minimum m, taken on at Ζ0 is not zero. If 
P(z) = dg + a2 +--+ + an2", On € 0, (190) 


n, the highest power of z present with non-zero coefficient is called the 
degree of the polynomial. Since P(z) is not a constant, n is at least 
unity. If we write z = z +h, we have 


P(z) = P(@ +h) = Q(h). (191) 


Here Q(h) is a polynomial of the nth degree in h, as we see on multiply- 
ing out the powers and combining the terms. The degree is ἢ since the 
only term in h” is a,h” and since no higher power occurs. Put 


Q(h) = Co + CQh+t--++ c,h", Cn τέ 0. (192) 


Let c, = οἱ if cy + 0, and otherwise, the first coefficient following co 
which is not zero. It follows from our assumption that 


co #0, since [co] = |Q(0)| = |PG@o)| = m. (193) 


Thus there is a complex number —c,/cg which is not zero, and, if one 
value of its logarithm is ὃ + 7B, we may write: 


δ ; ; 
——=e 7 and c, = —ceoere™”. (194) 


Co 
Let p be a positive real number, and take 
iB 
hy = pe * sothat hi = pe. (195) 
Then the first two non-zero terms of Q(h;) may be written: 


co + phi = co — coe’, (196) 
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and the absolute value of these terms will be 
lcol {1 — pl, (197) 


which will be less than |co| if p’e’ < 1, 


b 
or if Dae (198) 


Let C be an upper bound for |c,|._ Then the terms of Q(h) following 
c, are less than ἢ in number and each term contains a power of ἢ} greater 
than r. Hence if we take 


[hi] <1, thatis, p «1, (199) 
we shall have for each of these terms: 
lceht| Ξ Cp* < Cpt!, Κ Ὁ Υ, (200) 
and the absolute value of the sum of these terms will not exceed: 


Cnp 1} or [eole?p” if Icole? P 


2 PS 2Cn (201) 
Under these conditions, we shall have 
Qh) leo (L — ebpry + le” 
eon? 
< μοί! - *) « [οὐ]. (202) 


Let us now take p so as to satisfy the relations (198), (199), (201), and 
also so small that 21 = 29 + A; is in R, which we may do since 2 is an 
interior point of the region R. Then 


P(@1) = Q(hi) and [P(z)| < [col or m, (203) 


by equations (202) and (193). Since m is the minimum value of 
|P(z)| for the region R, this relation cannot hold, so that the assumption 
that m ¥ 0 leads to a contradiction. This proves that m must equal 0, 
as stated. | 

We shall now show that |P(z)| must take on its minimum value at an 
anterior point of a circle with center at the origin and radius gq, if q is 
sufficiently large. On such a circle, |z| = g, and the numerical value of 
the term of highest degree in P(z), equation (190), is: 


lanz"| = |an|9”. (204) 
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Let A be an upper bound for all the |a,|. Then the remaining terms 
of P(z) are n in number, and each term contains at most the (n — 1)st 
power of z. Hence if we take 


q>1, (205) 
we shall have for each of these terms 

la,z*| Ξ Ag’ Ξ Ag’, k<n, (206) 

and the absolute value of the sum of these terms will not exceed: 

al@ ox 2A 
Anq™! or cole if g> al . (207) 
With these conditions, we shall have on the circle, 

IP(2)| Ὁ laalg® — “᾿ς εἰ (208) 


2 °° 42 


This will exceed the value of |P(z)| at the center of the circle, 
IP (0)| = aol, 


[α, [αν (:5}}" 
if ms > |ao9} or g> ΤῈ (209) 

Let us now take a value of q so large that the relations (205), (207) 
and (209) are all satisfied. Then 


IP@)| > |PO)|, if lel =¢. (210) 


This shows that |P(z)| cannot take on a minimum value for the region 
R, consisting of the interior and boundary points of the circle |z| = ¢ 
at any point of the boundary. 

Let us now introduce the real coérdinates (z,y) of the point z. Then 
z2=x2-+ ty, and P(z) = u(z,y) + iv(z,y), where u and »v are each 
polynomials in x and y with real coefficients. Hence 


ute? 5 0, and |P(z)| = Vu? + 0? (211) 


is a continuous function of the two real variables x,y by section 35 and 
section 39, for all values. 

In particular, the function |P(z)| is continuous in the closed region 
R, consisting of the points for which 


[51] Sq or 2? -ἘῪυ Ξ ᾳ3. (212) 


Thus, by a theorem of section 35, there is some point zg of this closed 
region for which |P(z)| takes on its minimum value. 
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As we have already deduced from equation (210) that zp is not a point 
of the bounding circle |z| = g, it must be an interior point. This proves 
our second contention. 

Let us now apply the first result to the region R, and the minimum 
value of |P(z)|, m = [Ῥ (29). This shows that 


[P(éo)| = m=0, and Pz) = 0. (213) 


Thus we have shown the existence of a root of the equation (189) and 
proved the fundamental theorem of algebra. 

114. Polynomials. If A(z) is any polynomial of degree m, and B(z) 
is any polynomial of degree n, where m = n > 0, the algebraic process 
of long division enables us to find a quotient polynomial Q(z), of degree 
m — ἢ, and a remainder polynomial R(z) whose degree is lower than 
that of B(z), such that: 


A(z) = Bz)Q() + Re), (214) 
or 

A(z) _ R@) | 

Ba) > Q@) Ἐπ e) (215) 


These are identities, in the sense that the right side may be simplified 
to an expression of the same form, with the same coefficients, as the left 
side. Thus, in the first equation we may put 2 equal to any value, and 
in the second we may put z equal to any value for which B(z) ¥ 0. 

Now let us apply the identity (214) to the division of a polynomial 
P(z) by z — ὃ, where ὃ is any complex number. Then the remainder 
will be a constant, and we shall have: 


P(z) = Q(z)(@— ὃ) +6. (216) 
If we put z = ὃ in this identity, we find: 
P(b) =c, andhence P(z) = Q(z)(z — ὃ) + P(b). (217) 


Thus the remainder is P(b) and will be zero if, and only if, P(b) = 0, 
that is, if b is a root of the polynomial. 

We proved in the last section that every polynomial of positive degree 
has aroot. Let us start with P(z), any polynomial of degree n, n 2 1, 
and let b; be aroot. Then we may write 


P(z) = Q(z) (2 — δι), (218) 
where Q(z) is of the (n — 1)st degree. If we treat Q(z) in the same way 


we treated P(z) and continue with the new quotient, we shall find after 
n steps a quotient which is a constant, and thus have: 


P(z) = k(z — by) (2 — be) (2 — θ8).. (2 — bn), KAO. (219) 
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Several of the ὃ; may be equal. If there are 7 and no more roots equal 
to bi, δι is said to be of multiplicity r, or a multiple root of order r. In 
this case we see from equation (219) that 

P(z) = (2 — δι) 0 (2), where Q(b:) ¥ 0. (220) 

These facts may be summarized in the statement: 

If we count a multiple root of order r, r times, every polynomial of the 
nth degree, n 2 1, has n roots b;. The polynomial may be written as the 
product of a constant and n first degree factors of the formz — ὃ;. 

The b; are uniquely determined by the polynomial, since no value of z 
distinct from the n ὃ; can make the product (219) vanish. The multi- 
plicities are also determined. For, from equation (220): 

_ ΡᾺ() P(z) 
Sen ee ee 
and these properties define the multiplicity of by. 

115. Rational Functions. A rational function is one obtained from z 
and a finite set of constants by a finite number of additions, multiplica- 
tions, and divisions. Such a function may always be written as the 
quotient of two polynomials, by operations which are reversible except 
for those values of z for which certain polynomials are zero. If the two 
polynomials in the final simplified form have any common roots, these 
will lead to common factors, which may be cancelled out, except when 
z equals such a common root. When the rational function has been 
reduced to the quotient of two polynomials, without common roots, it 
is said to be reduced to lowest terms. The reduced form is defined for 
all values of z except those which make the reduced denominator zero. 
There may be other values of z for which the original form of the func- 
tion is undefined. If these are finite in number, we generally find it 
convenient to define arbitrarily the value of the original function for 
these values as the value of the reduced form. With this convention, 
the original function equals the reduced function for all values for which 
the latter is defined. — 

If a rational function, reduced to lowest terms, is the quotient of two 
polynomials A (z)/B(z), it is said to be a proper fraction if the degree of 
the denominator exceeds that of the numerator, and an improper frac- 
tion if the degree of the numerator is at least as high as that of the 
denominator. 

By the division process used to obtain equation (215), we may replace 
any improper fraction by the sum of a polynomial and a proper fraction: 


A(z) _ D(z). 
Be) - “Ὁ + Be) (222) 


0, (221) 
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This corresponds to the identity 


A(z) = C(z)B(z) + D(z), (223) 
which shows that for any value of z, b, which is a root of B(z), 
B(b) = 0, A(b) = Dib). (224) 


If A (z)/B(z) was reduced to its lowest terms, no root b is a root of A(z). 
Hence if B(b) = 0, A(b) ¥ 0, and D(b) ¥ 0, so that the proper fraction 
D(z)/B(z) is in its lowest terms. 

Now let ὃ be a root of B(z) of multiplicity 7, so that 


B(z) = (g — b)"E(z), E(b) ¥ 0. (225) 
Let us try to find a constant A, such that 

D(z) ἀΑ, F(z) 

ΒΩ @—by | - bE)’ oon 


where 8 < 7, and the last fraction written is a proper fraction. Such a 
constant will make equation (226) an identity for all values of z for which 
both sides are defined and will imply that 


D@)_, , F@@- dv 


E(z) — ee E(z) (257) 
holds for all such values. If we let 2 -- ὃ, we find: 
_ Dib) 
A; E(b) (228) 


To show that a relation of the form (226) may be found with this 
value of A,, consider the identity: 
D(z) i: Ag 7 D(z) — A,E(z) (229) 
Biz) (ὦ -- ὃ)" (—5b)"E(z) 
Since the numerator of this fraction is a polynomial which is zero for 
z = δ, by equation (228), it is divisible by (ὦ — ὃ). Thus, when the 
fraction is reduced to its lowest terms, the denominator will contain 
(2 — δ)" where 8 is less than r. This exponent will be r — 1, if bis a 
simple zero of the numerator. But it may be any lower value, includ- 
ing 0, if the numerator happens to be divisible by a higher power of 
(z — b) than the first. On the other hand, if b’ is any root of E(z), the 
numerator reduces to D(b’) for Ζ = δ', which is not zero since B(b’) = 0 
implies D(b’) ¥ 0. Thus no factors of Ε (2) are canceled out in reduc- 
ing the fraction to its lowest terms, and the reduced form is that given 
in equation (226). Unless ΚΕ (2) is a constant, there is a root b’, and the 
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function F(z) is not identically zero. If H(z) is a constant, and D(z) is 
also a constant, then the right member of equation (229) is identically 
zero, and we may put F(z) = 0 in equation (226) or omit the last term. 

Since the right member of equation (229) is a proper fraction, the 
last fraction in equation (226) is a proper fraction if H(z) is not a con- 
stant. Thus it may be treated in the same way we treated D(z)/B(2). 
If s is positive, we may again use the root b, if s = 0, we use another 
root of B(z), that is, a root of H(z). Since the process used yields a new 
fraction whose denominator is of lower degree than the one with which 
we started, after at most πὶ steps we shall come to a fraction for which 
the equation (226) applies with F(z) = 0, or without the last term. 
This proves the possibility of decomposing any rational function into 
partial fractions of a kind described in the following theorem: 

Any rational function may be decomposed into the sum of a polynomial, 
and terms of the form 


j=1,2,-°+-,m; k=1,2,--+:, 1%; (230) 


where by, bo, +++, Ob» are the distinct roots of the denominator of the function 
after it has been reduced to tts lowest terms, and 1; 18 the multiplicity of the 
root b;. 


We may prove in the following way that the decomposition 15 unique. 
If R(z) is the rational function and ὁ is a particular root of multiplicity r, 
from any decomposition we may obtain: 

A, F(z) 
R(z) = ------- + = >? 
= Go TG ἜΣ 
by adding the polynomial and all the fractions except that with denomi- 
nator (2 — δ)" to obtain the second fraction. If we multiply by (z — b)* 
and let z — ὃ, we find: 


s<r, E(b) #0, (231) 


A, = lim (2) (2 — 5)’. (232) 
z—>b 


Thus the coefficient A, is determined by the function. If we now sub- 
tract the fraction with numerator A, and apply the same argument to 
R(z) — A,/(z — b)", we find that A,_; is determined. Continuing in 
this way, we see that the coefficients for any root ὃ; are all determined 
by the function R(z). The polynomial part is determined, since it 
must equal the remainder when all the fractions are subtracted. Thus 
the decomposition is independent of the order in which the roots are 
taken. 

Since the sum of the fractions and polynomial of a decomposition 
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gives A (z)/B(z), the rational function R(z) reduced to its lowest terms, 
this fraction is independent of the manner of reduction. 

116. Taylor’s Expansions of Rational Fractions. If P(z) is any 
polynomial, and ὃ is any complex number, we may divide the polynomial 
by 2 — ὃ and deduce the equation: 


P(z) = (2 — b)Pi(z) + 69, (233) 
analogous to equation (216). If P:(z) is not a constant, we may repeat 
the process to obtain 


P,(z) = (2 — 6) Pe(z) + δι, (234) 
and so on until we come to 
Py—i(z) = (2 — Ὁ), (2) + Cn-1. (235) 


Since each polynomial P;(2x) is of degree one lower than the preceding, 
if P(z) is of the nth degree, P,,(z) will be a constant, c,. By eliminat- 
ing the polynomials P;(z) from the series of equations, we deduce 

P(z) = ¢y + ey (2 — δ) + eg(2 — 6)? +--+ + en(z — b)”. (236) 

The coefficients could be found by the process just indicated with less 
labor than the method used to obtain equation (192), equivalent to this 
with ὃ = a andz—b= ἢ. 

However, we may express the coefficients directly in terms of deriva- 
tives. Infact, by putting 2 = bin equation (236), and in the equations 
derived from it by differentiation, we find: 

P® (Ὁ) 
7} 
Equations (236) and (237) are analogous to those of section 82, but 

here the expansion is in closed form, and is valid for complex values of the 


variables. 
Let us consider next the decomposition of a rational fraction, 


A 
ae where B(z) = (2 — 0) Ε(2), E(b) #0. (238) 
By combining the polynomial and the partial fractions whose denomina- 
tors are not powers of (z — b), we find: 
A(z) r Ak H(z) 
hala Se —— . 239 
Be) wi @— dF” Be) τὴν 


= A, + A,i(z -- 8) + Ayo(z — δ)2 + --- 
(z — δ)" H(z) ᾿ 
E(z) 


je Pad Deon, (237) 


= P(b), Cj = 


A (2) 


Thus: E(2) 


+ Ai(z— ὃ) + (240) 
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Since H(b) ¥ 0, the fraction H(z)/H(z) will have its derivatives of all 
orders finite for z = b. Hence, if we apply the rule of Leibniz for differ- 
entiating a product of section 72 to the product of this fraction by 
(z — b)’, the terms in the derivatives of the first r — 1 orders will all 
contain a factor (2 — δ) and so will vanish for z = b. Consequently, 
we may put z = b in equation (240) and the equations found from it by 
differentiating 1, 2, ---, r — 1 times, and so obtain: 


_ A) - ὁ Φ [40] 
ΓΈ) 5 (-- )} ἀπ *LE(z) bos 


These formulas may be applied with A(z)/E(z) = R(z)(z -- δ)7 
replaced by R,(z)(z — 6)’, where 1 (2) is the function with the poly- 
nomial removed, or with any fractions removed whose denominators 
are not divisible by (2 — δ). 

If we differentiate the right member of 


B(z) = (2 — δ)" Ε(), (242) 


(241) 


successively by the rule of Leibniz, we note that the first r — 1 deriva- 
tives will contain a factor (2 — b) and so vanish for z = b, while the rth 
derivative will contain only one term, r ! H(z) which does not vanish for 
z2=b. Thus: 


B(b) = B’(b) =--- = B® (b) = 0, B™(b) = E(b) 4 0. (243) 


These conditions are in accord with the fact that the Taylor’s expansion 
of B(z) in ascending powers of (2 — 6) starts with (¢ -- 6)’. They may 
sometimes be used practically to detect multiple roots of a polynomial 
B(z) or the order of multiplicity of a given root. 

In particular, if ὃ is a root of B(z), and B’(b) ¥ 0, then ὃ is a simple 
root, and from equations (241) and (243) we find as the term for this 
root: 

A (b) 
B’(b) 
a formula of practical use in finding the coefficients for simple roots, 
particularly when they are real. 

If A (2) Ε (2) is any rational fraction, ὃ any complex number such that 
E(b) τέ 0, and r any positive integer, we may form the fraction which 
satisfies equation (238), and deduce equations (240) and (241). Thus, 
with changed notation: 


R(z) = co + e1(2 — ὃ) + eo(z — 6)? + --- 
+ c,(z — δ)" + Ry(z)(z — b)"*}, (245) 


where Ay = (244) 


1 
2 -- ὃ 


184 COMPLEX NUMBERS [CHap. V 


(7) 
where Co = (δ), c; = rad (246) 
and R,(z)(z — b)"t! = Ol(z — b)**], as 2-- Ὁ. (247) 


This is a Taylor’s development for any rational fraction for values 
near b, for which it has a finite value. The last result follows from the 
fact that R;(b) is finite, since R,(z) is a rational function with the same 
denominator as R(z). 

117. Real Polynomials. By a real polynomial P(z) we mean one 
which has all its coefficients real. Let us replace z by a + ib, and so 
obtain the complex number: 


Pla+bi) =A+4+ Bi (248) 


If we now replace z by the conjugate value a — bi, we shall find 
Ρία -- δῖ) =A — Bi, | (249) 


since the coefficients, being real, are their own conjugates, and addition 
and multiplication when applied to conjugate complex numbers yield 
conjugate results, as remarked in section 97. 

In particular, this shows that, if a + bi is a complex root of the real 
polynomial, so that A + Bi, and hence A and B, are zero, then a — bi 
is also a root. That is, for a real polynomial, non-real roots occur in 
conjugate pairs. A pair of conjugate complex roots in the factorization 
(219) corresponds to two linear factors whose product 


(¢-a-—bi)(2-—a+bi) = σῇ — 2az + a7 + 3 (250) 


is a real quadratic factor. As division by such a factor yields a new real 
polynomial of lower degree, a real polynomial may always be factored 
into a number of real factors of the first or second degree, and two 
conjugate roots of a real polynomial will have the same multiplicity. 

118. Real Rational Functions. A real rational function is one 
which, when reduced to its lowest terms, is the quotient of two real 
polynomials. If we start with such a function whose reduced form 
A (z)/B(z) is an improper fraction, division will yield a real polynomial 
C(z) and a real proper fraction D(z)/B(z). If the polynomial B(z) 
has the quadratic factor 


2+ pe+g= ( -- α -- δῖ)( -- α -᾿ bi) (251) 


corresponding to a pair of conjugate complex roots, and each root is of 
multiplicity r, we may write 


Bz) = (2? + pz + g)’Ge), (252) 
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with G(z) a real polynomial. Thus for the first root, a+ bi, the 
coefficient A, of equation (228) will have the value 
D(a + bt) | 
r = ΤΣ τωρ, tee ame 3 

Ar = ρου σία + bi)’ (2599) 
while the corresponding coefficient for the conjugate root, a — bi will 
have the value 
a D(a — bt) 


A, = (—2bi)"G(a — bi)’ (254) 


which is the conjugate of A,. Thus the fraction may be decomposed as 
follows: 


D(z) _ Ax is A, i F(z) 
Biz) (g-a—bi)’ ᾿ @-at+bi)’ | (22+ 924+ ¢)'Glz)’ 


where 8 <r. Since the left member is a real function, and the two 
conjugate fractions add up to a real function, the third member is also 
real. This shows that the next two coefficients, A, and A,_1, will be 
conjugate, and continuing in this way we see that all the coefficients in 
the expansion of section 115, for conjugate complex factors will be 
conjugate complex numbers. 

If we wish to keep the decomposition real, we may add up the two 
conjugate fractions in equation (255), and so obtain a fraction 


H(z) 


(255) 


_————_——~— 256 
OF ρὲ +a i 
By division, we may obtain 
H(z) = J@je?+pzet+q)+P+@, (257) 
the remainder being of the first degree. 
This enables us to write 
Ay 2 A, Ν P + Qz J (2) 
(@-—a-—bi)’ (@-at+bi) (@+petgy’ (+ p2+ 9)" 
(258) 


If we substitute this expression in equation (255), and combine the last 
fraction in equation (258) with the last fraction in equation (255), we 
shall be led to the decomposition 


D@) P+Q K(z) 


Be) τε, @tet+oew (Ὁ 


with t <r. 
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Equation (228) shows that A, in equation (226) is real if ὃ is real, and 
D(x) and B(x) are real polynomials. 

We may use these facts to prove a unique decomposition in which all 
the coefficients are real: 

Any real rational function may be decomposed into the sum of a poly- 
nomial, terms of the form: 


A; 


--------; j=1,2,--- 
(z oe δ) J ? 3 b r, (260) 
one series for each real root ὃ of mulirplicity r, and terms of the form 
P+ Qz 
—————, j= 1,2,---,7. 261 
@+petq’ " vn 


one series for each real quadratic factor z2* + pz + q, corresponding to 
a pair of conjugate complex roots of multiplicity r of the denominator after 
the function has been reduced to its lowest terms. 

In this decomposition the coefficients are uniquely determined and will 
all be real. 


119. The Derivative of a Complex Function of a Real Variable. If 
s(x) and t(x) are two real functions of the real variable x, defined for a 
certain range, the function 


w(x) = s(x) + () (262) 


is called a complex function of the real variable x. Any association of 
complex numbers with the real values of x in the range determines a 
complex function of x, with 


s(x) = R[w(x)] and (5) = I[w(z)], (263) 


the real and imaginary components of w(z). 
We say that the function w(x) has a derivative for real increments if 


. we+h) — υ() 
lim ——---—___- 
h—>0 h 


(264) 


exists for all real sequences of values of ὦ, h—0. We use dw/dz or 
w’ (x) to denote this derivative. 

If t(x) is zero, this definition agrees with that of section 62. Suppose 
next that w(x) is obtained by putting z = xin a function w(z) defined for 
complex values, which has a derivative for complex increments, F’ (2) in 
the sense of section 110. Then, for z = z, the expression (264) will 
approach w’ (x) for all complex sequences ἢ approaching zero, and hence 
i particuiar for all sequences of real values approaching zero. Thus 


Arr. 120] HIGHER DERIVATIVES 187 


whenever our previous definitions assign a meaning to w’(z), the defini- 
tion just given is consistent with it. 

Of course w’(x) may exist without w’(z) existing for z = x, and Az 
complex. This will cause no confusion, since we shall for the most part 
be concerned with elementary functions whose derivatives may be found 
by the methods of section 112. 

Since 


w(e +h) — w(x) _ s(x +h) — s(x) if εἰ +h) -- (x) 


265 
h h h (500) 


it follows from equation (35) that w(x) will have a derivative for real 
increments if, and only if, s(z) and ¢(a7) have derivatives. Also, in this 
case, 


R[w’ (x)] = s’(z) and I[w’(x)] = t’(z). (266) 
Thus, if a complex function w(x) has a derivative for real increments, 


d dw d dw 
qz ΕΟ)! =R FA and Gg We)! = 1| =]. (267) 


120. Higher Derivatives. We may now express the higher deriva- 
tives of certain real elementary functions in a simple form. 

Consider first a rational function with real coefficients. By the theo- 
rem of section 115, and the discussion of section 118, such a function may 
be represented as a sum of terms of the form 


A 


cz” and Gob 


(268) 


where r is integral, c is real, and either b and A are real, or b is complex 
and the sum includes the corresponding conjugate fraction obtained by 
replacing ὃ and A by their conjugates ὃ and A. 

For the first form, we have for the nth derivative: 


-: (cx") = τίν -- 1)(γ -- 2). (γ -- n+ 1)ex™, — (269) 


so that the derivative is zero for n > 7. 
For the second term, the nth derivative is 


a” A 7 
sloo|- (—1)"r(r + 1)(r 2). -- (Ἐπ -- 1) 


This is real as it stands, when 6 is real, and hence A real. 
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When 6 is not real, the sum of the fraction and its conjugate will give 
twice the real component of the fraction, 


A I | A 
S-Goyte-y Bley) ΟἿ 


and by equation (267) 


d"S d” A 
αὐ ® ἀεὶ Gay) ὼς 


which may be found from equation (270). 
Again, consider 


ePtaz — ρῬὲ cog gx + ie?* sin gz. (273) 


From equation (267), we find: 


αὖ ; 
aga (655 cos gz) = ΒΓ + gi)re'?*2, (274) 
d” 
as sex (o?* sin ge) = U(p + gi)"e?t0, (278) 
EXERCISES V 


1. Let P be the point on the line through P; and Pe for which P,P /PP2 = 
81/82, any real ratio. Show that if P, and 5 represent 2, and ze, then P repre- 
sents (8221 + 8122) /(s2 - 81). We say P divides the segment in the ratio 8: /se, 
and include 82 = 0, s: ~ 0 to mean PP2 = 0. 

2. Let us associate real numbers m, with points P; or z;. By problem 1, the 
point dividing P,P. in a ratio inverse to that of their numbers is P’ or 
(m2, + moze) /(m1 + me). We may associate the number m; + me with this 
point, and treat P’ and ᾿ς as we did P; and Pe. Show that, if we continue until 


n n 
n points are used, we shall obtain a point G or }) παρ Σ mi, the weighted 
k=1 k=1 


average or center of mass of the weighted points. The result shows that G is 
independent of the order in which the points are taken or grouped, and the 
construction shows it to be independent of the choice of axes or scale. 

3. Prove that if 2122 is real, and Ζι + 2e is real, then either z, and ze are both 
real, or they are conjugate and zp = 23. 

4. Prove that ifz = z+ ty, ([2] + ly) | V2 S |z|, and that the equality 
only holds if |z| = []. 

δ. Let 0, Pi, Ρ be three given points in a plane. We may fix a codrdinate 
system by putting 0 = (0,0) and any point U distinct from 0 as the unit point 
U = (1,0). In this system let z; and z. be the complex numbers for P; and Pz. 
Show that the point for the quotient z; /z2 does not depend on the choice of U, 
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but that any point P distinct from 0 may be made to represent 2:22 by an appro- 
priate choice of U. 

6. Prove the following geometric construction for the roots of the quadratic 
equation az*+bz+c=0, with a, ὃ, c real. If the circle with 7 and 
—b/a + ic/a as diametral points cuts the real axis, these points give the real 
roots. If the circle with 0 and —2c/b as diametral points cuts the line 
z = —b/2a, these points give the conjugate complex roots. Equal roots are 
given by the point of tangency in either case. 

7. Prove that if z= x + iy, [6] = ες, [6] = e-*. 

8. If p is any real number, |e*?| = 1. 

9. De Moivre’s theorem states that for real 6, 


(cos 6 + 7 sin 6)” = cos n@ + i sin πθ, 


where ἢ is a positive or negative integer. Prove this. 

10. Show that the identity of problem 9 holds if θ is complex, and for one yalue 
of the left side if n is any complex number. 

11. Prove that the roots of az? + bz +c = Oare 


4) - {tan 4 and 4) — Scot £ if (en oN ae. 
a 2 a 2 b 


ee and γιά if ne eee νας; 
α 2 a 2 b 


rere rt cree 2 - Ifa, band ὁ are real, a real 
a ΩΝ 


ac 


value of A can be found from one of the conditions. 

12. If P(z) = az* + bz + ¢ with a, ὃ, c real, and z = x + iy, express R(P), 
I(P) and |P(z)|* as polynomials in z and y. 

13. A pair of relations u = u(z,y) and v = o(z,y) may be geometrically 
interpreted as a transformation of points in the plane, which takes (x,y) into 
(u,v). Show that if w = z+ Ζι, the transformation is a translation, and that if 
w = ez, the transformation is a rotation about 0. Also that ὦ = ez + 21 
may be made to represent any rigid displacement of the plane on itself. 

14. If A = 0, interpret ὦ = Az as a similarity transformation, and hence 
interpret ὦ = Az -+ B. 

15. A geometrical inversion of the plane in the unit circle replaces the point P 
by P’, where P’ is on OP or OP produced beyond P and OP - OP’ = 1. Thus, 
in polar coérdinates θ΄ = θ and r’ = 1/r. Hence w = 1/Z, a continuous func- 
tion of z except when z = 0. Show that u = 2/(z? + y’) and » = ψ (52 + y?) 
and that the inverse of the curve a(x? + y?) + bz + cy + d = 0 is the curve 
d(u? + v”) + bu-+cv+a=0. If we complete the inversion plane by a 
“ point at infinity” 7, the inverse of 0, the transformation is single-valued for all 
points. It takes 0 into J and, since it is its own inverse, J into0. An inversion 
takes ‘‘ circles,” including straight lines as a special case, into “ circles.” Show 
that the straight lines, or the only “ circles” through J, go into “ circles ” 
through 0, and conversely. 
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16. Show that the equation of a straight line may be written Sz + Sz +i=0, 
with ¢ real, while that of a circle may be written Ζ — S|? = (e — Θ)(Κ -- 5) = #. 
Hence, when the locus of sz + Sz + Sz +¢=0, s, ¢ real is more than one 
point, it is a “circle,” with two - Sw + Sw +s = 0 as its inverse under 
w= 1/2. 

17. Interpret ὦ = 1/2 as a combination of an inversion and a reflection, and 
show that it transforms the “‘ circle ” of the preceding problem into the “ circle ” 
with equation tw + SH+ Sw+s = 0. 

18. The relation w = = + = where AD — BC ¥ 0 defines a bilinear trans- 

Ζ 
formation. If C = 0 it reduces to that of problem 14. If C 59 0 it may be 
represented as a combination of such transformations with one of the type 
C(Cz + D) 
’=1/2',eg., with ὦ = ὦ’ - A/C and 2’ = ————_—.. 
w /z’, e.g., with ὦ = ὦ’ + A/C and z BC-AD 

19. If we introduce the point I of problem 15, the bilinear transformation of 
problem 18 is single-valued. It takes I into J if C = 0 and if C ¥ 0, it takes 
—D/C into I, and I into A/C. Show that it takes “ circles” into “ circles,” 
and state which ones go into straight lines or are the images of straight lines. 

20. Find the equation of the image of the “circle” of problem 16, when 


Az+B , -- Az+B 
w= . Hint: Use w = ---- 
Cz+D Cz+D 
21. Show that the locus of arg 7 — #1 = a is an are of a “circle” through 
2- £22 
the points z; and zz. The other arc of the same “ circle ” is given by replacing 
2- “a | 


αὖγα -- π. The locus of 


| = ρ is a circle intersecting all the arcs for 
2— & 
varying α at right angles. 

22. Show that a necessary and sufficient condition for four points to be con- 
cyclic, i.e., lie on a “ circle,” is that the cross-ratio of their complex values taken 
in any order, e.g., ae be real. Hint: Use the first result of 

23 — 22 Za 2 
problem 21. 

23. If the transformation of problem 18 takes 2; into w; and 22 into we, show 

that 2 — Cat D z — 2; 

W— We ας. ἢ Ζ-- 22 
points equals the corresponding cross-ratio of their images. This, with problem 
22, proves that “ circles” go into “circles.” By using problem 21 directly, 
show that each of the families there mentioned for 21 and zz go into correspond- 
ing families for w; and we: 

24. If 2 = x + ty, prove that |sin χ᾽ = V sin? « + sinh? y, |cos z| = 
V cos? x + sinh? y, |sinh 2] = V sin? y + sinh? z, and |cosh 2] = V cos? y + sinh? z. 

25. Using problem 24, or otherwise, show that 

|sinh y| S {sin 2} S$ cosh y, |sinh y| S |cos 2| S cosh y, 
|sinh αἱ S |sinh χ᾽ ΞΖ coshz and _ |sinh αἱ S |cosh 2] S cosh z. 


- Hence show that the cross-ratio of four 
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26. Prove that the roots of the special cubic equation 423 + 3z+ p =0 
are sinh A, — }sinh A -Ὲ 3 V3icosh A if p = —sinh 3A; while for 425 ~ 32 + 
p = 0, the roots are cosh A,—3 cosh A + 1y/ 3 sinh A if p = —cosh 3A; and 
sin A, sin (A -b 27/3) if p = sin3A. If p is real, one value of 3A is real. 

27. Letz? + a2? + bz +c=0. Showthatifz = 2’ — a/3,2/%+ d'2’ +c = 


0, and if 2’ = 2a) z'’, then 42’? + 8:΄ + p=0. Combine this with the 


preceding problem to develop a method of solving any cubic with real coefficients. 
28. If z is any complex number, and w = 2 tan! e* — w/2, then w is 
called the Gudermannian of z, and we write w= gdz. Prove that z= 


log tan € + *) and that: 


sinh z= tanw, coshz=secw, tanhz=sinw, cothz = 686 wv, 
esch z = cot w, sechz= cos w. 


29. Prove that the points representing the gth roots of any complex number 
are the vertices of a regular polygon with center of symmetry at the origin. 
Hence show that the vectorial sum of the lines drawn from the center to the 
vertices of any regular polygon is zero. 

30. Let a, be any complex constants, a, ~ 0, and ὃ; be the roots of the 

nr 


polynomial > a,Z* = P(Z). Show that if L(w) denotes the corresponding 


ΞΞ 


n n 0 
differential operator Σ᾿ ax (2) w, where (2) = 1,then 
k=0 dz dz 


d d d 
κωτα(ἐ -)..(. )(6. ἣν 


where the operators on the right may be taken with any order of the ὃ). 
31. From problem 30 and (: - ) ἰοῦ: — kzk-leb?, deduce that Ce? is a 
Ζ 


solution of L(w) = 0 if 6 is a simple root of P(Z), and (Ci + Coz - τ’ 
+ C,2"—)e*? is a solution if ὃ is a multiple root of order r, where C' and the C; 
are any complex constants. 

32. In the preceding problem, the sum of two solutions is a solution. Hence 
show that if p+ qi is a pair of conjugate complex roots, C’e?* cos qz and 
C’’eP? sin gz are solutions, with C’ and C” replaced by (r — 1)st degree polynomi- 
als if the roots are each of multiplicity γ. If all the a; are real, and z is real these 
solutions involve real functions only. 

33. If we write for the L(w) of problem 30, L(w) = P(D)w, and interpret 
oD f(z) as any solution of L(w) = f, then in particular 1 /(D — 6) [15 any solu- 
tion of (ἢ — b)w = f, or dw/dz — bw = f, and 1/(D — b)" fis any solution of 
(Ὁ — b)"w =f. AlsoA1/(D — b)f and 1/(D — δ) Af have the same meaning 
for A a constant. Show that if F(Z) denotes the partial fraction decomposition 
of 1/P(Z), any of the interpretations of F(D) f is an interpretation of 1 /P(D) f. 
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This enables us to obtain solutions of L(w) = f from those of equations of 
simpler type. 


34. Deduce a rule for finding solutions of Σ ape" (i) w=0 of the 


form C (log z)’2 in terms of the roots ὃ; of the equation x Z(Z — 1): 


(Ζ —k + 1)az + ao = 0, with s = 0 for simple roots, and s = 0, 1, 2, - 
r — 1 for roots of orderr. Hint: Put z = log z’, and use problem 31. 
f(e2) — fler)| _ Wi. 
227" 21 τ 
while if z3 is any point of the line segment joining 25 and 25, |f’(z3)| = 1. This 
proves that the law of the mean does not hold for complex variables in the form 
valid for real quantities. 


35. Verify that for f(z) = 65, 21 = Oand z, = πὶ (2, < 1, 


1 . . . . . bop 
36. Decompose ; into simple partial fractions, and also into the simplest 
Zt 


nr 
fractions of real form. Ans. ὃ eeu » where ὃ = e/". The real 
καὶ n(z — by) 


ot ae 
in all cases, and ———— if n is even, 


form includes a simple fraction : 
nz 


-- 1) n(z + 1) 
2 2 —1 oa 
together with Bee L/L) aoe ae k= 1, ἘΣ 4 1 . 
n[z* — 2z cos (2kr /n) + 1] 2 


n ber 


37. Decompose ; into simple partial fractions. Ans. 
275 —~ 


k=1 n(z — by) 
where b; = e?*"*/", if m « ἢ; and if m= n the polynomial 2"-" + g™-2" 4.... 


+ 27-7" p= Ε , must be added. 
γι 
38. Let A(z) be a polynomial of degree at most ῳ — ἴ and B(z) a polynomial 
of the qth degree with B(0) ¥ 0, so that there is a Taylor’s expansion of A(z) /B(z) 


about z = 0, 
A(z) 


B(e) 
ᾳ 
Show that if B(z) = Do ayz*, ας ~ 0 and αὐ ¥ 0, then 
k=0 


= Uo + τὴ + Ue? + + + me™ + Ο( "ἢ, (1) 


O = dotln + Gini + Gotln2 t+ ++++ Agung n2Zq. (2) 


Conversely, show that if a sequence of numbers up, 141, v2, - " ", satisfy (2), the 
first q values determine a polynomial A(z) of degree less than αὶ for which (1) 
is satisfied for any m. 

39. Prove that the Taylor’s development of R’(z) the derivative of any 
rational function R(z) may be obtained from that of R(z) by termwise differentia- 
tion. Hence prove by induction the binomial expansion for integral r and 
bx 0: 


gap” (-a) tf Se 7 ja) Foe 
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40. Identify the Taylor’s expansion of A(z) /B(z) of equation (1) problem 38 
with that of its partial fraction expansion obtained from problem 39. Hence 
show that um is a sum of terms of the form Cb, for each simple root of B(z), 
and (Οἱ + Com +--+: + C,m*—)b-, for each multiple root of order r, where 
the C’s are independent of m. 

41. A relation similar to equation (2) of problem 38 is called a linear difference 
equation of the gth order with constant coefficients. From the preceding prob- 
lems deduce a rule for expressing any sequence which solves such a relation in 
terms of φ constants. Show that the constants can always be determined to 
make the first 4 un, Uo to Ug_1 take any given values. The solution for um will 
be a sum of terms of the form (C; + Com +----+ Cym’—6", if the 8 are the 


ᾳ 
roots of Σ᾽ a g_.Z*, whose relation to (2) is easily recalled by replacing u,, in 
k=0 


(2) by CZ". 

42. Show that if f(z + na) = wn, any linear relation with constant coefficients 
between the differences of section 93 of the first ᾳ orders and the function itself 
leads to a difference equation of the gth order, as defined in problem 41. In 
particular, show that if the gth difference is constant, wu, is a gth degree 
polynomial in n. 

43. If up, — 2 cos Atin_1 + Un_2 = 0, show that ua = c, cosnA + ce sin nA 
if sin A ¥ 0, c, + con if cos A = 1, and cy + ¢2(—1)"n if cos A = —1. Hint: 
Use problem 41. 

44. If the roots β of problem 41 all have [β] < 1, then im un = 0. If one 

n—>+00 


root equals 1 and the remaining g — 1 roots have |6| < 1, then any particular 
sequence approaches a limit. Show that this argument applies to any equation 


ᾳ ᾳ 
with >> |a,| 2 [αο], and in particular to qu, — 2) tn-z = 0. Solve explicitly 
k=l k=1 


for g = 1, 2, 3. 

45. If z = x(t) + zy(t) is a function of the real variable t, the time, the velocity 
vector is σ΄ (ὃ + ty’(t) = z(t), and the acceleration vector is 2’’(t) + ty’(t) = 
z(t). Write z = re”, where r and θ are functions of t, and hence verify that the 
velocity has a component r’ along the radius vector and r@’ perpendicular to it, 
while the corresponding components for the acceleration are (r’’ — 7r@’*) and 


1 6. 
r 


46. By writing z’ = ve** in problem 45, show that the acceleration has a com- 
ponent v’ parallel to the velocity vector, and vd’ perpendicular to it. 


CHAPTER VI 
INTEGRATION 


We devote this chapter to the special limit process, integration, which 
plays a central réle in the integral calculus. We define this limit process, 
and prove its applicability to continuous functions. We investigate 
some of the properties of integrals and, in particular, show that under 
certain conditions integration and differentiation are inverse operations. 

We show that for each continuous function, the process of integration 
defines to within an additive constant an indefinite integral function 
which has the first function as its derivative. In fact, the definition of 
integration leads to a method by which the integral function could be 
computed. 

We then discuss the problem of representing the integral of certain 
types of explicit expressions in terms of a small class of known functions. 
We show that the integral of any rational function can be expressed in 
terms of rational functions, logarithms, and inverse trigonometric func- 
tions, and we describe a number of other classes of expressions whose 
integrals can be found in terms of elementary functions. 

We mention a few integrals not of this character, including the three 
standard forms of elliptic integrals, and prove that the integral of any 
rational function of x and the square root of a polynomial in x of αὖ most 
the fourth degree can be expressed in terms of elementary functions and 
the three standard forms of elliptic integrals. 

121. The Definite Integral. Let y = f(x) be a single-valued func- 
tion on the closed interval a < x S ὃ, and bounded on this interval in 
the sense of section 31. In order to define the integral of the function 
f(x), we divide the interval a,b into n subintervals by the points: 


αἀτΞ χρ αι 4χο 4: <2, = 4b, (1) 


which satisfy this relation but are otherwise arbitrary. 


ee cre 


a=, %, ὥ,) 9.99 24 ξ; 2; eee 41 ty=—b 
Fig, 14, 
Let £; be any point in, and ὃ; the length of, the 7th subinterval so that: 


1 S&S 2; and 46; = 2; — 244. (2) 
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Now form the sum: 
S = 1Ὰ(ξι)δὶ + f(G2)b +++ +S(En) dn 
= Ess 8) 


The sum S depends on the number n, the choice of the z;, and the 


choice of the £;. 
Let us denote the maximum of the n positive quantities 6; by 5y,, 


| du = max (6,), (4) 
and consider an infinite discrete sequence of sums S; for which 
lim ὃμ = 0. (5) 
t—>-+-0 


If, for any sequence of this type, the values of S; approach a finite 
limit, and if this limit has the same value, J, for all such sequences, then 
I is called the definite integral of f(x) for the interval a,b. We then say 
that the function f(x) is integrable over this interval a,b, and we write: 


ὃ 
f f(x) dx = I = lim S,. (6) 


The process by which I was derived from f(x) is called Riemann 
integration, or simply integration. In the expression for J just written, 
we call f(z) the integrand, x the variable of integration, and a and b the 
limits of the integral. 

122. Integrals of Continuous Functions. In order to show that there 
are some functions to which the process of integration as defined in the 
preceding section is applicable, we prove next that: 

A function f(x) is integrable over any closed interval throughout which it 
as continuous. 

Let f(x) be continuous over the closed interval a,b. Then, by section 
32, it is uniformly continuous in the closed interval. Thus we may 
select a 59 such that, for any positive quantity 7, 


If(te) —f(@i)[<e, if [z2 — αἱ] < do, (7) 
where 


n 
coat. (8) 


Now consider two sums: 


S= Esk) and 8' = ¥ sey, 9) 
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such that: 
ὃμ = max (5;) and 64 = max (δ) (10) 


ὃ 
are each less than " 
ὃν 4-: ὃμς«-. (1) 


Next mark all the points of subdivision of each set, x; and z;, to form 
a new subdivision. Let these points, taken in order with a point in both 
sets counted only once, be called 2;’, so that 


α Ξ αὐ <2! <a’ «.-.. <2 =}, (12) 
and let 
δι΄ = Wy — By (13) 


denote the length of the kth interval. Then 


Pp 
Σ δι΄ = ὃ -- α. (14) 


The difference of the two sums S and 8’ may be written: 


p 

S—S' = DUE) — FER, (15) 

where &; is in that interval of the first subdivision which includes the 
points 2," and 2,’, and £} is in that interval of the second subdivision 
which includes these points tj,’ and z,’. Thus é; and ξ; lie in two 
intervals which overlap, since they each contain the kth interval of the 


third subdivision 2/1, 24’. Hence we have: 


lf — §| Ξ: δὲ + 4, (16) 
or, in view of the relations (10) and (11), 
Ιξς — &| < do. (17) 
This, combined with the relation (7) shows that: 
If) -- ΚΘ) « ε (18) 


and since this is true for each term of the sum in equation (15), we deduce 
that 


IS -- 8'| = = (Ὁ) — FEL < x obi” (19) 


Hence it follows from equations (14) and (8) that: 
IS -- ΒΊ « ε( -- α) S74. (20) 
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Let us now apply this to a sequence S;. Since, for such a sequence, 
we have the relation (5), there will be a certain point in the sequence, 
tp, beyond which dy, < 59/2. Hence, the difference of any two values 
of S:, with ὁ beyond fo, will be numerically less than ἡ, since we may take 
these two sums S; as the S and S’ of the relation (20). 

Thus the sequence S; approaches a finite limit I; by the Cauchy con- 
vergence criterion of section 26. 

Next, consider any second sequence S{. This approaches a finite 
limit I, by the argument just given. Thus 


lim (S; — Sy) = I, — 12. (21) 


But, if for the second sequence 54, < 59/2 for ὁ beyond %, for all values 
of t beyond ἐρ and tj we may take S; and S/ as the S and S’ of the rela- 
tion (20), so that: 


[Si -- S:| <n, for t beyond to, to. (22) 
The relations (21) and (22) show that 
[Zi oe 1. «η, (23) 
and hence 
I, — I, = 0, (24) 


since ἡ 1s arbitrary. 

Thus the limit 1. is the same as J;, and there is a common limit I for 
all sequences, as we set out to prove. 

Let us return to the relation (20), with S any sum for which 64 < 69/2 
and with S’ replaced by any value of.S;, with t beyond f. Then we have: 


[5 -- 5: <7, for t beyond f. (25) 


If we let ¢ become infinite in this relation, and recall that the limit of 
S; is I,, or I, we have: 
IS -—I| <n. (26) 


Thus any sum with dy < 49/2 approximates the value of the integral 
to within 7. 
b 
123. Linear Properties of the Integral. The definition of f f(x) dx 


was made on the assumption that b, the upper limit of the integral, was 
greater than a, the lower limit of the integral. 

The use of the word limit as applied to a and ὃ, the end points of the 
interval over which the integral is taken, is well established but has little 
connection with the various technical meanings of limit defined in 
Chapter IT. 
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We extend the meaning of the expression for an integral by defining: 


b a 
[1 dz = - [ὦ dz, if a>b, (27) 
a b 


and 


[ f(z) dx = 0. (28) 


Thus the equality in the relation (27) holds when a = b, and hence 


for all values of a and b. 
If the values a, ὃ, c are such that a « ὃ <., it follows from the 


original definition of the integral in section 121 that: 


J “t(a) de + { foc [ jade (29) 


since we may evaluate the integral on the right by using a sequence of 
sums, for each of which the point 6 is one of the 2,. 

If a = ὃ or ὃ = ¢, equation (29) is an identity in view of equation 
(28). And, by equation (27), equation (29) may be written: 


fie dx +f I@ dx +f so dx = 0. (30) 


This is symmetrical in a, ὃ, and c and so holds without any restriction 


on the order of the three quantities. 

The definitions (27) and (28) are motivated by the desire to have 
equation (29) hold for all values. 

By a repeated application of equation (29) we may show that the 
integral of a function depends linearly on the interval of integration, in 
the sense that if a finite number of intervals are added or subtracted to 
form a new set of intervals, the integrals combine in the same way. 

For a fixed interval of integration, the integral depends linearly on 
the function, in the sense that, if u and v are two functions of x, each 


integrable for the interval, 


[Ὡ dx =k [ u de, (31) 


futon fudtf oa. (32) 


These relations follow from the linear character of the sum (3) from 
which the integral was obtained by a limiting process. 


and 
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124. Inequalities. If two functions, f(x) and g(x), are eacn integrable 
over the interval a,b, and throughout this interval 
f(x) S g(a), (33) 
then τί follows that: 


[Ἕ 71) ἃ s [ g(x) dx. (34) 


For, if we use the same n, x; and δι to form a sum S for each function, 
it follows from the relation (33) that 


Σ Τ(ξὴ δι 5 Σ σί(ξι)δι. (35) 


Thus, if we form two sequences of sums related in this way, and take the 
limit, we may deduce the relation (34). 
We note next that, if f(x) is a constant, k, each f(é;) = k, and we have 
in place of equation (3): 
S = > kb; = ΕἿΣ ὃ; = κ(ῦ — αὐ), (36) 
t=1 t=1 
so that the limit of any sequence S;isk(b — a) = 1. Thus the integral 
of a constant is the product of the constant times the interval of inte- 
gration when a < ὃ. By equations (27) and (28), we have in all cases: 


b 
f ἐπ a), (37) 


If mis any lower bound and M any upper bound for the function f(z) 
on the closed interval a,b, we have: 


msf(x) <M. (38) 
This implies that: 
b b b 
fmazsf sears f Maz, (39) 
or, in view of formula (37): 
b 
nia) f f(a) dz < M(b — a). (40) 
The number K defined by 
1 [ 
See d 
sz J fe &, (a1) 


is called the average value of the function f(z) for the interval a,b. It 
follows from the relation (40) that: 


γι Ξ ΚΞ Μ. (42) 
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Since m and M are any bounds for the function f(x), we may in 
particular take m as the greatest lower bound, and M as the least upper 
bound, and express our result in the theorem: 


The average value of a function integrable between a and b, 

1 ' | 
K = τξ- f s@) dx, ᾿ (43) 
lies in the closed interval whose end points are the greatest lower bound and 


least upper bound of the values of f(x) between a and ὃ. 


In this form the result holds if a > b, in view of equation (27). 

Again, if g(x) = 0 throughout the closed interval a,b, and f(x)g(z) 
as well as g(x) is integrable for this interval, we may deduce from the 
relation (38) that: 


mg (2) S f(x)g(a) < Mg(2). (44) 
This implies that: 


b b b 
J rae) ἃ. Ξ- [Πῶσ ἀ Ξ f Mole) dz. (48) 
or, in view of equation (31): 


δ ὃ ὃ 
mf g(x) des [Πῶσ ἀὸ ε- Μ [γ() ἀ-. (46) 


b 
It follows from the condition g(x) = 0 that J g(x) dx 2 0. If this 
integral is positive, there is a constant k uniquely defined by 


ὃ ὃ 
f OC ξε f Sade. (47) 


From this and the relation (46) we may deduce that 
msksM. (48) 


If the integral of g(x) equals zero, the relation (46) shows that the 
integral of f()g(x) is also zero, and then the equation (47) holds for all 
values of k. | 

If a > 6, or if g(x) < 0 throughout the interval, some of our inequali- 
ties are reversed, but a similar conclusion may be drawn. Thus we may 
formulate the theorem: 
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If g(x) ts never negative (or never positive) throughout the closed interval 
a,b, and g(x) as well as f(x)g(x) is integrable over this interval, we may 
write 


ὃ ὃ 
[Πῶσ ae = κ f o(@) ae, (49) 


where k ts a suitably chosen value between the greatest lower bound and the 
least upper bound of f(x) for the closed interval. 


125. Mean Value Theorems. If the function f(z) is continuous 
throughout the closed interval a,b there will be two points in this inter- 
val, x; and 22, such that 


f(ai1) =m and f(x) = Μ, (50) 


where m is the minimum and M the maximum value of the function for 
the interval, as we proved in section 33. Hence we may take these as 
the m and M of equation (88). 

But, any number Καὶ such that m < Καὶ Ξ M is either m, taken on at 
σι; or M, taken on at v2; or an intermediate value in the sense of 
section 34, and therefore taken on at some point between 2; and 72. 
Thus, there is a point ξ between a and ὃ such that Καὶ = [{(ξ), and the first 
theorem of the preceding section becomes, for continuous integrands: 


If the function f(x) is continuous on the closed interval a,b there 1s a point 
£ of this interval such that: 


b 
f $@) ae = 10 - a). (51) 


This is known as the first mean value theorem for integrals. 

Similarly, there is a point ξ΄, of the closed interval such that k = f(é’), 
and we may restate the second theorem of the preceding section: _ 

If the function f(x) is continuous on the closed interval a,b; wf g(x) 18 
never negative (or never positive) throughout this interval; and if g(x), as 
well as f(x)g(x), is integrable over this interval: then there 1s a potnt § 
of this interval such that 


b b 
[Πρ ax = 50) foe) ae. (52) 


126. Evaluation of the Integral. Suppose that f(z) is a function 
integrable over the interval a,b and throughout this interval is known to 
be the derivative of a second function F(x), so that 


f(x) = F'(z). (53) 
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Then we may apply the law of finite increments of section 74 to the 
function F(x) for each of the subintervals used in section 121, and so 
find points £; such that 


F(a,;) — F(aj1) = F’(&) (x; — 21). (54) 


Now use these values as the é; in the sum for S in equation (3). We 
shall then have: 
f(&)8; = Γ΄ (ξὴ) (ας — 241) = F(a;) — F(xi-1), (55) 
so that: 


S = 7(ξι)δὶ + 7(ξ2)δὲ + -+> +f (En)in | 

= (αι) — F(xo) + F(a2) — F(a1) + +++ + F(t) — Γ(α,..) 

= F(t,) — F(ao) = F(b) — F(a). (56) 

Thus we may form a particular sequence S; for which the ἔξ; are always 
chosen so that equation (54) is satisfied, and for this sequence the values 
of δὲ are all equal, so that the limit is F(b) — F(a). 

Since f(x) is integrable, the limit will be the same for all other se- 
quences, and hence we shall have: 


b 
f f() de = F(b) ~ F(a). (57) 


b 
We write F(x) | in place of F(b) — F(a). 


If G(x) is any second function such that f(z) = G’(z) throughout the 
interval a,b and we write H(z) = G(x) — F(z), we shall have: 


Η΄ (x) = G’(z) — F’(z) = 0, αἃ 35. 38. (58) 


Hence, by the theorem deduced from equation (117) of section 75, 
H(z) = c, a constant, and G(x) = F(x) +c. 

Any function having f(z) as its derivative is called an indefinite inte- 
gral of f(z). It is clear that if F(x) is an indefinite integral of f(z), 
then F(x) - ὁ is also an indefinite integral of f(x), and we have just 
proved that all indefinite integrals are of this form. The symbol 


, f(x) dx or f f(x) dz is used to mean any indefinite integral. 


We restate the main result of this section: 

If f(x) 1s an integrable function over the interval c,d and F(x) is any 
indefinite integral of f(x), so that f(x) = F’(x) throughout the closed 
enterval c,d, then 


b 
= F(b) — F(a) (59) 


b 
J 4@) - P(e) 
for a and ὃ, any two points of the closed interval c,d. 


Art. 127] DUMMY INDICES AND VARIABLES 203 


That equation (59) holds when a = ὃ follows from equation (28), 
and that it holds for b < a follows from equation (27). 

127. Dummy Indices and Variables. In a finite summation, abbrevi- 
ated by the symbol X with an index of summation ὃ, the precise letter 
used for the index of summation is of no importance, since it does not 
appear in the sum when written out in full. Thus: 


3 
Σ δ Ξε x δ) = 2 δι, (60) 
fa ee 
since each is an abbreviation for 5; + δὲ + 53. We call such an index a 
dummy index. We may always replace a dummy index by some other 
letter, and to do so sometimes clarifies an argument and avoids confusion. 
This was the case in section 122, where we replaced 7 by j in the summa- 
tion S’. 

In the sum for S in equation (3), we may in particular take ; = 2, in 
which case the sum is | 


§ = Σ sed, (61) 


or, if we write Az; in place of 6; = 2; — 2-1, ἃ difference of two values 
of zx, 


gz Σ Flos) Baty (62) 


Enis is the form which gave rise to the notation for an integral, 
f f(x) dz, the sign of integration being a modified S, and the replace- 


ment of the Greek letters = and A by the Latin letters S and d indicating 
that we have performed a limiting process. This is analogous to replac- 
ing A by d to indicate that dy/dz is obtained from Ay/Az by a limiting 
process. 

The limits a and ὃ are analogous to the initial and final values of the 
index of summation. As we have replaced 2; by 2, the index of summa- 
tion i no longer appears, but the variable z itself plays an analogous réle. 
In fact, if we considered the function f(u) for values of u such that 
a <u S b, wecould carry out the entire process of section 121, regarding 
the x; as intermediate values of u. Thus we should find the same values 
for the sums S and S; and the same limiting value I. 

This shows that the variable of integration is a dummy variable and 
may be replaced by any other letter. That is: 


1- J 402) dx = J ͵ω du = J ΤΩ) dy. (63) 
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The value of the integral depends on the choice of the interval of inte- 
gration, that is on the values of a and b. Hence for a fixed function 
f(x), the integral is a function of the limits. 

In particular, we may keep the limit a fixed and replace b by a variable 
quantity zx. The integral then becomes a function of z: 


A(x) = [Τῷ dx = [Τὼ du. (64) 


In the first integral written, x is used in two senses, both as a variable 
limit, and as the dummy variable of integration. When we replace the 
dummy variable x by u, we do not affect the x used as a variable limit. 

We note that, since f(x) is bounded, the function A(z) is a continu- 
ous function of x. We have, in fact: 


+h 
A(x +h) — A(x) = [ f(u) du = Kh, (65) 


where K lies between the upper and lower bounds of f(x). Thus, if 
If(@z)| ΞΜ, -MS KEM, and {Kh| S MIA. (66) 


It follows that when h — 0, Kh > 0, and A(x + h) — A(z), so that the 
function A (x) is continuous at z. 

128. Equal Subintervals. The expression (62) may be further 
specialized by taking all the Az; equal, so that Az; = (ὃ — a)/n. This 
gives a particular sequence of sums S,: 


Sn = ~ f(x:) Az;, (67) 
i=l] 
where 
nr γι) 


For integrable functions, we have: 


b 
f f(a)dz = lim Sp, (69) 


This last equation, restricted in its application to continuous functions, 
and interpreted as expressing a property of the area under a curve, is 
sometimes used as a definition in elementary calculus. This approach 
enables one to confine his attention to a single specific sequence Sp. 

The values of S, are sometimes calculated in a specific case for a few 
values of n, to suggest that a limit is approached. We may form a 
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precise estimate of the behavior of S,, from the remark at the end of 
section 122, which shows that, 


b—a 


if <5), then [S, — I] < 7. (70) 

In simple cases, we may determine 69 numerically. Thus, suppose 
that f(x) has a derivative throughout the closed interval a,b and that M 
is any upper bound for f’(z) in this interval. Then from the law of 
finite increments of section 74, we have 


f(a2) — f(a.) = (te — 1)f' 8), (71) 
so that, 
if 15 -- αἱ $8 and [[ς}(}} SM, (72) 
we shall have: 
If (ze) — f(x1)| S Mbp. (73) 


Thus, we can satisfy the relations (7) and (8) by taking: 


M55 <es . (74) 


ἢ 
ὃ--᾽.Ὺ΄ 
If we take ὃρ to satisfy this inequality, and then take n to satisfy the 
inequality (70), we shall have: 
M(b — a)? 
n> ee a ( 4) ° 
n 


(75) 


This proves that: 

If, throughout the closed interval a,b, the function f(x) has a derivative 
f' (xz) and M is any upper bound for |f’(a)| on the interval, then, for any n 
such that n > 2M(b — a)*/n, the sum: 


n em (δ — 
8, = Σ Ποὺ δαὶ; δαὶ τ “τ τ a = a+ 19, (76) 
a=] 


p 
approximates the integral I = f f(x) dx to within η, so that |S, — I| <n. 


The conclusion still holds, whether f(z) has a derivative or not, pro- 
vided M is such that 


[f(x2) — f(a1)| < Μ]κ2 — τι], (77) 


for all values of x, and 22 in the closed interval a,b. 
The condition (77) is called a Lipschitz condition, and implies that 
the function is continuous and hence integrable. 
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129. Derivatives of Integrals. Let the function f(x) be integrable 
on the closed interval a,b and continuous at x9, a point of this interval. 
Then the integral of f(x) over the interval a,x is a function of z, and we 
may write as in equation (64): 


A(z) = f ste) de = [ἼΩ αι, (78) 


where we have replaced the dummy variable of integration x by u so as 
to avoid confusion between the variable of integration and the variable 
upper limit. 

Let us now calculate the derivative of A(z) at zo, using the fundamen- 
tal definition. We have for any value of x and x +A in the closed 
interval a,b: 


+h x +h 
A(x +h) — A(z) -f{ f(u) du— [Τὼ du= fo f(u) du, (79) 


by equation (29). We next deduce from the first mean value theorem 
for integrals that for a suitable intermediate value £, 


£ between x andz-+h, or §=2x+6h,0<0< 1, (80) 


z+h 
[ΤΩ du = Wf) = fe + 0h), (81) 
This shows that 


so that 
. Alto +h) — Azo) 
lin —————_-""~ 
h-—>0 h 


= f(xo), (83) 
since f(x) is continuous at 2. 

Thus the function A (x) has a derivative at 29, 
and A" (29) = f (20). (84) 


We may formulate the result as a theorem: 


If f(x) is integrable in some closed interval a,b and wf f(x) 18 continuous 
at some point xo in the open interval a,b, then the function A(x) = 


f Ἴ() dz or f° f(u) du has a derivative for = πο, and this derivative 
A’(x) = f(x). 
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130. Existence of Indefinite Integrals. If the function f(x) is con- 
tinuous throughout the closed interval a,b, then the argument of the 
preceding section shows that the function 


A(a) = [1 du (85) 


is an indefinite integral of f(x) as defined in section 126, 
since Α΄ () = f(z) (86) 


throughout the closed interval. 

The function A(x) is the particular indefinite integral which is zero 
when ὦ =a. The indefinite integral similarly obtained by using any 
other value a’ in place of a is A(z) — A(a’), by the reasoning of section 
126. 

Thus every continuous function has associated with it another func- 
tion, its indefinite integral for a particular value of a. For a particular 
function f(x) and a particular value of a, the function A(x) could be 
computed and tabulated. We shall develop practical methods of doing 
this in section 145. Theoretically the values could be found to any 
desired degree of approximation by the method given in section 128. 

131. Inverse Operations. The theorems of sections 126 and 129 show 
that differentiation and integration are to some extent inverse operations. 

For, if we start with an integrable function f(x), integrate it with 
lower limit fixed and upper limit the variable z, and then differentiate, 
we shall come back to the original function for any value at which the 
function f(z) is continuous, by section 129. 

Again, if we start with a function F(z) having an integrable derivative, 
differentiate it, and then integrate it with lower limit fixed and upper 
limit the variable x, we shall come back to a function only differing by a 
constant from the original function, by section 126. 

In particular, when we are dealing with simple explicit functions on 
restricted intervals, all of the functions which come into consideration 
have continuous derivatives. For such functions, integration followed 
by differentiation with respect to the upper limit leaves a function 
unchanged, while differentiation followed by integration with variable 
upper limit changes a function at most by an additive constant. This 
principle, or the more precise result expressed by the theorems of 
sections 129 and 126 paraphrased above, is sometimes referred to as the 
“ fundamental theorem of the integral calculus.” 

In elementary work, where we are interested in explicit expressions, 
we think of differentiation as leading to a simpler result than integration, 
since the derivatives of the functions with which we deal can always 
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be found explicitly with comparative ease, whereas the indefinite inte- 
grals of many of the functions we meet can not be found in terms of 
functions already known to us. 

However, from another point of view, integration leads to a simpler 
result than differentiation. For, in all the theorems of Chapter IV, we 
had to assume that the functions could be differentiated to yield the 
derivatives involved. On the contrary, if we start with any continuous 
function and integrate it, we obtain a second function as shown in 
section 122, and this function has a derivative. 

Or, if we start with an integrable function, not necessarily continuous, 
and integrate it, the result will be a continuous function, by section 127. 
In fact, equations (65) and (66) show that A(z) satisfies a Lipschitz 
condition, as defined in equation (77). 

Thus integration is a smoothing process, always leading to a function 
having at least as much in the way of continuity or differentiability 
properties as the original function. 

132. Tables of Integrals. In some cases the indefinite integral of a 
simple explicit expression can be found as an algebraic expression, or 
can be expressed in terms of functions which are already tabulated. 
Every specific formula of differentiation leads to the determination of 
some indefinite integral. Thus, we obtain such results as 


x grt 
"dz = ; —1 
f x" dx aa n # F (87) 
φ- 
f x 1 dx = log z, etc. (88) 


Results of this kind are arranged in convenient form as tables of inte- 
grals and may always be checked by differentiation. The scope of such 
a table is greatly increased by certain general methods of reduction, to 
which we proceed. 

133. General Reductions. The general rules for differentiation 
Biven in section 63 lead to corresponding rules for integrals. Throughout 
this section, we shall assume that all the derivatives used exist, and that 
any function used as an integrand, as u or u dv/dz, is continuous. With 
this assumption, we have: 


f bine k f ude, (89) 


and f (aes f aaa: f Wai, (90) 


since both sides have the same derivatives with respect to z. 
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The rule of ‘‘ integration by parts,” 


* dv * du 
τ eee ea ὦ ἢ 
fur r= uw [01 2, (91) 


is proved similarly. This is useful when the integral on the right is 
simpler than that on the left. 
Finally we have the rule of substitution, 


AG) = [sede = f fool’ αι, (92) 
where 
τῷ το allo), 2 = ol), (98) 


and the function g(¢) is a single-valued function for the closed interval 
to,t. 
We prove this rule by differentiating both sides with respect to t. 


For the left side, A = [ f(u) du, we find: 
% 
= — — = f(x)q’ (i), (94) 
t 
and for the right side, B = f flg(2s)]g’ (us) du, we find: 
to 


dB ; 
Ἢ = Stale’) (95) 


by section 129. But the expressions (94) and (95) are equal, in view of 
the equation (93). | 

That the integrals A and B do not differ by a constant follows from the 
circumstance that + = zp when ¢ = ἐρ, so that both integrals in equa- 
tion (92) are zero when 1 = 2». 

The rule of substitution for indefinite integrals may be written in the 


form: 


[1 - f fod’ a, (96) 


where the limit x = g(t) and this function is single-valued for the range 
of ὁ to which the equation is to be applied. This is a consequence of 
equation (92). It is easily remembered, since if x = g(t), the differential 


f(x) dx = f(g) dg = fig) a dt, and the value of ¢ corresponding to x is 


such that x = g(t). 
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134. Separable Differential Equations. A relation of the form 


dy 

In Fe) (97) 
is called a differential equation of the first order, and any function 
y = f(x) is a solution of this equation 


if 7 () = Flx,f(z)]. (98) 


The differential equation is said to be separable if the function F (x,y) 
may be written as the quotient of a function of x alone by a function of 
y alone, so that 


dy _ ple) 
dx q(y) 


an equation involving differentials in which the variables are separated. | 
We assume that q(y) and p(x) are continuous. 

Let us next assume that the equation (99) has a solution y = f(x), for 
x in a certain range x) S x S 2, and that for z in this range g[f(zx)] 1s 
never zero. Then, if yo = f(z), and y = f(x), the rule of substitution 
in the form of equation (92) shows that 


and g(y) dy = p(x) dz, (99) 


fw dy = f pte) d: (100) 
But, if we define 
Ay) = f a) ἂν, (101) 


Yo 


in the range considered this function has a derivative g(y) which is 
never zero. Hence, by section 75, it has a uniquely determined inverse 
function, and the equation 


file) = 4} f 7 is | (102) 


defines a function f(z). 

If, then, we start with the equation (99) with p(x) and g(y) continu- 
ous functions, restrict y so that in the range yo,y the function q(y) is never 
zero, and form the equation (100), this equation will determine y as a 
function of x, y = fi (2). 

Since this function is given by equation (102), by sections 75 and 129 
we have: 

dy _ yl 5: ρί() pla) (103) 
7 
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Moreover, we see from equation (102) that when z = 2, y = Yo, 80 
that fi (to) = yo. This shows that y = f;(xz) is a solution of the differ- 
ential equation (99), which is yo when zx = 2. Since this function 
was uniquely determined by equation (100), and any solution of this 
kind necessarily satisfied equation (100), it is the only solution. That is: 

If the functions p(x) and q(y) are continuous, the solution of the separable 
differential equation 

| dy _ p(z) 
dx q(y) 
which equals yo when x = Xo, ts uniquely determined by: 
vu 
fa) dy = fv) ae, (105) 
Vo ζο 
provided that q(y) 1s never zero in the closed interval yo,y. 


This justifies the solution of separable differential equations by sepa- 
rating the variables and integrating between corresponding limits. 

135. Complex Notation. If W(x) is a complex function of a real 
variable, as defined in section 119, whose derivative for real increments 
is w(x), we call W(x) an indefinite integral of w(x) and write: 


f pane Wa): (106) 


By section 119, dW (x)/dx = w(z) if, and only if, 


(104) 


d 
=, RW (a) = Rw(x) and = We) = Iw(z). (107) 


Thus the equation (106) is completely equivalent to the two real 
equations: 


f Rw) dx = RW(xz) and fw) dx =IW(az). (108) 


The integration of certain functions is simplified by regarding them as 
the real or imaginary part of a complex function of a real variable. For 
example, from 


eletbhdz — ρας agg br + te™ sin bz, (109) 
P z Gigs eiatbiz 
a Wz = 
an ff ester de = S ππ’ (110) 


we may deduce: 


7 e**(a cos bx + ὃ sin bz) 


f e** cos br dx = e+e (111) 
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ree e**(a sin bx — ὃ cos bx) 
and f 655 sin ba dx = canes ail aaa aa (112) 


136. Known Integrals. We may use the rule of substitution of 
section 133 to show how the ease or difficulty of evaluating an integral 
depends on our previous knowledge. Thus, suppose that for any func- 
tion f(x), continuous and positive on the closed interval a,b, we have 
already calculated and tabulated the function 


AGy< f f(a) dz (113) 


of section 129 for a large number of values of x on this interval. Then 
this function, A(x), will be a known function in the sense that the func- 
tion logi9 x is known for values of x on the interval 1,10. 

As we have assumed that f(z) is positive, by section 129, A’(x) = f(x) 
is positive. Hence, by section 75 the function y = A(x) has an inverse 
function ᾧ = A~?(y) whose derivative is 


Ag or ae oe 
ay? “= WG) Τῷ oa 
so that 
re ee ee 
[A y)] = ΠΑΞΙΦῚ (115) 


The inverse function x = A~!(y) may be read from our table for A(z) 
if y is in the interval A(a),A(b), just as we read the values of 10”, the 
number whose logarithm is y, from a table of logarithms for values of y 
in the interval 0,1. 

Now suppose that we have either forgotten the origin of the function 
A(z) which appears in equation (114), or that we have derived this 
property of the function from some other definition. In any case we 
recall the function and the equation (115), and try to use it to evaluate 


the indefinite integral f Ἴ (x) dx. Let us transform this by the rule of 
substitution, equation (96), with 

z=g(t)= A ‘(t), sothat t = g(x) = A(z). (116) 
Then, from this and equation (115), 


y(t) = [A72) = = 


ΠΑ ΤΩ] ΠΟ] 
fig®lg’@® = 1. (118) 


(117) 
so that 


Art. 137] RATIONAL FUNCTIONS 213 


As this is the second integrand in equation (96), we have: 
: t 
f (are f ἄϊ ὦ ἐ - σα) = AG). (119) 


We have thus reduced the indefinite integral f f(x) dx to a known 


function, A(z). 
While this process seems unnecessarily roundabout and highly artificial 
when stated in general terms, it is essentially the process used to reduce 


* dx 7 dz ὌΝ 
{ -- " ἰορα and JS-™ x (120) 


to known functions in elementary calculus. In fact, the best methods of 

computing tables of these functions are based on expansions directly 

derived from the properties: 
d .}. ad. 4, 1 

Ὡς CoN aes ἐῶ τς, 

analogous to the property 4΄ (2) = f(x). Compare problems 31 to 35 

of Exercises IV. 

137. Rational Functions. To integrate a rational function with real 
coefficients, we use the decomposition of section 115. We showed there 
that any rational function of z could be reduced to the quotient of two 
polynomials in z, 4 (5), (1), where A(z) and B(x) have no common 
factors. Furthermore, the function could be expressed as the sum of a 
polynomial and terms of the form A,(x — δ), there being a series of 
such terms with n = 1, 2, --+, r for each real or complex root ὃ of the 
denominator B(x), where r is the multiplicity of the root. A rational 
function with real coefficients may be reduced to the quotient of two real 
polynomials. Since any common complex roots will occur in conjugate 
pairs, they may be removed by dividing by real factors, and we may 
assume that A(x) and B(x) have real coefficients. Thus the function is 
a real rational function as defined in section 118, and in the decomposi- 
tion the coefficients of the polynomial, as well as the A, for any real 
root ὃ, will be real. Conjugate complex roots will have the same 
multiplicity, and will give rise to terms with conjugate coefficients. 

The integration of the rational function is deduced from the integrals 
of the separate terms of the decomposition by equation (90). For the 
terms of the polynomial we use: 


x z kgm 
Jf fae = kx and Jf kan de = 1 m=1,2,3,---. (122) 
m+il . 


(121) 
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The equations: 


7Ad 
f SF = A logis - οὶ and 


A dz —A 
Sf S>-m oa n= 2, ὅ,τ" (128) 


give the integrals for the terms for real roots. 
For the terms arising from complex roots, we note that: 


A+ Bi Α -- Βὶ 4. Βὲ 
Goo Care Gaeee 


if a, b, A, and B are all real numbers. By equation (108) we have: 


sf A+ Bi —2 A+ Bi 
as eh ee ee 
J κα. δῖ (n—1) (x—a—bi)""! ᾿ ‘ 
(125) 


and 


f on 5 ὉΡ' dx = 2R[(A + Br) log (x — a — δὴ)} (126) 


where the relations of the derivatives to the integrands follow from 


section 112. 
We may obtain other expressions for the integral (126), since 


2R[(A + Br) log (ὦ — a — δὴ)} 
= 2A log [ἡ — a — bi| — 2B arg (ὦ — a — δὴ) 
= log |z — a — bil*4 — arg (cx —a— bi)? (127) 


(128) 


= A log [(ὦ — a)? + b7] + 2B tan? β 7 


The form (127) enables us to write the sum of a number of such terms 
with a single use of the symbols log and arg, thus theoretically enabling 
us to find the value of any rational integral with only one use of the 
logarithmic tables and one use of the trigonometric tables, since the 
terms involving logarithms from real roots may be written log |x — δ“. 

Since 

t ae | _* =?! 
an tu = cot 2 - =——tan!-; (129) 
u 2 "“ 


we have 


2B tan} || = —2B tan! | 


=| + Br. (130) 
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If we make this substitution and absorb the constant Bz in the constant 
of integration, we may deduce from the form (128) that 


t= 


fil aR ak ane : τ = A ἴορ[( -- a)? + b?] — 2B tan“ (131) 


This last form is the most familiar, and usually the one best adapted 
to computation. 
If we expressed the integral as a real function, we should write: 


OF 
fa te = Slog (2? + px + q) 


a? + pe + q 
2P — Qp ἐς 22+ πο 
πριν το — fan . 132 
V 4q — p? V 4g — p? a 


Thus even the real form of the integrated expression has constants 
more closely related to the form of the integrand (131) than to the form 
of the integrand (132). 

The advantage of using the decomposition of section 115 over using 
that of section 118 is slight for simple conjugate complex roots, but is 
much greater when there are multiple complex roots. In that case, for 
multiple quadratic factors we must develop reduction formulas, which 
essentially take us back from the real coefficients P; and Q;, appearing 
in numerators P; + Q,2, to the original conjugate complex numerators, 
A; + By. That the reduction formulas must do this may be seen from 
equation (125), which shows that, in complex form, each pair of terms of 
a given degree taken by itself has a simple integral. 

Since the coefficients in the decomposition are determined, they may be 
found either by the method of undetermined coefficients, the method of 
section 116, or by using the fact that an identity must be true for any 
values of z, conveniently chosen. The work may sometimes be short- 
ened by subtracting the development up to a certain stage. 

For example, if a third degree denominator has one real root and one 
pair of conjugate complex roots, we may determine the term for the real 
root by equation (244) of section 116, and subtract the polynomial and 
the fraction for this root to obtain a term like that in equation (132). 

Again, if a denominator has one multiple real root and a number of 
simple real roots, we may subtract the terms for the simple roots, as 
well as the terms of the polynomial, and then determine the terms for the 
multiple root by expanding the resulting numerator in the appropriate 
Taylor’s development. 

Another method of determining the integral is to use the reasoning of 
this section to predict the form of the integral, except for the coefficients, 
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and then directly determine the coefficients of the integral by the method 
of undetermined coefficients. 

138. Rationalizable Integrands. Several other classes of integrals 
may be reduced to integrals of rational functions. To describe some of 
these classes, we shall denote a rational function of one variable, u, by 
R(u), and a rational function of two variables, u and v, by R(u,v), so 
that this last is the quotient of two functions, each a polynomial in the 
two variables wu and »v. 

ax + by! 


Then the integrand R (=, [5:1] is rationalizable when αὶ is an 
co +d 


integer. For, if ad — bc = 0, the second variable is a constant, and the 
integrand is already a rational function of x. When ad — be # 0, the 


relatio E ad 
e n rae 


g’ (t) is rational, and the new integrand obtained from equation (96), 
Rig (t),tIg’ (t) is a rational function of t. 

An important special case is κα, Vax + δ). 

Again, the integrand Καὶ (657) is reducible by the substitution az = log t, 
to the integral of R(¢)/at, which is a rational function of t. 

Any rational function of trigonometric functions of x may be 
written in the form R (sinz, cosz). An integrand of this type 


1/g . 
| = ἐ makes 7 a rational function of #, g(t). Thus 


may be reduced by the substitution ¢ = tan 5 to the integral of 


2t 1-- 
R (=, a rs a = tae’ which is a rational function of t. 


We may always rationalize an integrand of the form 
R(x, Vax? + br + ο). 


We assume a 0, since the integrand with a = 0 is of a type already 
discussed. 

If the roots of ax? + bx +c = 0 are p and gq, real and unequal, we 
may write az? + br +c = a(x — p)(x —q). If we put a(x — p) = 
#?(2 — qg),x = g(t) isa rational function of t, so that σ΄ (ἐ) is also rational. 
The transformed integrand is R{g(t),é[g(t) — ql}g’(t), whieh is rational 
in ¢. 

When the roots are equal, g = p, ν απ + br+c= Va(x — p), 80 
that the integrand is rational in z. In this case a must be positive, 
since the integrand is assumed to be real. , 

When the roots are conjugate complex numbers, r + 18, 


az? + br +c = a(x — τ — is) (x τοὺ + 18) = α[(α — r)? + 87], (133) 
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and again a must be positive in order to make the radical real. In this 
case we put (1 — r)? + s? = [( -- r) + 12, which makes x = g(t) a 
rational function of ἐ, so that σ΄ (ἐ) is also rational. The transformed 
integrand is R[g(t),g(t) — r + t]g’(t), which is rational in t. 

139. Other Elementary Integrals. Let J(u) be an inverse trigono- 
metric function, an inverse hyperbolic function, or the logarithm (inverse 
exponential function). Let B’(x) be the derivative of an explicit alge- 
braic function, B(x), and let A(z) also be an explicit algebraic function. 
Then the integrand I[A(zx)]B’(x) may be simplified by an integration 
by parts: 


f ᾿ΠΑ(ἼΒ' ἢ) de = I[A(2)]B() — f “T[A(a)1A! (x) B(x) de. (134) 


The new integrand, I’[A (z)]A’ (x) B(z), is an explicit algebraic expression 
and may be rationalizable if the functions A(x) and B(z) are sufficiently 
simple. 

In- particular, if A(z) =z and B(x) is a rational function, 
the new integrand I’(z)B(zx) will either be rational, or of the form 
πα, ax* + bx +c), which is rationalizable. Thus an inverse func- 
tion of x times a polynomial may be integrated by this process. 

The problem of integrating a real polynomial in any number of vari- 
ables, each of which is either x, an exponential e**, or a sine or cosine 
function sin bz, cos cz, is immediately reducible to the problem of inte- 
grating terms of the form z"e4*, where n is a positive integer, and A is a 
real or complex number. When A is complex, the indefinite integral is 
to be understood in the sense of section 135. An integration by parts 
’ may be used to reduce the ia of n by unity, 


fr nel? dz = g™—— — — “fe ie at ἄς; (135) 


so that 7 such integrations will reduce the problem to 
645 dx = —- (136) 


Our purpose in the last three sections is to give the student some 
general idea of the classes of integrals which either will be found in inte- 
gral tables or may readily be reduced to integrals given in the tables. 
The general methods here given are often much longer than special 
devices adapted to particular cases or to the construction of a table of 
integrals. Also there are a number of alternative procedures which are 
sometimes preferable. For example, if the form of the integral is pre- 
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dictable to within a number of constants, these may be found by the 
method of undetermined coefficients. 

Any indefinite integral taken from an integral table may be verified 
by differentiation, which always provides the simplest proof of such a 
formula if the answer is known. 

140. Non-elementary Integrals. Most integrals not of the types 
discussed in the last three sections nor immediately transformable into 
one of these types cannot be evaluated in terms of a finite combination 
of elementary functions. In a few special cases, the non-elementary 
character of an integral has been proved, by showing that the function 
defined by the integral with variable upper limit has some property 
not enjoyed by any elementary function. The character of the argu- 
ment is somewhat similar to that given in section 92 to prove that the 
logarithmic function is not an algebraic function. 

A few of the simpler non-elementary integrals are those with inte- 
grands, e”/z, sin σα, cos x/x, which lead to new functions known as the 
exponential integral, the sine integral, and the cosine integral. The 
integrals 


f ee dz, f sin x* dz, and cos x” dz (137) 
0 0 0 


are known as the probability integral, the Fresnel sine integral, and the 
Fresnel cosine integral. We shall discuss practical methods of construct- 
ing tables of these functions in section 331. Such tables are available 
and enable us to evaluate these integrals and any others easily reducible 
to them. 

The simplest algebraic integrands which in general lead to non-elemen- 
tary integrals are those given by R[z, VP (x)] where P(x) is apolynomial 
of the third or higher degree, and FR is a rational function of the two 
variables as in section 138, where we showed that this integral was 
elementary if P(x) was of the first or second degree. 

Since the square root of a polynomial with multiple roots may be 
written as a polynomial times the square root of a new polynomial with 
all its roots simple, we may, and shall, assume that all the roots of P(x) 
are simple. When the polynomial with simple roots is of degree three 
or four, the integral of Riz, VP (x)] is called an elliptic integral. 

141. Elliptic Integrals. The special elliptic integrals 


. ἀφ ane dx 
F (k, =f == f | 
6) ο V1 — k? sin? ¢ 0 V(1— 22)(1 — kx?) 
O<k <1, (138) 
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the elliptic integrals of the first kind, and 


sin ¢ V1 — Kz? 


p ΡΈΕΙ ae eee, ee 
Eig) = [ Vi = Bin? 6 ἀφ = [ eee 
0 0 


νΊ-- «2 ᾿ 
0<k<1, (139) 


the elliptic integral of the second kind, have been tabulated by Legendre 
for real values of k between 0 and 1. 
The elliptic integral of the third kind, 


‘ fs ἀφ 
πί ae) -- [ Wee paar 
0 (sin*¢ — a) V1 — k* sin’ φ 


— 


Bin > dz 
7 4 (3 = a) V (1 — 2?)(1 — kx?) aie 


where k is real, 0 < k < 1, and a may be complex, has been only par- 
tially tabulated. For a = 0, see problem 47 of Exercises VI, p. 238. 
We shall now prove that: 


If P(x) 1s a polynomial of at most the fourth degree with real coefficients 
and if R is a rational function of two variables with real coefficients, while x 
as restricted to a range in which P(x) is positive, the indefinite integral 


f Riz,V P(x)| dx can be expressed as a linear combination of terms, 


each of which is either an elementary function, or an elliptic integral of the 
first, second, or third. kind. 


As was indicated in the preceding section, the integral is rationalizable 
if P(x) is of the first or second degree, or has multiple roots. 

When P(r) is of the third degree it has at least one real root, r, and 
we may write: 


P(z) = (α —r)(az®? + br +c), aX 0. (141) 


Thus, for a range of z such that x > r, we may make the change of vari- 
able x = r+ 2”, dx = 2z2dz. The radical becomes: 


VP(x) = 2Vazt + (2ar + b)e2 + ar? +br+ce= zV Q(z). (142) 


Hence the new integrand is of the same type as the old, but the new 


radicand involves no odd powers. For a range of x such that x « τ, we 


put z = r—2*. We note that in either case, 


(143) 
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Finally, let us assume that P (zx) is a fourth degree polynomial without 

multiple roots. It may be factored into two real quadratic factors: 
P(z) = a(z? + ρα -ἴ 4) («3 -Ῥ »'1 -- 4’), a0. ((44) 


We wish to reduce this to a form where p and p’ are zero, and attempt 
to do this with a linear fractional transformation: 


. 11 91 
ee ie (145) 
This will make 
a(x? + pr + φ) ( +2)? = Az? +B, 
(“3 + p’x + 9’)(1 +2)? = 4’23 + B’, (146) 
if 


20 +p(f+g9)+2¢g=0 and 2fg+p'(f+g) +29’ =0. (147) 


When p = 7’, these relations are equivalent to 


‘, 4 / / 
f+g=25— and "π᾿. } (148) 


which may be solved with real values of f and g if 
0<i(f —9)?(p' — p)? 


or (q— 9’)? — (p' — p)(pq’ — ap’) > 0. (149) 
Let us now put 
x? + pe +q = (4 — r) (2 — F) 
and et ρ΄. -ἰ η = («—r’)(x -- 7). (150) 


Then the expression just written becomes: 
(VF — 7) — (r -ἘΤ — τ' — Freer! - 72) — τ (r +A]. (151) 
But this may be written 
( -- τγ( —F)F — τ γ(ᾳ — FP), (152) 


since it vanishes when r = r’, and so admits the factor r — r’, and the 
other three factors by symmetry, and finally is a fourth degree poly- 
nomial with the term r?F?, so that the multiplicative constant is unity. 

If both quadratic factors have complex roots, r and 7 are conjugate 
complex quantities and so are r’ and’. Thus the first and fourth, and 
the second and third factors, are conjugate and so have a positive prod- 
uct. Again, if r and 7 are conjugate, and the other two roots are real, 
then the first and third factors are conjugate, and so are the second and 
fourth. Finally, if all four roots are real, we may take the two algebrai- 
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cally greatest roots as r and 7, and all four factors will be positive. No 
factor can be zero, since our fourth degree polynomial has distinct roots. 

Thus, if p γέ p’ we may find real values of f and g such that the 
rational transformation (145) makes 


V(42 + BA’? +B’) VQ(z) 


VPC) = ee 
From the relation (149), ; γέ f, and we note τῶ 
-α- (154) 
τ Ὁ ee πε 


When p = p’, we put x = 2 -- 5 dx = dz, which makes 
P(x) = a(2? + pr + 4)(ω + px + 4} 
= ἃ (+ +q- r) (2 Ἐς - Ἂ = Οὐ), (155) 
dx dz 


VP(2) VQ) 


Our discussion shows that the integral of R[x,P(z)] is either ration- 
alizable or reducible by real substitutions to the integral of a similar 
expression with 


and (156) 


P(x) = (Az? + B)(A'z? + B’), (157) 
where A, B, A’, and B’ are all real. 

We observe thet, if the radicand of equation (142) does not have real 
factors of this form, it may be factored and transformed by the process 
used for the P(x) of equation (144). 

142. General Reductions. We assume the radicand has the form 
given in equation (157), and proceed to certain methods of simplifying 
our problem. While it is logically simpler to use this order to avoid 
unnecessary repetition, practically it is preferable to apply these general 
reductions before transforming the radicand. This may greatly simplify 
the formal work, even if the reductions have to be applied again to some 
of the terms after the radicand is transformed. 

Let us denote P(x) by v”, so that the integrand is R(z,v). By using the 
identities 


= (v?)* = [P@)]", vt? = of P@)), (158) 
we may express the integrand in the form 
K + In 


MND’ (159) 
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where Καὶ, L, M, N are polynomials in z. Now rationalize the denomina- 
tor, 
(K + Lv)(M — Nv) ΚΜ — LNv’? + (LM — KN)v 


(M + Nv)(M — Nv) | M?* — N*? νὰ, 


and replace v* by P(x). This reduces the integrand to the form U + Vo, 
where U and V are rational functions of z. 
Since U is a rational function, we need only consider integrands of the 
form: 
Vo? W 
Vv = — = —) (161) 
v v 
where W is a new rational function of z. 
The rational function W can be decomposed into a polynomial and a 
number of partial fractions, which reduces the integral to a sum of terms 
of the two forms: 


cere f = dr, and “Gy bs { τς ΞΡ τᾶν (162) 


There will be terms of the second form, (Ὁ), for each real or complex 
root, 7, of the denominator of W. 
In order to reduce these integrals (b), we observe that: 


al a) | : vy’ (4 -- τὴ) — my ΣΡ'΄ (α)(α — r) — mP(z) 


dix | (x -- r)™ (x — ry™ty ἐῶ, 
gp 6. τὶ ae ΡΞ Ὁ ΘΕ τ; i 


(x -- r)™tly 


since the numerator, a fourth degree polynomial, may be expanded in 
powers of (x — r). By integration, we find from this that 


a an : f dx i [ dx 
8S υ(ὰ — ryt ὁ 2 v(x — τ) 2 


(x — r)" |, Xo 


dx dx Ξ dx 
taf aomtef gor tel aa (164) 


If co ¥ 0, this relation may be solved for the last integral to give a 
reduction formula by which an integral of type (b) with n = m+1 
may be expressed in terms of an algebraic function and four integrals of 
type (Ὁ) with n = m — 3, m — 2, m — 1 and m. 

If co = 0, and m = 0, it follows from equation (163) that P(r) = 0. 
Hence P’(r) + 0, and c,; τέ 0. In this case the relation (164) may be 
solved for the integral of type (Ὁ) with n = m to give a reduction formula 
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by which such an integral may be expressed in terms of an algebraic 
function and three integrals of type (b) with n = m — 3, m — 2 and 
m — 1. 

In any case, by starting with the integral of type (b) for a given root 
for which n is largest and, at each stage, combining together all the 
integrals with the same power of (x — r), we may reduce all the inte- 
grals of type (b) for a given root r to the integrals: 


x x Boge, i x a Ne 
f gee f ae f - ” da, SO ἣν, (165) 
(c — r)v v υ υ 


The last three integrals may be combined with the integrals of type (a) 
of (162). The first integral may be written: 


sae | 7 a+r 
{ lad Gio 


7 


ade 
= art {a> r)y (100) 


(a? — γ)υ 


If we make the substitution x” = z, we find: 


᾿Ξ ᾿ dz 
Bee as a Kee, -~—Ss (167 
(x? — r?)p i 2(2 — r?) V (Az + B)(A’z + B’) a 


which is a rationalizable integral. This shows that we need only con- 
sider, in addition to integrals of type (a) of (162), integrals of the form: 


τ dx 
J («2 — γ2)ν (108) 


We next consider the reductions of integrals of type (a). If we put 
r= 0,m = —M, equation (163) may be written: 
M+3 M+1 M-1 
4 (αἴ) = dy  Ὑ ἄν + dot (169) 
dx v 
since P(x) and hence P’(x)z contain no odd powers of x. For M > 0, 
ds σέ 0, since dg = (2+ M)AA’. This equation leads to a reduction 
formula by which an integral of type (a) involving z“*t? can be reduced 
to two other integrals of the same type involving the exponents M + 1 
and M — 1. 
We only apply this for odd values of M, when all the exponents in the 
integrals are even, since for odd exponents the integrals of type (a) are 
rationalizable. In fact, if x? = z, 


xz .2n+1 Ζ 2” dz 
ΕΣ ΕΝ ν ὌΟΘΘΗΕΙΙ 170 
J » : ον (41... Β)(42.. B’) Ὁ) 
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By repeated reduction of the integrals with even exponents, starting 
with the term with highest exponent, we may reduce the integrals of 


type (a) to the two: 
L 2 “dr 
f Ξ de and f ἐξ (171) 
υ υ 


Thus our problem is now reduced to integrals of three types, the two just 
written and those of the form (168). 

143. Transformations of the Radical. We must now develop real 
substitutions which will transform the radicand 


υξ = P(x) = (Az? + B)(A’x? + B’) (172) 
into that of the standard forms, 
(1 — 2?)(1 — kx?) with k <1. (173) 


Since P(x) is positive, we may so select the signs of the constants that 
both factors Ax? + B and A’x? + B’ are positive. Since all the roots 
of P(x) are distinct, a real range for which P(z) is positive can not 
include a root of P(x). Hence neither of the factors can change sign in 
the range. 

We next consider two special substitutions. The first is: 

25 -- Az?+B, z>0, (174) 
which makes: | 
d d. | 

= Ξ (175) 


-- ΞΞΞΞΞΞ-ΞΞΞΞΞΞΞΞ-ΞΞ-ΞΞΞΞΞΞἑΞΞΞΞἑΞΞΞΞΞἕΞΞΞᾧΞἁἑἁὧἑΞΞΞΞΞΞΞΞΞΞΞΞΞ ΞΕ τ ΞΞΞΞΞΞξὩ-ὀῥἑ Ξῥ  π-πππ«««3»Ἁ, απ “σπππππα --  σσσοσ. ἢ 
V (Az? + Β)(4,.2 +B’) ν (2? — Β)(4'23 + AB’ -- A’B) 
the factors on the right being positive if A > 0. 
The second substitution is: 
c= τ (176) 
x 

which makes 

dz dz (177) 


V (Az? + B)(A’2? + Β) V (Bz? +. A)(B’22 + A’) 

If B and B’ are both negative, A and A’ must both be positive, and 
the second transformation just made leads to a form in which the new 
values of B and B’ are both positive. 

If one, say B, is negative and the other, B’, is positive, the first 
transformation (174) leads to a form in which the new values of B and 
B’ are positive if (AB’ — A’B) > 0. But, since the factors are posi- 
tive, for some values of x we have: 


Az? > —B and B’ > —A’x? (178) 
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and hence, since —B and B’ are positive, 
AB'x? > —BB’ > A'Bz?, so that AB’>A’B, 79) 


and the condition is satisfied. 

Thus we obtain a form in which B and B’ are both positive, and we 
may factor them out without changing the signs and so write the radical 
in the form: 


V(1 + Az?) (1 + A’z?). (180) 


If A is negative, and A’ positive, the first transf ormation (174) reduces 
the radical to 


V(1 — 22)([A’ — A] — A’2?), (181) 


where the signs of the factors are the reverse of those in equation (175) 
since A is now negative. In the new form A and A’ are both negative. 

If A and A’ are both positive, the first transformation (174) reduces 
the radical to: 


V (22 ~ 1)(A’2? + [A — A’]), (182) 


and we may choose the notation so that A’> A. If we then apply the 
second transformation, (177), we shall reduce the radical to: 


V(1 — 22)(A’ — [4’ — A]z”). (183) 


Thus, in the reduced form for the radical given by the expression 
(180), either A and A’ are both negative, or we may make them both 
negative by an appropriate combination of the two transformations. 
We need therefore only consider radicals of the form: 


V (1 — a2x?)(1 — bx”), a? > b, (184) 
and if we make the transformation 
ax=2, a>QO, (185) 
we shall have: 
| dz d. 
ee ee ΞΟ ΡΟΝ 
(1 — a*x*)(1 — 62") «να - δ (1-52) 


The discussion shows that by combinations of transformations of the 
three types (174), (176), and (185) we may take integrals of the type 


d 
f — into others of the same type, in which υ2 has the standard form 


(173) times a constant factor. 
For a range, or portion of a range, including no positive values, we 
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may put 2 = —xz, which leads to a new range including no negative 
values. Thus we may assume both limits positive or zero, and, since 
the integral over 21,22 is that over 0,22 minus that over 0,2,, we may 
assume the lower limit 0. The positive upper limit is less than 1, since 
the factor (1 — x?) is positive. Hence if we put x = sin ¢, we may take 
¢ in the first quadrant and write: 


φ 
[ Ὁ προς τὸς { ae, Gia) 
o V(l — 27)(1 — kz?) 0 V1 — k* sin? ¢ 
the standard form for the elliptic integral of the first kind. 

The transformations (174) and (185) do not essentially change inte- 
grals of the form (168), merely replacing the radicand by one of the 
standard form (173), and introducing a constant factor and a new con- 
stant in place of r?. However, the transformation (176) makes: 


ἣν dx ὡς [ 22 dz 
(x? — r?)p r ( 3 3 
1 *dz 1 ff” dz 
πεῖς ἀρ ἠδὲ 
r? J V1 as (2 ᾿ 88) 


This is a combination of the first form, already disposed of, and an inte- 
gral essentially of the form (168). Thus we need only consider integrals 
of the form (168) with radicands in the standard form (173). As before, 
we may assume the lower limit 0 and the upper limit positive and less 
thanl. Putting x = sin ¢ we find 


: φ 
Το ee δὴ 
(x* — r*)v (sin? φ — 7°) V1 — k? sin? ¢ 
which is the standard form of the elliptic integral of the third kind. 
«2 dx 
v 
are replaced by a constant times an integral of the same type, by the 
transformation (185), and by a combination of one of the same type and 
one of the first form by the transformation (174). The transformation 
(176) leads to an integral of the third kind, (189), withr = 0. When we 
do not use the transformation (176), or use it twice, we obtain a new 
integral of the form we started with, with the radicand in the standard 
form (173). We then write: 
ZT wt x 2,.2 x 
x af - aay ee dx (190) 
υ k v 


These 


Finally we must consider integrals of the form f 


--ιαὶλ ξὲὸὲ - oo 


k? 
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The last integral written is of the first form. For the other integral, we 
assume the lower limit 0 and the upper limit positive, put x = sin ¢, 
and write: 


ΖΦ. p23 x 1 — kz? > 
[᾿Ξ-Ξ «-ἰ Ve = [ V1— Kk sin? φ ἀφ. (191) 
0 Vv 0 Lo 0 


This is the standard form for the elliptic integral of the second kind. 

This completes the proof of the theorem stated in section 141. 

144. Elliptic Integrals of the First Kind. We note that the trans- 
formations used may change an integrand of the form 27/v, where 
v? = P(x) is any polynomial of the fourth degree, into a combination of 
standard elliptic integrals involving all three kinds. In particular, this 
will generally be the case when the linear fractional transformation (145) 
is used. 

However, as we noted, each transformation takes the differential 
expression dz/v into another expression of thissame form. This proves: 


An integral of the form [ dx/V P(x), where P(x) ts a real polynomial 
of the third or fourth degree, with no multiple roots, can always be reduced 
to an elliptic integral of the first kind. 

In particular, the integral 
[------- - [ Se ς Ὅν τ -- 

a ν΄ 413 — got — 93 a V4(x — e1)(z — 69) (ὦ — eg) 

C1 + 6. + é3 = 0 (192) 
is of thisform. We shall show in section 170 that this integral approaches 
a limit aszx—-+o. Thus we may write the integral as u(x) — u(a), 
with the constant so determined that u(z)—0 as r-—->+ 0. The 
inverse of this function u(x), the Weierstrass @ function, plays an 
important réle in the theory of elliptic functions. These are functions 
related to the functions inverse to those defined by certain elliptic 


integrals. 
In many problems of mechanics, the solution is given in the form 


s= f dz/V P(x), where P(x) is a cubic. In this case, if the three 
roots of P(x) are aj, dg, and a3, and 

ay ag dg + a3 = 3b, 8 = 8 whent = fp, (193) 
we may write the relation as 


t=b+ ᾧ (s—c), (194) 
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where ὁ is defined by ᾧ (so — 6) = tp — ὃ, and @ is formed with roots 
δι = a, — 8, €g = Ag — ὃ, €3 = a3 — ᾧ. (195) 


While this does not lead to a numerical evaluation, it does express the 
solution in terms of a function whose properties have been extensively 
studied. 

145. Numerical Integration. We shall develop two formulas for 
obtaining an approximate value of an integral when the integrand is a 
specific function whose values can be calculated. These formulas are 
practically useful when the integral either can not be easily expressed in 
terms of functions already tabulated, when the procedure for doing this 
is long, or when it leads to a complicated final expression. 

We obtain these approximations by replacing the integrand in the 
whole or a part of the interval of integration by a simpler expression, 
and by integrating this latter expression. For example, if we replace 
any integrand f(x) by a first degree function taking the same values at 
a and ὃ, or 


(2) = f(a) +5 — [0 —S@), (196) 
we find: 
: b—a 
{π΄ de = -*7@) +f) (197) 


as an approximation to 


f f(x) dz. (198) 


If the function f(z) is continuous, it has an indefinite integral F(z), 
for which 
f(z) = ΓΤ, (199) 
and 


[τὰ = FO) ~ FC). (200) 


Thus the error Z, or correction term to be added to the approximate 
value (197) to give the correct result, is: 


— 
2 


If the function f(z) has a second derivative throughout the open 
interval a,b we may obtain another expression for ἢ, To do this, put 


b—a=2u,a+b6 = 2c, sothata=c—uandb=c+u. (202) 


“Tf(@) + 70}. (201) 


E = F(b) — F(a) — 
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From this and equation (199) we have: | 
E=F(c+u) —F(ce—u) — ufF’(c + ὁ + F’(e — u)]. (208) 
We then proceed as we did in section 91. We define the constant 


K = ἢ (204) 
{ 


and then consider the function: 


G(z) = F(e + 2) — F(e — 2) — a[F’(e - 1) + F’(c — 2)] — Kz’. 
(205) 


This function is zero for x = u, by the two preceding equations. It 
evidently is zero for z = 0. Hence by Rolle’s theorem its derivative 


G’ (x) = —2[F’" (ce + 2) — ἘΠ (ς — x) — 8Kz?, (206) 
is zero for some value u’ between 0 and vu. From 
0 Ξ —w[F’(e+u’) — F’'(c — ἡ] — 38Ku”, (207) 


we find: 
_ 2 F’'(c + μ΄) = Ε΄ ςς = u’) 
3 Qu! 


The 2 is inserted to make the fraction with denominator 2u’ have the 
form of a difference quotient. By the law of the mean, this equals the 
derivative of F’’(x) at some point x between ς — μ΄ andc + μ΄, and 
therefore between a and ὃ. Thus 


K= (208) 


2 
K =~ SF") = - =f" (a0), (209) 
and 


E = Κι = — =f (ao) (210) 


If we divide the interval of integration into n equal parts, each of 
width 


h= , (211) 


by points z,, and denote the value of the integrand at x; by yx, 


ye = f(x) = f(a -ἰ kh), ᾿ς (212) 
we may apply the preceding approximation to each part, with 
re (213) 


“δ᾽ 
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The sum of the approximations is: 
r= λ( εν Ἐν ἘΠ Ἔνρα Ἐ 2). (214) 


This is known as the trapezoidal rule, since the graph of the function of 
equation (196) is a straight line, and the integral (197) corresponds to 
the area under this straight line, or that of a trapezoid. If the exact 
value of the integral is 


he SS ὁ - 
ΤΕ, then B= -- το πῇ = -- Sah (215) 


Here, if the second derivative f’’ (x) is continuous in a,b, then fo is the 
value at some point of the interval, since it is an average and therefore 
an intermediate value. Also, if f’’(x) preserves its sign, the error has 
the sign opposite to this. In all cases, if M is the 
least upper bound of | f’’(x)| in the interval, fo is 
numerically at most M. Thus the error may be 
made small by taking 7 sufficiently large. 

A better approximate formula is obtained by 
using a second degree curve, whose graph is a 
parabola, 


2 
Fig. 15. g(x) = A+ Br + Cx’, (216) 


which has the same values as f(z) at a,b and the point halfway between, 
a+b 
2 


c= These determine the coefficients uniquely. For simplicity, 
we write in place of equation (216), 

g(x) = A’ + B’ (a —c) + σ΄ (x — co)’, (217) 
define wu as in equation (202), and find that this makes g(c — 1) g(c), 
and g(c + 1.) agree with f(a), f(c), and f(b) if: 


+ [f(a) +f) — 2f(0)) 


— r\2 
g(2) = 7(0) +f) -- 76}} eae. 


(218) 
For the approximation to the integral (200) we have: 


ὃ ctu u 
[«ὧ«ὖ- foe) de = ZY @) +40) + YO 
“[f(a) + 4f(c) +f). (19) 


Arr. 145] NUMERICAL INTEGRATION 231 


In this case the error E to be added is: 


=" (7a) +4) +40), (220) 


E = F(b) — F(a) -- 


or, in view of equation (202): 


Ε - (ες ὦ -- Ρίς -- ὦ -- ALG 4+ u) + 4F'(c) + F’(e -- ω)}. 
(221) 


We now assume that f(z) has a fourth derivative, so that F(x) has a 
fifth derivative throughout the interval. Define the constant K by 


K = Ξ} (222) 
U 


and consider the function: 


G(z) = F(e+ 2) — F(e — z) 
—5(F'(c-+ 2) +4F'(c) + Ρ' Ὁ -- 2)]— Ka°. (228) 
We find, successively: 
(a) = SIF (e+ 2) + P(e ~ 2) -- 26] 
- = LF” (c Ὁ 2) — F’(c — 2}} — 5Kzx*, (224) 
Ga) = (Fe + 2) -- Fe — 2) 


= = LF” (c +a) + F’"(ce — 1}} — 20Kz®, (225) 


Gq!" (z) es ee 5 FIV (¢ + x) = F'V(¢ -- x)| -- 60 Κα. (226) 


Each of these functions reduces to zero when x = 0. But, from equa- 
tions (221) and (222), G(u) = 0. Hence, by Rolle’s theorem G’(z) is 
zero for some value between 0 and u, say μ΄. It follows that G’’(z) is 
zero for some value between 0 and μ΄, say u’’. Similarly G’’’(x) is zero 
for some value ε΄, and 

7 


- > (FIV (c + ull’) — FIV(e — u’”’)| — 60Ku’’”? = 0, (227) 


We deduce from this that: 


1 FV (¢ + 4!"') — FV (¢ = af! 
dat eee στ (ἀξ 
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By the law of the mean, the fraction in the form of a difference quotient 


equals the derivative of ΕἾ (2) at some point zy between c — μ΄" and 
c-+u’’’, and therefore between aand b. Thus 
a eee 5 | 
K = 907 (%) = 907 (zo)u?. (229) 


If we divide the interval of integration into an even number of oe 
parts, say 2m, each of width | 
b—a 


h= (230) 


by points z;, and define the ψκ by equation (212), we may apply the 
approximation to each consecutive pair of parts 29,%2; 22,04} °°: ; 
Lom—2;t2m. ‘Lhe sum of the approximations is: 


=> = (ο + 4y1 + 2ye + 4y3 + 2yg - τ. + 4yam—1 + Yom). (281) 


This is known as Stmpson’s rule. If the exact value of the integral is 


5 4\5 

S+£H, then EF = Ξ ΠΣ τ: 

90 

Here, if the fourth derivative f'’ (x) is continuous in a,b, then f, is the 

value at some point of the interval. Also, if f'”(x) preserves its sign, 

the error has the sign opposite to this. In all cases, if M is the least 
upper bound of [ἢ (x)| in the interval, f, is numerically at most M. 

A comparison of equations (215) and (232) shows that, if the bounds 
for the second and fourth derivative are of the same order of magnitude, 
the error in using Simpson’s rule will be roughly h?/15 times the error in 
using the trapezoidal rule with n = 2m, and hence much less when h is 
smaller than unity. | 

Practically, it is not always easy to determine eer for the deriva- 
tives. "However, we may use the corresponding finite differences to 
estimate their size. This results from the discussion in section 93. If 
the nth difference changes slowly in the intervals under consideration, 
equation (300) of that section suggests that we may take 


A"f(x) 
h 


at least as to its order of magnitude. The estimated error when using 


(232) 


as an approximation to f™ (z), (233) 


b ως . 
-Simpson’s rule will then be — TT Ay, where A, is an average value 
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of the fourth difference computed for the increment h. The correspond- 
| : b—a ; 
ing estimated error when using the trapezoidal rule is — 2 Ae, with 


Ae an average value of the second difference. 


EXERCISES VI 
1. If f(z) = f(—x), f(x) is called an even function. If f(z) is even and 


0 a 
integrable, show that f f(x) dx = { f(x) dx =4 f f(x) dz, by using the 
-α 0 --α . 


fundamental definition of an integral. | 
2. If f(z) = —f(—z), f(z) is called an odd function. If f(x) is odd and 


0 a a 
integrable, show that f@) dx = — [ f(x) dx, and that f(x) dx = 0. 
—a 0 - 


3. Prove that any single-valued function of an even function is even, and 
hence that for any continuous function F(u), the result of problem 1 applies to 
F(x?) and F(cos 5). 

4, Prove that the product of any number of even functions and an odd 
number of odd functions is odd, and hence that the result of problem 2 applies to 
«F(x*) and «F (sin? x), where F(u) is any continuous function. 

5. For the integrals over the intervals ὁ — a,c; 6,0 + a; andc — a,c + a of 
a function such that f(c + x) = f(c — x): state and prove a result analogous to 
that of problem 1. Similarly, for a function such that f(e — 2) = —f(c + 2) 
deduce a result analogous to that of problem 2. 

6. A function is said to be periodic of period p if f(z + p) = f(z). Ἡ sucha 
function 15 integrable, show that for n any positive integer, 


7. Prove that any single-valued function of a periodic function is periodic. 
In particular show that if F(u) is any continuous function, F(cos x) and F(sin z) 
may be used in the result of problem 6 with p = 27 in all cases, and with p = π 
if F(u) is an even function. 


ὃ 
8. If f(z) is a continuous monotonic function, prove that | f(z) dz is between 
a 
(ὃ — a)f(a) and (ὃ ~ a)f(b). In particular, show that for positive values of p 


and q, lies between 2. 4 and 1. 


σπῸ sees 
o ὦ» + 1)2 
fg f(x) is a continuous monotonic function, prove that the integral 
f(z? — 2pr + 4) dx is between 2af(q — p*) and 2af(a? + q — p*). In 


»-α 


5 dz 
particular, show that J @— 4487 lies between 2. 4 | and 2-57". 
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4 | 
10. For f x dx, verify that the sum S, of equation (76), section 128, is 
0 


n(n + 1) a® 
ὩΣ ae a”, and hence —> 5 whenn— +0. 
ae α[π 
11. F foe : ΤΡ ΤΟΝ 
ΟΥ : ée* dz, verify that the sum S, is (65 — 1) nel — 1)’ and hence 


approaches e* — 1 when n— + oO, 


12. Calculate the sums S, for the integrals fe sin z dx and [ cos Ζ dx. 
0 0 


Hint: If the sums are S, and C,, C, + iS, is the sum for [ οἷ ἄχ, which equals 
0 
αοἷα!π 
n(e*/n — 1) 


13. Using examples 2 and 3 of Exercises I, verify that for { ἄπ αἱ, 
0 


(οἷ — 1) 


απ qmtt q@tt 
5, = (=> + Amn™ +-+- + ay) and hence = a | When n— +0, 
14. Calculate the sum S of equation (62), section 127, for points of sub- 


(a? — 1) 


* 8 @ 4 γ a’ — 1 
division x, = r*, for f τάχ. Answer: , which —> ——— when 
1 rel 2 


n—> + οὐ, where r” = a, so that r— 1. 


a 
15. As in problem 14, calculate S for x, = r* for f απ dx. Answer: 
1 


rm (gmt πες 1)(r nt 1) ae q™tl .-Ἰ 
a ened -- re 
(emt yp NS m +1 
antl -- | z 
16. Prove that lim —————— = logz. This proves that lim 2" dx = 
n——-1 n+1 πιῶ 


17. Let a,b be divided into n equal parts by n — 1 intermediate points z, = 


κ(ὃ — 
a+ a . Prove that for any integrable function f(z), the limit of the 


1 
average of the n values f(z;), asn—> +, is ar [ f(x) dx. Illustrate for 


b — a)? 
ΝΣ 


Ξε 7 - Hint: Identify with a sum 


f(x) = (ὃ — x)(x — a), for which the limit is ( 


us 1 
18. Prove that lim —_—— 
n—>-+00 ὦ Σ, n? + k? 


1 dk 
oximati ——-; 
approximating [ i+2 
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ΣΟ n 
approximating ia V1 — 2* de. 
0 


20. Prove that the limits in problems 18 and 19 are the same if the sums be 
taken from k = p tok = n + gq, instead of from k = 1 tok = n, where p and g 
are any fixed integral values. 


19. Prove that Hint: Identify with a sum 


τ 
4 . 


A(z 
21. If A(x) and B(x) are polynomials, show that ει dz contains a term 
B a log |z — ὃ] for each simple root ὃ of B(x). These terms give the complete 


evaluation if B(x) is of higher degree than A(z) and has all its roots real and _ 
simple. Hint: Use section 116. 


K 


dz 
22. Using problem 36, Exercises V, evaluate f 7: 


Τ᾽ 


Answer: A term 
1 1 : n—1 
= log |z — 1}, for n even a term — . log |x + 1], and-in all cases other 
ark 


b . ᾿ 
terms of the form 2R — log (x — bx), with b, = οἶα, a, = 7’ OF more 


Z — cos τ 


ΕΠ COS QE = 2 2 * -ἰ 
explicitly, log 1 2χ COS GQ, +- ν Ϊ a SIM a, tan Ϊ sin Oty 


23. A curve whose equation is f(z,y) = 0 is said to be unicursal if the equation 
can be identically satisfied by putting 2 and y each equal to a rational function of 
a parameter ¢, and these functions give all points (x,y) of the curve. If, for the 
range considered, f(z,y) = 0 defines y in terms of z, and R(z,y) is a rational 

Φ 


function of z and y, show that the integral f R(x,y) dz is rationalizable. 


24. If f(x,y) is ἃ polynomial of the nth degree, and xo,yo is a multiple point of 
the (n — 1)st order, then f(z,y) = 0 is the equation of a unicursal curve as 
defined in problem 23. Hint: Any line y — yo = t( — 20) will cut the curve in 
at most one point distinct from 20,yo, so that if we eliminate y between the two 
equations, we shall have a first degree equation inz. Thus z and hence y may be 
expressed rationally in terms of é. 

25. If P,(x,y) is a homogeneous polynomial of the nth degree, and Py_1(z,y) is 
a, homogeneous polynomial of the (n— 1)st degree, then P,(z,y) + Pn_1(z,y) =0 
is the equation of a unicursal curve. The cubic z* + y* = zy is an example. 


t 
Hint: Use problem 24, with (x0,yo) = (0,0). For the cubic, y = tz, 7 = i-e ’ 
ἫΝ 
er. 


26. The curve f(x,y) = Ois unicursal if the equation obtained by eliminating y 
from f(x,y) = Oand y = mz + tis of the first degree inz. This is analogous to 
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the situation of problem 24 with the multiple point “ at infinity in the direction 
¥ — 


: : 1 
οἷν = mx.” In fact, the projective transformation X = ἌΣ Y= takes 


f(x,y) = 0 into F(X,Y) =0 of the form described in problem 25, since 
y = mx +t becomes Y = iX. 
27. Use the procedure of problem 26, with y=x+# to rationalize 


δ 
νία — y)* = x, and hence show that when this relation holds, [ 
ξ log |(@ — y)? -- 1]. , 

28. For a conic, πὶ = 2, and in place of the multiple point of order n — 1 of 
problem 24, we only need a simple point, so that any point will do. If y? = 
ax* + br +c, and yz = azz + ὕχο +c, show that y — yo = t(x — 2p) leads to 


2— 3y 


te ern 
a substitution that will rationalize f R(z, V ax? + bx +c) dz. In particular, 


when c > 0, one possibility is rp = 0, yo = Ve and y= Ve+ tx. 

29. In problem 28, if a > 0, show that we may apply the method of problem 26 
with m= Va, and use y= Var-+i# to rationalize the integral of 
R(x, V ax? + δὰ +c). 

30. Show that if a curve is unicursal, its inverse curve under the transforma- 
tion of problem 15, Exercises V, is also unicursal. In particular, for the lemnis- 
cate (x? + y?)? = (4? — y?), express x and y rationally in terms of ἐ by applying 


: 2 2 ΝΡ t(? + 1) 
problem 29 to the inverse curve Y? = X* — 1, obtaining z = — ae 
t(t? — 1) 
and y = oT - Hence show that when z and y are related by the equation 


of the lemniscate, 


ΓΞ. 3 = 2log a 
y(a? + y? + ἢ) ety? 

31. Prove that, if g(x) can be integrated m + 1 times in explicit terms, the 
integral of x"g(xz) can be found by m + 1 integrations by parts. Hint: Write 
g(x) = f π τι), and use induction. 

32. If g(x) can be integrated m + 1 times in explicit terms, the integral of 
g(x) times any polynomial in z of degree at most m can be found by integrating 
by parts. Hint: Use problem 31. 


33. Assuming that f g(x) dx = f(x), a known function, show that the 

integral of the inverse function g(x) oan be found explicitly. Hint: 
iz Ψ 

y= σι), [σι ἀν = [ve ἂν = ful") ἀν. Now use prob- 


lem 31. 
34. Let y = f—'(x) be the inverse of a function f(y) which is a polynomial in 


any number of variables, each of which is y, e*¥, sin by, or cos by. Show that if 


ye 
P(z,y) is any polynomial, then f P(x,y) dz can be evaluated in terms of ele- 
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mentary functions. As particular cases we have y = logz, y = sin“'z, y = 
μη 


cos! z, y = sinh! z, and y = οοβῃ ἢ. Hint: If x = f(y), f Piz,f(a)] dz = 


y 
Plf(y),y\ f’(y) dy, an integral discussed in section 139. 


35. If R (cosz, sinz,y) is a rational function of the three variables, and 
y?=a+bcosxz+csinz, show that the integral of R is in general an elliptic 


integral. Hint: Putt = tan > as in section 138. 


36. Show that ifc = 0 διὰ ὃ = +a, orifb =Oandc = = a, the integral 
of problem 35 is rationalizable. 

37. Using an argument similar to that of section 142, show that the integral 
of R(z,y), any rational function, with y? = a + δὰ +c may be ee to the 


calculation of integrals of the form fF fs —, and {<= This 
(a — ny 


procedure is often preferable to a direct ΠΝ Ἐ ΕΝ of the original function, 
since these three forms may be treated as in the next four problems. 
38. If a + 0 in problem 37, verify the reduction formula 


fests fe 
y a 2a y 


dx --1. 2 +- b 
bx f= = —== sin~' —_—-——— if a < 0; and that 
, y --α Vb? — 4ac 


= de 1 -......«ὕὕΨτὕὔὸὖϑ0Ἅ ΧὅΧὍὕὅὕ0.0.55Χ.0ἀπΞ.θ..»ἍΧκπ0........ 
{ ΟΣ + Valet + ie +6) [16 0. 


40. If y? = ατὖ + br +c, andr is real, show that the substitution z = r — 1 
Ζ 


7 dz 
will reduce the integral f ES to an integral in z of the type evaluated in 


Τὴν 
problem 39. 
41. If y? = ax + br + ὁ, a 56 0, and r is not real, the sum of the conjugate 


terms 
‘i; oe @—ry 2 = 


(sx + ὃ dx 
(2? + p'x + φγν a(x? + pz + 9) 


real. Prove that the transformations used in section 141 to reduce the expression 
in equation (144) will reduce this integral to 


may be written as [ with all the constants 


. 2 dz dz 
‘| wou (A’e? ++ ΒΜ A2+ 8B (A’224+ ΒΝ AZ +B 
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If Az? + B = ?? in the first integral, and A + = = ἐξ in the second, the new 
Ζ ἷ 


. f' dt ᾿ : 
form is f EP LF ’ which may be evaluated as in section 137. 


42. Show that the integrand R(z, V ax + ὃ, V cx +- d) may be rationalized. 
2 2 
Hint: Putaz +b = ΠΟΙ i) andcr-+d=cA (: - ἢ if α and c have the 


: dea 1 : 
same sign and if this makes A = ᾿ (: - ‘) have the same sign as a and 6. 
a ec 
Otherwise reverse the sign of A by interchanging a, ὃ andc, d. If a andc 


τὰ a he 2t 1-—?\? 
have opposite signs, put az + b = aA (; τ 3) and cx a3 d=-cA (: it =) ) 


δ 6d 
choosing the notation so that A = -- — - - nas the same sign as a and —c. 


43. Show that the integrand 2 (. ΝΥ ay mY a +s) may be rationalized. 
pr + q pr + 


Hint: Puty = : 
pe + 


and then use problem 42. 


Eo 
44. Show that f (ax + b)?2* dx, where p and qare rational, can be ration- 


alized if p,q or p + q is an integer. Hint: The first two cases reduce to one 
treated in section 1388. When p + q is an integer, the integral is reduced to this 


case by putting ¢ = a + ων 
Ζ 
“Ὁ 
46. If n is a positive integer, show that [ χ ἡ e* dy may be reduced by 


successive partial integration to the exponential integral f & dx. 
x 
46. If a,—-1 = a(x) + Oin problem 8 of Exercises IV, show that W = Woe4, 
ΖΦ . 
when A(z) = f a(x) dz and Wy is the value of the Wronskian W at x. This 


Xo 
proves that if W γέ Oat one point 2p, it is always distinct from zero. 


47. Show that an elliptic integral of the third kind with ἃ = Ὁ in (140), or 
r = 0 in (189) may be expressed in terms of elliptic integrals of the first and 
second kinds. Hint: Use (169) with M = —1. 


CHAPTER VII 
INTEGRABLE FUNCTIONS 


In the last chapter it was proved that a sufficient condition for a 
function to be integrable is that it be continuous. We here derive 
several necessary and sufficient conditions for the integrability of a 
bounded function. 

These conditions enable us to show in particular that a bounded 
function continuous at all points of an interval with the exception of a 
finite, or enumerably infinite, number of points is integrable. We also 
show that monotonic functions are integrable and that a class of func- 
tions related to them, the functions of bounded variation, are integrable. 

146. Integrable Functions. In section 121 we defined a bounded 
function f(z) as integrable on the closed interval a,b, if 


§ = Σ ses (1) 


approached a finite limit for any sequence of subdivisions of the interval 
a,b such that 64 — 0, and if this limit was the same for all sequences. 
We recall that the subdivisions were determined by points: 


a= τὸ <<a 4.." «ας --ὖ, (2) 
that 
6; = σι — 2%, and that ὃμ = max (6,), (3) 


while the ἔξ; were any values such that | 
ti 3 ἔι 5 xy. (4) 


147. Upper and Lower Integrals. Let the function f(x) be bounded 
on the closed interval a,b. Then, by section 31, it has a greatest lower 
bound m and a least upper bound M for this interval. Similarly, in 
each closed subinterval x,;_1,x;, f(x) has a greatest lower bound m; and a 
least upper bound M;, with 


msmsM;s M. (5) 


For any subdivision (2), we define the upper sum by 


s=¥ Μιᾷ. (6) 
t=] 
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Since all the δ᾽ are positive, 


S = LY M6; = X més; = m(b — a). (7) 

ἐπὶ i=1 
Thus all the possible values of δ᾽ are bounded from below, and so by 
section 10 these values have a greatest lower bound f. We call 7 the 
- upper integral of the function f(z) for the interval a,b. We shall prove 
that for any sequence of subdivisions for which 


ὃὁμ -οῦ, wehave S—I or f f(x) dz, (8) 


the last expression being an alternative notation for [ in which the 
function and interval are indicated. 
We first consider a function for which m > 0, and hence M > 0. 
From the definition of [ as a greatest lower bound, there is some sub- 
division whose upper sum δ΄ is such that 


Is SS’ sIt+e (9) 


for any positive ει Suppose that the subdivision which has S’ as its 
upper sum has N subintervals, and designate the points of subdivision 
by 2x; and the length of the jth subinterval by δ. 

Now consider any subdivision with 54 = η, and let its upper sum be 
S = ΣΜι,δ.. We separate this sum into two parts, 81, the sum over 
those intervals which do not include any point x} as an interior point, 
and S2, the sum over those intervals which do include one or more points 
z; as interior points. Since there are only N — 1 interior points 2/, the 
sum 5, contains less than N terms. For each of these terms M, is at 
most M, and ὃ; is at most 7. Hence we have: 


SoS NM. (10) 


Each term of 8; corresponds to an interval consisting entirely of 
points of some one closed subinterval 2;_1,2;. Let the term of §’ for 
this subinterval be Μ|δ). Now consider all those terms of 5,,M;;8;; 
where 17 is a notation for those values of 7 such that 


’ 7 
“Ὁ᾽--λ S%j1<2; 38 Uj; (11) 


for any one j. Since the intervals 2;;_1,7;; for a particular j are sub- 
intervals of the jth interval, and have no common interior points, we - 
have: | 
| Σ δ; Ξ ὃ; and M,; Ξ Mj. (2) 
i 
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But 6;;>0, and Μ|; Ξ πι 0, and hence: 
Σ Μιδὼ 5 Μ; Σ δὼ 5 Μ᾿. (13) 
By summing this for all values of 2, we find: 
8, Ξ 8. (14) 
From the relations (10) and (14) we may deduce that: 
S=8,+ 8 Ξ δ'  ΝΜη. | (15) 
Again, from the definition of I as a greatest lower bound, 
Is 8. (16) 
From the relations (16), (15), and (9) we have: 
Is SsI+e+NMn. (17) 


For any positive e, the subdivision with upper sum S’ determines the 
number N. If we then take any subdivision with 


: | 
iu =n< ΝΜ’ (18) 
we shall have: - 
ΙἸΞ ΞΪΞ2ε, or [ὃ -- "| S 2ε. (19) 
The last two equations show that: 
lim § = ὦ, (20) 


for any sequence of subdivisions for which 5, — 0, as we set out to prove: 

If m S 0, we replace f(x) by f(z) +k, where m+k>0. Then 
5 and 7 are replaced by  - k(b — a) andi +k(6— a). The result, 
lim ὃ = 7 for f(x), then follows from the corresponding result for 
f(z) + k. 


We define the lower sum by: 
S = Σ, mpi. (21) 


By reasoning as before, it may be proved that all the possible values of 
S have a least upper bound, J, and that, for any sequence of subdivisions 
for which 
b 
ὃμ —0, we have Κὶ -ο- 1 or] f(x) dz. (22) 
We call the last expression, or J, the lower integral of the function f(z) 
for the interval a,b. It follows from the relations (5), (6), and (21) that: 


δ Σ S. (28) 
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From this and the relations (20) and (22) we have: 
ΪΙΣ 1. (24) 


This explains why we designated I, a lower bound, as an upper integral. 
It also follows from the definitions (1), (6), and (21) that 


5.5 ΒΚ 5. (25) 


1] = J, we may apply the last theorem of section 23 to this relation, 
in view of equations (20) and (22), and so conclude that, when 5 — 0, 
lim S = 1 =]. Thus the function is integrable, and the integral J is 
the common value of 7 and J. 

We may also prove a converse result. We first note that, for any sub- 
division determined by points (2), we may find points £; such that 


M;-1<f&) SM, (26) 


by the definition of M; as a least upper bound, where 7 is any positive 
number. For such a choice of the points £;, we have 


ὃ -- πη « Καὶ ὅδ. (27) 


Next consider any sequence of subdivisions for which ὃμ —0. Let ε 
be any positive number, and take ἡ = ¢/n in the relation (27) for each 
subdivision. We thus determine a sequence of sums S which satisfy 


S—e<SSs58. (28) 


Now suppose that the function f(x) is integrable on the interval a,b. 
Then when ὃμ --ῷ, S—J. But S—T,s0 that it follows from the last 
relation that 

T—e<I<sI, o I=I, (29) 


since eis arbitrary. Similarly we may show that J = J. Hence, when 
f(x) is integrable, [ = J. | 

We have thus proved the theorem of Darboux that: 

A necessary and sufficient condition that a bounded function be integrable 
on an interval is that, for this interval, its upper integral has the same value 
as its lower integral. 


In this case, the integral of the function equals the common value of 
the upper and lower integral. 

148. Outer Content. Let P be a set of points on the interval a,b. 
The function ¢(z), which is equal to 1 if z is in P, and equal to 0 if zis not 
in P, is called the characteristic function of the set P. The upper integral 
of ¢(z) for the interval a,b is called the outer content of the set P. We 
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denote it by C, or C(P) when more than one point set is to be considered. 
Thus C is the greatest lower bound of all sums 


8 = z= M38;, (30) 


formed for the function ¢(x), using some subdivision determined by 
points (2). But, for any closed subinterval 2;1,2; the M; for the 
function ¢(z) is 1 if this interval contains any points of P, and the M; is 0 
if the subinterval does not contain any point of P. This shows that 8 is 
the sum of the lengths of those subintervals which include points of P 
as interior or end points. 

We shall now show that the outer content is determined by sums of 
lengths of intervals of a less restricted character. Consider any finite 
number of intervals, F. These intervals may contain points not on the 
closed interval a,b, may be open or closed, and may or may not overlap. 
By the length of the set of intervals F, we mean the sum of the lengths 
of the separate intervals belonging to F. We denote it by L. We shall 
say that any set of intervals F includes the point set P, if each point of 
P is an interior or end point of at least one interval of F. 

For any set of intervals F, which includes the point set P, we may form 
a subdivision of the closed interval a,b by the following process. Let 
a; be the end points of intervals of F. There is a finite number, N, of 
such points. Select any positive number e less than the minimum dis- 
tance between any two distinct a;, and put η = «/2N. Now usea, ὃ and 
all the points a; — ἡ and a; + ἡ which belong to the open interval a,b 
as points 2; of a subdivision. 

For this subdivision, and the function ¢(x) for the set P, we may form 
the upper sum, S of equation (30). We separate this sum into two 
parts. Let δι denote the part of the sum for those intervals which do 
not include any point a;, and 8, denote the part of the sum for those 
intervals which do include at least one of the points α;. Since there are 
at most N intervals containing points a,, it follows from the choice of ἡ 
and ε that: ᾿ 

S. 3 2Nn 3 ε. (81) 


Since every point of P is in some interval of F, and the intervals giving 
terms in 5; include no end points of the original intervals of F, or points 
a;, every interval of the subdivision whose length appears in the sum 
δὲ multiplied by 1 is entirely contained in some interval F. Moreover, 
if several such intervals are contained in the same interval F, since they 
do not overlap or abut, the sum of their lengths is less than the sum of 
this interval F. This shows that: 


$s 1. (32) 
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Consequently, we have: 
S=8+5sL+e and ΠῈΣ ὃ -- εὌ (33) 


The length L of any set of intervals F including the point set P is posi- 
tive. Hence the values of L admit zero as a lower bound and hence 
have a greatest lower bound L’. Since any sum S is the length of a set 
of subintervals which may be regarded as a set of intervals F including 
the point set P, and C is the greatest lower bound of the values of καὶ, it 
follows that: 

L = C, (34) 


But if we take a set of intervals F for which L < L’ + ε, and form the 
sum S which satisfies the relation (33), we shall have: 


ΠΡΊΙ-ποεξ 8 -- 28 Ὁ -- 2%. (35) 
Since eis arbitrary, it follows from this relation that 
L'2C. (36) 
The relations (84) and (36) can only hold together if 
L’ = Ὁ. (37) 


This leads to an alternative definition of the outer content of the point 
set P, as the greatest lower bound of the lengths of all finite sets of intervals 
including the point set P. 

149. Zero Content. We have used the term outer content because, 
in treatments of integration more complete than that given here, an 
inner content is defined. The inner content is shown to be less than, or 
equal to, the outer content for all sets. The term content is reserved for 
those sets with the same outer and inner content. When the outer 
content is zero, the inner content is necessarily zero, and the set has con- 
tent zero. Thus we shall use the term zero content in place of outer 
content zero. 

Let f(x) and g(x) be two functions defined on the interval a,b. Let 
them both be bounded, so that for some M, 


If(z)| < Mand = |g(x)| < M. (38) 
Suppose further that f(z) = g(x) for all values of x on the interval a,b 
which do not correspond to a point of a certain point set P. Then if 


(x) is the characteristic function of the set P, and we denote the func- 
tion for which a sum is formed by a subscript, we shall have: 


5, — 8,| s2MS8, and |S, — S,| Ξ 2M8,. (39) 


Art. 150] OSCILLATION OF A FUNCTION AT A POINT 245 


If both functions are integrable, we have from either equation 
1, — 1 5 2MC(P), (40) 


by considering a sequence of subdivisions for which 54 — 0. 
If the set P is of zero content, we may conclude from the equation (39) 
that | 

I,=T1, and I, = Ij. (41) 


This shows that, if one function is integrable, the other is also, and the 
integrals are the same. 

This leads us to extend the definition of integration to functions 
defined at all points of an interval a,b except a set of zero content. If 
such a function has an integral when we use zero as the value of the 
function at the points where it is not defined, we say that the function is 
integrable over the interval a,b. By the result just proved, the function 
will have the same integral if we use any set of values having an upper 
bound in place of zero for the set of zero content. 

150. Oscillation of a Function at a Point. The oscillation of a 
bounded function in an interval was defined in section 31 as M — m, 
the excess of the least upper bound over the greatest lower bound for the 
interval. 

Consider now a bounded function f(z) for values near x. Let 

lim f(z) =f and lim f@) =f. (42) 
T—P2X 2: 
Then, for any positive ε, in any interval including the point xo as an 
interior point and of sufficiently small length, h < 6,, for all values of 
x x Xp we shall have: 


f(z) «τς f@)>f—e (43) 
Also, for any positive ἡ, for some value z’ in the interval of length ἢ, 
716 »}-- η, f@')<ft+n. (44) 


Now let Mo be the larger of f(2o) and f, and mo the smaller of f(xzp) and 
1. Then the oscillation for the small interval including zo cannot 
exceed 
M 0 —~ Mo + 2ε, (45) 
and is at least as great as 
Mo — πιο — 2n or Mo — ™, (46) 


since 7 1s still arbitrary after « has been fixed. Thus, for any sequence of 
intervals, including τὸ as an interior point, whose lengths approach zero, 
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the oscillation approaches Mp — mp. This is called the oscillation of 
the function at the point xo. 

Since any interval including the point zp as an interior point includes a 
point x’ for which the relation (44) holds, for this interval we have: 


M>Mo-—1, m<m+y, (47) 
and 
M—m>My—m —2n or M—m2 My — mM, (48) 


since 7 is arbitrary. This leads to an alternative definition of the oscilla- 
tion of a function at a point, as the greatest lower bound of the values of 
the oscillation of the function for all intervals including the point as an 
interior point. 

If the function is continuous, f = f = f(zo), so that My = mo, and the 
oscillation is zero at the point. Conversely, if Mo = mo, it follows from 
Mo = f (zo) 2 mo that f(x) = Mo = m =f =f, and the function is 
continuous. Thus: 

A necessary and sufficient condition that a function be continuous at a 
poini is that the oscillation at the povnt be zero. 


In applying the definition of oscillation to the left end point a of a 
closed interval, we use right-hand upper and lower limits, or intervals 
having a as a left-hand end point. Similarly for the right end point b. 
The theorem then applies to such points, in view of our conventions as to 
continuity at the end points of a closed interval. 

161. A Condition in Terms of Content. We shall now prove the 
theorem of Jordan: 


For a bounded function to be integrable on an interval, it 1s necessary 
and sufficient that the outer content of every point set P, be zero, where P, 
as the set of points on the interval at which the oscillation of the function 18 
greater than or equal to ε, any posite number. 


We first prove the condition sufficient. We select a positive «. Since 
the outer content of the point set P, is zero, the point set P. may be 
included in a finite set of intervals F, such that the length of the set F, 
or sum of the lengths of the separate intervals L, is less thane. If the 
set F contains N closed intervals a;,b;, we replace each such interval by 
the open interval a; — «/2N,b; + «/2N. In this way we obtain a set of 
open intervals F’, such that the length of the intervals F’ or L’ is less 
than 2e, and the set of intervals F’ covers the set P. in the sense of 
section 11. 

We next consider the set of points Q, those points of the closed inter- 
val a,b which do not belong to P,. Since the oscillation of the function 
at any point 2% of the set Q is less than e, we may include 2p in an open 
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interval Gy such that the oscillation of the function in this interval is less 
than 2e. Let G be the infinite set of all:such intervals Gp. Then, since 
G covers Ὁ, and F’ covers P, the set of intervals G together with the 
intervals of F’ cover all the points of the closed interval a,b in the sense 
of section 11. Therefore, by the Heine-Borel theorem, we may select 
from these a finite number of intervals G’ which cover all points of the 
closed interval a,b. Let the end points of the intervals G’ be a’. There 
is a finite number N’ of such points. Let 7 be a positive number such 
that 2N’n is less than ε. We now take a,b and the points a; — η and 
a; + ἡ which belong to the open interval a,b as the points 2; of (2) used 
to form a subdivision. We distinguish three types of subintervals. Let 
H; be those subintervals which include at least one point αἱ as an 
interior or end point. For any one a; the single interval including it, 
or the two abutting intervals having it as an end point, must form all or 
part of the interval a; — 7,a; + ἡ, whose length is 27. Hence the total 
length of subintervals, H, is at most 2N’n, which is less than e. 

Any subinterval not H, may be included in a single interval G’, since 
it contains no end points of intervals G’, or points a;. We denote by He 
those subintervals not H, which may be included in intervals of G’ 
which are also intervals of F’. Since the subintervals do not overlap, 
the total length of the subintervals ἢ can not exceed the total length of 
intervals F’, or L’ which is less than 2e. Finally we denote by H3 those 
sibingervale not H; which are not Hz. These may be included in inter- 
vals of G’ which are not intervals of F’, and hence must be intervals Go, 
in which the oscillation of the function does not exceed 2e. 

Let us now form upper and lower sums for our subdivision, 


S= IMs, S = Σ πιδ;. (49) 
We have, accordingly, 
ὃ -- αὶ - L(M; -- πιρ)δ;. (50) 


For the intervals H3, the oscillation M; — m; < 2e, and as the total 
length of these intervals is less than b — a, we have 


2e(b — a) (51) 


as an upper bound for the contribution to the sum (50) from the intervals 
H3. For the intervals H, and Ho, the oscillation is at most M -- m, 
and as already observed, the total length of the intervals ΠῚ and ἢ. 
together is at most ε + 2ε or 3e. Thus we have: 


3e(M — γι) (52) 
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as an upper bound for the contribution to the sum (50) from the intervals 
H, and H,. This shows that: 


ὃ — S < 2e(b — a) + 3e(M — m). (53) 


This inequality will still hold if, instead of the subdivision just used, 
we use any subdivision obtained from it by introducing new points 
x; and retaining all the old ones. We may do this in such a way that 
ὃμ — 0, and so deduce that: 


I —~I S 2(b — a) + 3e(M — πηι). (54) 


Since ¢ is arbitrary, it follows from this relation that  -- J = 0, and the 
function is integrable by the theorem of Darboux in section 147. This 
proves the condition sufficient. 

To prove the condition necessary, let C, denote the outer content of 
the point set P.. Now consider the sums S and S for any subdivision. 
From the definition of oscillation at a point as a lower bound, for any 
subinterval G including a point of P, as an interior point the oscillation 
for the interval is at least ε, and M; — m; 2 εἰ But, the only points P, 
not included as such interior points are those which are end points of 
subintervals. As there are only a finite number of subintervals, say N, 
we may include them all in a finite set of intervals G’ of total length η, 
by taking each end point of a subinterval in an interval Go of length 
n/2N. If the total length of the intervals G is L, the intervals G together 
with G@’ have a total length L + ἡ at most. But they include all the 
points P,. Hence, from the definition of ὦ as a lower bound, we have: 


L+tn2zC., or L2C, (55) 
since 7 is arbitrary for any particular subdivision and fixed e«. The con- 
tribution from any interval to the sum: 3 

S—S= XM; -- πιῇ δι» (56) 
is positive or zero. But the contribution of the intervals G, which 
have a total length L = Ὁ, and for which M; — m; > «, is at least 


eC, (57) 

so that: S82 ἫΝ (58) 
Since this is true for all subdivisions, it follows that: 

I-I2c&,, (59) 


for every positive number «. Since C, is necessarily positive or zero, 
if it were not zero for all values of ε, we should have f — J > 0, and the 
function would not be integrable. This proves the condition necessary, 
and completes the proof of the theorem. 
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152. Exterior Measure. The condition of integrability is simpler 
when stated in terms of exterior measure, which we shall now define. In 
the definition of outer content as a lower bound, finite sums of intervals 
were used, and the sum of their lengths was called the length of the set. 
For exterior measure, use is made of infinite sequences of sets of intervals, 
each set of which includes all the intervals in the preceding set and some 
additional intervals. Each set H, contains a finite number, N, of inter- 
vals, However, the number N will increase indefinitely as n increases. 
If Ly is the length of H,, then Ly increases with n, so that either 


lim Ly = L, or lim Ly = +. (60) 


We may form an enumerably infinite set of intervals Z,, by starting 
with the intervals in H, arranged in some order, then using the intervals 
in Ης, but not in H1, in some order, and so on. If we denote the length 
of the first k intervals by L,, this will be consistent with the definition of 
Ly, since the first N intervals make up Hy. Since, for any k, we may find 
two numbers N and N’ such that N S k S N’, it follows that: 


Iy ΞΙ S Ly, and lim J, = lim Ly. (61) 


Thus the sequence of sets of intervals with ΗΠ’, made up of the first n 
intervals [;,, is made up of the same intervals as the original sequence of 
sets H,, and has the same length. It has the further property that each 
set includes just one more interval than the preceding set. We refer to 
the sequence of sets of intervals H/, as the set of intervals J;, and call L 
the length of the set of intervals. 

For any set of points P on a finite interval a,b there are finite or 
enumerably infinite sets of intervals I;,, which include the points of P in 
the sense that every point of the set P is a point of at least one of the 
intervals I;. Some of these sets of intervals have finite length L, since 
the single interval of length ὃ — a is one such set. Since these finite 
lengths L are all positive or zero, they have a greatest lower bound, which 
we call the exterior measure of the set of points P. That is: 

The exterior measure of a set of points P on a finite interval is the 
greatest lower bound of the lengths of all possible finite or enumerably infinite 
sets of intervals which include all the points of P. 

This only differs from our second definition of outer content in includ- 
ing the possibility of an enumerably infinite set of intervals. Since we 
are retaining the possibility of using the finite sets considered in deter- 
mining outer content, it follows that the greatest lower bound from the 
new definition will be less than or equal to that found before. Thus, if 
we use M or M(P) to denote the exterior measure, we have 


MsC. (62) 
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163. Zero Measure. For reasons similar to those mentioned in 
section 149, we refer to a set of exterior measure zero as a set of measure 
zero. As a preparation for the proof that certain combinations of sets 
of measure zero are again sets of measure zero, we discuss a property of 
enumerable sets. 

In section 2 we defined a class of objects as enumerable if it could be 
arranged in a single discrete sequence. ‘Thus a finite set of intervals, or 
an enumerably infinite set of intervals J;, is an enumerable set of inter- 
vals. Now consider an enumerable number of enumerable sets of 
intervals, I;;, For each 7, ὁ = 1, 2, 3, --- gives an enumerable set of 
intervals. The enumerable set of sets is obtained by taking 7 = 1, 2, 3, 

For each positive integer k, the intervals 711), with? + j = k, form 
a finite set of intervals F,. If we arrange these in order of increasing k, 
and then arrange the intervals of each set F; in order of increasing 2, all 
the intervals I;; will be enumerated: 
π 119, 121; Tia, L22, [313 L14, L203, 132, L413 ++. (63) 
This shows that an enumerable number of enumerable sets of intervals 
may be enumerated. Compare Exercises I, problems 12 and 13. If fora 
particular j, the set of intervals I; is finite and has N; intervals, we omit 
from the sequence (63) all 1;; for this 7 with 7 greater than N;. Again, 
if the number of sets is finite, say N’, we omit all intervals J,;; with j 
greater than N’. The sequence of intervals (63) will be enumerably 
infinite unless we have a finite number of finite sets. 

Next consider an enumerable number of sets of points, P;. Let each 
set P; be of measure zero. We may form a composite set P, consisting 
of all points which are in at least one of the sets P;. We shall now prove 
that the set P is also of measure zero. 

Since the set of points P; is of measure zero, it may be included in an 
enumerable set of intervals whose total length L; is less than ¢/2’, where 
eis any fixed positive number. Call the intervals of this enumerable set 
I,;;. Then the totality of intervals I;; may be enumerated as in (63). 
We may use this sequence of intervals to form a sequence of sets of inter- 
vals Hn, by taking 14: as H1, [τι together with the parts of 112 not in Jiy 
as Hz, andsoon. Then for any n, H,, consists of parts of a finite num- 
ber of intervals J;;._ If N is the largest value of j for any of these, the 
sum of the lengths of all these intervals J;; used in forming Hf, will not 
exceed: 


1 
τι + Ig ἘΠ Ἐν τ ἘΣ το the e(1 a) <e (64) 


Thus the length of any set H,, will not exceed e, and hence the length of 
the enuumersble sequence of sets H, will not exceed ε. But there is an 
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enumerable sequence of intervals with the same length as the sequence 
of sets H,, and which includes each point in any of the H,. Thus it 
includes each point in any of the intervals J;;, and hence each point in 
any of the sets P;. This shows that the composite set P may be included 
in an enumerable set of intervals of total length at most «. But ε is 
arbitrary, so that the measure of the set P is zero. 

We have thus proved that: 

The set consisting of all points in at least one of an enumerable number of 
sets of points, each of which is of measure zero, is again of measure zero. 


Since a single point may be included in an interval of arbitrarily small 
length, it is of measure zero. Hence a set consisting of an enumerable 
number of distinct points is of measure zero. In particular, any set 
containing only a finite number of points is of measure zero. 

Again, consider a set made up of those points of the closed interval 0,1 
whose codrdinates z are rational numbers. These form a set of measure 
zero, since they may be enumerated by the method used in section 2. 
This set illustrates the possibility of inequality in the relation (62). For, 
if we divide the unit interval into subintervals in any way, every sub- 
interval will contain rational points, so that the outer content of this set 
is unity. Thus for this set M = 0, but C = 1. 

154. Closed Sets. A closed set of points was defined in section 12 
as one which contained all its limit points. We shall now prove that, 
whenever the set of points P is closed, the exterior measure of the set P 
is the same as the outer content, so that we have, in place of the relation 
(62), 

M = C for closed sets. (65) 


We first observe that, from the definition of M as a greatest lower 
bound, there is some enumerable set of intervals including all the points 
of P whose total length L satisfies: 


Ms<L<M+. (66) 


for any positive ε. Let us fix ε, and determine an enumerated, non- 
overlapping set of intervals G of this character. Some of the points of P 
may be end points of intervals G. If we replace the nth interval of G, 
with end points a;,b,, by the open interval αἱ, — ¢/2",b, + «/2", we 
obtain a new set of intervals G’ such that every point of P is an interior 
point of an interval G’, and the intervals G’ cover the set P in the sense 
of section 11. It follows, from the modified Heine-Borel theorem of 
section 12, that we may find a finite subset F’ of intervals G’ which 
covers the set P. Thus the points of P are included in the finite set of 
intervals F’. 
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Let us denote by F the finite set of intervals G associated with those 
intervals of G’ which are in F’, and let E denote the finite set of intervals 
added to the ends of the intervals F to form the intervals Γ΄, Each 
interval of F, as an interval G, may be associated with a positive integer 
which gives its place in the enumerated sequence. As there are only a 
finite number of such integers, there is a largest one, say N. If L, is the 
total length of the first n intervals G, we have 


Ly, SIn41 and lm ZL, = L, (67) 
so that: 
Ly Ξ 1. (68) 


Also, if 10. is the total length of the intervals added to the first n intervals 
G to form the corresponding intervals G’, we have by reasoning, as in 
equation (64): 

Li < 2e forall n. (69) 


Since the intervals of the set F’ are all among the first N intervals @’, 
we have for the total length of the intervals F’, or L(F’): 
L(F’) S$ Ly + Ly SL +2. (70) 


But, from the definition of C as a lower bound of finite sets of intervals 
which include all the points of P, we have: 


Cs L(F’), (71) 
and hence from the relations (70) and (66), 
CsLt+25M+4+3e, or CM, (72) 


since € is arbitrary. This, combined with the relation (62) shows that 
C = M for any closed set P, the relation (65) which we set out to prove. 

155. Closure. If we take any point set P, and designate by P’ the 
set consisting of all the limit points of P, then the set consisting of all the 
points which are in either P or P’, or in both, is called the closure of the 
set P. We denote it by P + P’, and shall prove that it is always closed. 
For, if Q is any limit point of this set, any open interval which has Q 
as an interior point will either contain points of P, or points of P’. But 
any open interval which contains a point of P’ contains a limit point 
of the set P and hence points of P. Thus any point Q is necessarily 
a limit point of the set P, and therefore a point of the set P’. Hence the 
set P + P’ contains all its limit points, Q, and is a closed set. 

Consider next any finite set of closed intervals F which includes all the 
points of P. We shall show that F must include all the points of P’. 
For, if x’ is any point of P’, we may select a sequence of distinct points 
of the set P, z,, such that lim χί = χ΄, 85 ἢ -- +. Since there are 
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only a finite number of intervals in the set F, some one must contain an 
infinite number of points x,, and hence the point x’, since the interval is 
closed. This proves that F includes all the points of P’. Since F 
includes all the points of P, it includes all the points of P + P’. 

Let us now consider C(P), the outer content of P, and also 
C(P + P’), the outer content of the closure of P. Since the set P + P’ 
includes all the points of P, any finite set of intervals which includes 
P + P’ includes P. Therefore: 


C(P) Ξ C(P + P’). (73) 


But, for any positive ε, we may find a finite set of intervals, F’ which 
includes P and with total length L, such that: 


C(P) SLs O(P) +e. (74) 


By adding the end points of these intervals to them, we obtain a finite 
set of closed intervals F with the same total length L. Since the set of 
closed intervals F includes the set P, it includes the set P + P’, and: 


C(P+ P’) SL. (75) 
Hence, from the relation (74), 
C(P+ ΡΞ (δὴ) +. or C(P +P’) Ξ C(P), (76) 


since ¢ is arbitrary. A comparison of the relations (76) and (73) shows 
that: 
C(P + P’) = C(P), (77) 


and the outer content of any set is the same as the outer content of tts closure. 

The set of rational points on the interval 0,1 provides an illustration 
of this theorem. Since every point of the closed interval 0,1 is a limit 
point of rational points, for this set P the set P’ contains all the points 
of the unit interval. Thus the closure of this set, P + P’, consists of 
the points of the unit interval, and C(P + P’) = 1, in agreement with 
equation (77) and the fact that C(P) = 1, which we proved at the end 
of section 153. 

156. A Condition in Terms of Measure. Given any function f(z), 
bounded on the closed interval a,b, and any positive ε, let ‘us consider 
P., defined in section 151 as the set of those points on the interval a,b 
at which the oscillation of the function f(z) is greater than or equal to e. 
We recall that the oscillation at a point zp is the greatest lower bound of 
the oscillations for all intervals which include the point zo as an interior 
point. If zo is a limit point of points belonging to P., every interval 
including 2p as an interior point will include a point of P,, and therefore 
the oscillation of f(x) for this interval will be at least «. It follows that 
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the oscillation of f(x) at the point xo will be at least ε, and 29 is a point 
belonging to P,.. This proves that the set of points P, is closed. 

Now let D denote the set of points of the closed interval a,b at which 
f(x) is not continuous. We shall prove that if the exterior measure of 
the set D is zero, the function f(z) is integrable on a,b. We showed in 
section 150 that if the oscillation of f(x) at a point is zero, f(x) is con- 
tinuous at the point, and conversely. Thus at any point D, the oscilla- 
tion of f(x) is positive. Conversely, any point at which the oscillation is 
positive is a point of discontinuity, and all the points of any set P, are 
included in the set D. Thus any enumerable set of intervals which 
includes the set D, also includes the set P, and: 


M(P.) Ξ M(D). (78) 
But, since the set P, is closed, by equation (65), we have: 
C(P.) = M(P.). (79) 


If now the exterior measure of D is zero, it follows from the last two 
relations that the outer content of P.is zero. As this is true for all ε, 
the function f(x) is integrable on the interval a,b by the theorem of sec- 
tion 151. 

We may show conversely that if the function f(x) is integrable, the 
set D has its exterior measure zero. To do this, we take ε = 1/n, where 
n is any positive integer, and consider the set P,.. Since f(x) is inte- 
grable, the set P, has its outer content zero. Hence by equation (79), 
its exterior Measure is zero. 

For n = 1, 2, 3, ---, the sets P with e = 1/n form an enumerable 
number of sets of measure zero, to which we may apply the theorem of 
section 153 to deduce that the set consisting of all points in at least one of 
these sets is of measure zero. But this set is the set D. For we have 
already seen that every point in any P, is a point of D, and at any point 
of D the oscillation of f(x),p, is positive. Since any positive number p 
exceeds 1/n when n exceeds 1/7, it follows that every point of D is in all 
the sets P. with sufficiently small ε, or sufficiently large n. 

Thus D is of measure zero when f(x) is integrable, as we set out to 
prove. This completes the proof of the theorem of Lebesgue: 


For a bounded function to be integrable on an interval, it is necessary and 
sufficient that the function be continuous at all points of the interval, with the 
exception of a set of points whose exterior measure 18 zero. 


Let g(x) be a function of x determined by an enumerable number of 
functions f;(x), i = 1, 2, ---, in such a way that g(x) is continuous 
whenever all of the f;(z) are continuous. Then if g(x) is bounded, and 
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all the f;(z) are bounded and integrable on the interval a,b, the function 
g(x) is integrable on that interval. 

For the points where any one of the functions f;(z) is discontinuous 
constitute a set D; of measure zero. By section 153, the set consisting 
of all points in at least one of these sets is again of measure zero. But 
g(x) must be continuous except at points belonging to one of the sets ἢ), 
and hence to this set. Thus, since it is bounded and continuous with 
the exception of a set of points of measure zero, it is integrable. 

In particular, the result applies to a finite number of functions f;(z), 
and shows that a continuous function of a finite number of integrable 
functions ts integrable if it is bounded. 

157. A Special Class of Integrable Functions. A set containing no 
points is considered to be contained in any interval, and hence to be of 
exterior measure zero. Thus the theorem of section 122 on the integra- 
bility of continuous functions is included in the result just proved. 

Again, it was shown in section 153 that aset consisting of an enumerable 
number of distinct points is of measure zero. Hence we have as an 
important special case of the theorem of the last section: 

A bounded function, continuous on an interval, or continuous at all 
points except a finite number, or an enumerably infinite number of points, 
us integrable on the interval. 


158. Monotonic Functions. Suppose the function f(x) is defined and 
monotonically increasing throughout the closed interval a,b in the sense 
of section 27. Then, 


ἴα Ξ τι 4χ. Ξὺ, f(a1) S f(2e). (80) 


In particular we have: 
f(a) S f(x) Sf), (81) 


for all points z of the closed interval, so that the function is bounded. 
From this, and the theorem of section 27, it follows that as we approach 
Zo, any point of the interval, from the left, a limit is approached, which 
we denote by f(zp—): 

f(mo—) = lim f(z). (82) 


_ Similarly, we use f(z 9+) to mean the limit from the right: 
f(mot+) = lim f(z). (83) 


Zyxt 
For the oscillation of f(x) in any closed interval xy — ἢ,10 + h, we 
have 


Το +h) — f(ao — h), (84) 
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as a consequence of equation (80). Hence, for the oscillation of f(z) 
at Zo, 85 defined in section 150, we have: 


$(to+) — f(to-). (85) 


Now suppose that there are N interior points x; of the interval a,b at 
which the oscillation of f(x) is at least e. From the relations 


f(@) Sf@-); flit) Sftini-); fw +) Sf), (86) 
it follows that: 


40) — fla) = Ne, and Ν 4379) - ΤΩ), 


€ 


(87) 


This shows that for any given e, there are at most a finite number of 
points in the sets P,. By starting with the points at which the oscilla- 
tion is 21, followed by those at which the oscillation is <1 and 21/2, 
and so on, we may enumerate all the points at which the oscillation is 
not zero. The points added at the nth stage are finite in number, since 
they are included in P,, withe = 1/n. Since the function is continuous 
at all points at which the oscillation is zero, this proves that: 


A function, monotonic on a closed interval, ts either continuous on the 
interval or continuous at all points except a finite or an enumerably infinite 
number of points. 


While we have stated the argument for monotonically increasing func- 
tions, we may either use a similar argument for monotonically decreasing 
functions, or replace f(z) by --7 (5). 

This result, combined with that of section 157, proves that: 

A bounded function 18 integrable on any interval on which it 1s monotonic. 


Or, since a monotonic function on a closed interval is necessarily 
bounded: 


A function monotonic on a closed interval is integrable on that interval. 


159. Functions of Bounded Variation. The sum of a monotonically 
increasing function and a monotonically decreasing function will be 
continuous unless one of the monotonic functions is discontinuous. 
Thus any such sum will have at most an enumerable number of dis- 
continuities, and so be integrable on any closed interval. 

We may characterize such functions in terms of the notion of variation 
of a function, which we proceed to define. For a function f(x) defined 
on a closed interval a,b we may form the sum 


υ = Σ Ife) -- f(a) (88) 
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for any points (2) of a subdivision of the interval a,b. If the values οὖν 
for all possible subdivisions are bounded, the function f(z) is said to be of 
bounded variation on the interval. In this case, v has a least upper 
bound, V, which we call the total variation of the function on the interval. 
Let p denote the sum of those differences f(2;) — f(x;1) which are posi- 
tive, and let —q denote the sum of those which are negative. Then: 


v=pt+4, (89) 
and 


τ Σ [Παρ -- f(i-1)] = 7:4) -- f(t) = f(b) — f(a). (90) 


It follows that: 
2Ρ τοὺ -Ὁ [(Ὁ) -- [(Ὡ)͵ and 2g =v+ f(a) — f(b). (91) 


Thus, if the sums v have an upper bound, the sums p and q also have an 
upper bound. We denote their least upper bounds by PandQ. From 
the equations (91) we see that a subdivision which makes any one of 
these numbers approximate its least upper bound does the same for the 
other two, and 
2P = V + f(b) — f(a), 20 = V + f(a) — f(b). (92) 
Now let v(x) be a number corresponding to v when we take the interval 
a,z in place of a,b. We may use the value x as one of the points of the 
subdivision used to calculate a value of v. Also all the terms in the sum 
for v in equation (88) are positive. Thus any subdivision of the interval 
a,x giving a value v(x) may be used with any subdivision of the interval 
τοῦ to give a value of v which is equal to, or greater than, v(x). This 
shows that if υ is bounded, all the sums v(x) are bounded, and the func- 
tion is of bounded variation on any interval a,x. If V(z) is the least 
upper bound for the values of v(x), for a given x, we have: 


Vie) <V. (93) 
Also, by using the reasoning with any x’ > z in place of ὃ, we see that 
Vic) Ξ Κα if τ: «τ΄. (94) 


Thus the function V (x) is a monotonically increasing function of z. 
Now denote the numbers corresponding to P and Q for the interval 
a,x by P(x) and Q(z). Then, asin equation (92), we have: 
2P(z) = V(x) + f(z) —f(@) and 2Q(z) = V(x) + f(a) — f(z). 
(95) 
The argument used to establish the relation (94) may be applied to the 
positive sums for p(x) and q(x), the analogues of p and ῳ for a,z, to show 
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that P(x) and Q(z) are each monotonically increasing functions of 2. 
Finally, from equation (95) we have 


f(x) = [f(@) + P(z)] — Ο(), (96) 


which shows that every function of bounded variation may be regarded as 
the sum of a monotonically increasing function and a monotonically de- 
creasing function. 

From this and the remark made at the beginning of this section, it 
follows that: 

Every function of bounded variation on a closed interval is integrable on 
this interval. 


Let us next show that on a closed interval every sum of two mono- 
tonic functions is of bounded variation. We first note that if f(x) is 
monotonically increasing, all the differences f(z;) — f(x:-1) are positive 
or zero, so that g = 0. Hence by equation (90), p = f(b) — f(a) and: 


Q=q=0, V=v=P=p=f(b) —f@). (97) 
Thus on a closed interval a monotonically increasing function is of 
bounded variation. Similarly, on a closed interval a monotonically 


decreasing function is of bounded variation. 
But if we write 


ὃ; = F(z;) — F(%:-1), (98) 
and interpret 6G; and 5H; similarly, where 
H(z) = F(x) + G(x), (99) 
we have the relations: 
6H; = 6F; + 6G; and |6H,| S [δὲ + [δ6!. (100) 


By considering these last relations for ὁ = 1 to n and summing, we find 
that for any subdivision the sum v for H (x) cannot exceed that for F (x) 
plus that for G(x). This shows that the sum of two functions of bounded 
variation ts again of bounded variation. 

In particular, on a closed interval any sum of a monotonically in- 
creasing function and a monotonically decreasing function is of bounded 
variation, and the class of such functions is identical with the class 
of functions of bounded variation, in view of the result deduced from 
equation (96). 

We may replace the monotonic functions of the decomposition by 
increasing and decreasing functions. For example, we may write 


S@) =[f(@) + P@)+2+k-(Q@)+2+h4] (101) 
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in place of equation (96). We may thus consider a function of bounded 
variation as equivalent to the difference of two increasing functions, each 
positive if k > —f(a) ~ aandk > ~—a, since P(a) = Q(a) = 0. The 
functions of bounded variation are the most restricted class of functions 
on a closed interval including all positive increasing functions, and func- 
tions which are linear combinations of a finite number of such functions. 

160. Operations on Functions of Bounded Variation. We have 
already remarked that the sum of two functions of bounded variation is 
of bounded variation. This result persists if we replace the funda- 
mental operation of addition by subtraction or multiplication. For, if 
y and y’ are two functions of bounded variation, we may write: 


y=s—t and y’=s' -- ἔ", (102) 


where 8, t, s’, and ¢’ are all monotonically increasing functions. Conse- 
quently we have 


y—y = (s+) -- ((-Ῥ 97), (103) 


which shows that the difference of the two functions is the difference 
between two monotonically increasing functions, and hence is of bounded 
variation. Similarly we may deduce from 


yy’ = (ss’ + tt’) — (εἰ + ts’) (104) 


that the product of the two functions is of bounded variation. 

Since y’/y = (1/y)y’, the quotient of y’ by y will be of bounded varia- 
tion if y’ and the reciprocal of y is of bounded variation. We shall show 
that 1/y is of bounded variation on any interval on which y is of bounded 
variation and uniformly bounded away from zero. That is, if y = f(x), 
there is some fixed positive number m such that 


If(x)| = m, (105) 
for all x on the interval considered. 
If we put 
f(x) = A and f (%_1) = B, (106) 
we have: 
1 1 B-—A 1 
ls (Ae « ---ἸΙᾺἅ -- Bl, 
Α 4 AB |~ m? el any 


Hence, with the notation of equation (98), 


zb(2) |s SE i (108) 
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and the variation of the reciprocal of f(x) admits 1/m? times the variation 
of f(x) as an upper bound. This proves that with the restrictions stated, 
1/y is of bounded variation. 

We have thus proved that the quotient of two functions of bounded 
variation is of bounded variation, provided that the function in the 
denominator is uniformly bounded away from zero. 

161. Continuous Functions of Bounded Variation. We may show 
that the variation function V(x), as well as the functions P(x) and 
Q(x), are continuous functions of z at any value xz where f(z) is con- 
tinuous. In view of the relations between the three functions given in 
equation (95), it is sufficient to prove the property for V (4). 

Let f(x) be continuous at zp. Then, for any positive e, 


f(z’) — f(xo)| <6 if [α΄ — ao] < 6. (109) 


From the definition of V as an upper bound, there is a subdivision of a,b 
which makes 
v>V—e. (110) 


Since the sum v may increase but cannot decrease, if we use additional 
points of subdivision and retain all those already present, we may 
assume that 2x9 is a point of the subdivision, and that if x’ is the next 
following point of subdivision, |z’ — σοί < 6... We shall then have for 
this subdivision: 


v(x") = v(ao) + If(@") — f(@o)| S v(@o) + « (111) 


We must also have: 
Viz’) S v(2’) +. (112) 


For, if V (x’) exceeded υ (x’) -Ἐ €, there would be some subdivision of 
a,x’ with a sum exceeding this. But v(x’) is that part of the sum used 
to form v coming from the interval a,z’._ By using the new points for 
a,x’ and the old points for z’,b, we should have a sum for a,b exceeding 
v +, and hence V, which contradicts the property of V as an upper 
bound. 

By the property of Υ (20) as an upper bound, 


v(%o) Ξ V (9). (113) 
We may deduce from the last three relations that 
V(x’) S V(ao) + 2e. (114) 
But V(z) increases monotonically with x, so that 
0 < V(x’) — V(xo) S 2¢, (115) 


and this relation holds if x’ is replaced by any point between zp and 2’. 
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Similarly, we may assume that the subdivision for v contains a point 
z’’, the next point preceding 29, with |2’’ — τοί < 6., and deduce the 
relations: 


v(ap) = v(x’’) + |f(to) — 74} Ξ υ() + 6, (116) 


V(xo) S v(ap) +e, and v(2’’) Ξ V(x”), (117) 

so that: V(ao) S γᾷ") + 2ε. (118) 
Hence, since V(x) is monotonically increasing, 

0 < ναοὶ — V(x’’) S 2¢, (119) 


and x’ may be replaced by any point between σ΄" and zo. 
The relations (115) and (119) show that 


|[V(x) — V(xo)| Ξ 2ε, (120) 
for any point 2 in the interval α΄" < x < x’, and hence for all z, such that 
lx — to| < min (2 — α΄, — 2). (121) 


Since ε and hence 2e is arbitrary, this shows that the function V(x) is 
continuous at Zp. | 

Since the functions P(x) and Q(x) are continuous when f(x) is con- 
tinuous, we see from equation (101) that: 


Any continuous function of bounded variation may be written as the 
difference of two continuous increasing functions. 


EXERCISES VII 


1. Let P, denote the point set consisting of all points with rational codrdi- 
nates on the closed interval 0,1. If ¢(z) is the characteristic function of this set, 
as in section 148, show that for the interval 0,1 the upper integral of $(z) is 1 
and the lower integral of $(x) 1s zero. 

2. Let F(x) and G(x) be each integrable functions on the integral 0,1, with 
F(z) 35 G(z) on this interval. If the function f(x) equals G(x) when z is a point 
of P, of problem 1, and f(x) equals F(x) when z is not a point of P,, show that: 


ΠΣ = f G(x) dx and [τὰ = [τῷ dz. 


3. Let P, be any set of points on the interval 0,1 and P2 be the set of points 
on the interval notin P:. If every point of the interval is a limit point of points 
of P; and also a limit point of points of P2, show that the results of problems 1 
and 2 are unchanged if we replace P, by P1. 

4, Let the function f(z) be defined on the interval 0,1 by the following 
conditions: If z is irrational, f(z) = 0. At the end points, f(0) = f(1) = 1. 
For a rational value of z, p /q in its lowest terms, f(p/q) = 1/g. Prove that the 
oscillation of f(x) is zero for irrational x, and is f(x) for rational x. 
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δ. Prove that the function f(x) of problem 4 is integrable on the interval, 0,1. 

6. Let g(q) be any function of ᾳ for which lim g(g) = Oasg— +0. Define 
f(z) as in problem 4, except at the points p/g, and put f(p/qg) = g(g). Prove 
that the results of problems 4 and 5 still hold. 

7. Cantor’s ternary set is obtained by removing an enumerable sequence of 
open intervals from the closed interval 0,1 as follows: First remove the open 
interval 1 /3, 2/3, or middle-third open interval. Then remove the middle-third 
open interval from each interval that remains, and repeat the process indefinitely. 
Thus at the second stage two open intervals are removed, 1 /9,2/9 and 7 /9,8/9. 
At the nth stage 251 intervals each of length 1/3" are removed. Prove that 
this set is of content zero. Hint: After each step the intervals left have a total 
length 2/3 that of the preceding stage. Hence after n steps the intervals left 
have a total length (2/3)". But these contain all points of the set, and as 
n— +, (2/3)"— 0. 

8. Let q be any number such that 0 <q «1. Remove an open interval of 
length g from the interval 0,1, and then from each interval that remains remove 
an open interval contained in it g times its length. Repeat the process indefi- 
nitely, and let P, denote the set that is left. The special case where the intervals 
are centered, and q = 1/3, is described in problem 7. Prove that the set P, is of 
content zero. Hint; By reasoning as in problem 7, show that the intervals left 
after n steps is (1 — g)", which— 0. 

9. We may form a set by the process of problem 8 using a sequence of num- 
bers qi, 42, gs, "." between 0 and 1 instead of a fixed number, using q,, for all 
intervals at the nth stage. Show that the magnitude of the outer content of the 
set is lim (1 -- qi)(1 — 42)... (1 — gn) as m becomes infinite. The limit always 
exists, since the product is positive and decreasing with n. 

10. If a sequence of positive numbers decreases with n, it approaches a limit, 
a,—>a. If a, < 1, we may define a sequence of numbers q,, successively, by 
setting 4: = 1 — αι, and for n> 1, 45 = 1 — Qn/adn_1. Show that by using 
these in place of the g, of problem 9, we obtain a set with outer content a. 

11, Prove that the set obtained by removing an enumerable number of non- 
overlapping open intervals from a closed interval is a closed set. The sets of 
problems 7, 8, 9, 10 are examples. Hint: Since any point not in the set is in an 
open interval composed of similar points, it is not a limit point of the set. Hence 
all limit points of the set are in the set, and it is closed. 

12. Prove, conversely to problem 11, that any closed set on a finite interval 
may be obtained by removing a suitable sequence of open intervals from a 
certain closed interval. Hint: the greatest lower bound of the set, a, is in the 
set. Similarly, for the least upper bound, ὃ. The set is on a,b. If z is any 
point of a,b not in the set it is in some open interval x’,x’’ composed of similar 
points where zx’ and x”’ are in the set, so that the same interval is obtained if we 
start with any point of it distinct from z. Since such intervals do not overlap 
and are all on a,b, there are only a finite number whose length extéeeds 1 /n, and 
they may be enumerated. 

18. If a function f(x) is continuous on each of the open intervals removed to 
form the set P, of problem 8, it is integrable on the interval 0,1. 
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14. Let P, denote the point set consisting of all points on the closed interval 
0,1 whose codrdinates are algebraic numbers, as in Exercises II, problems 26, 30, 
and 33. Prove that the set P, is of measure zero, but of outer content 1. 

15. By interpreting the meaning of the result of problem 14 that P, is of 
measure zero, deduce that there are points on the interval 0,1 not in Pg. This 
proves again that there are transcendental numbers, a result of problem 34 of 
Exercises II. 

16. Prove that if a set consists of a finite number of points, it is of content 
zero. Use this and the theorem of section 151 to deduce an alternative proof of 
the fact that a bounded function is integrable if it is monotonic. 

17. If f(x) is monotonic on the open interval a,b and as > a+, f(r) ~ στ, 
as --ῦ--, f(z) > +, f(x) is continuous except on an enumerable set of 
points. Hint: Put F(x) = tan7! f(x), and show that f(x) is continuous wherever 
F(z) is. But the argument of section 158 applies to F(z). 

18. If f(z) is monotonic on any interval, it is continuous except on an enumer- 
able set of points. The interval may be open or closed, and may be replaced 
by the ranges —0, +0, or --οὐ, ὃ, or a,+0. Hint; Reduce to a bounded 
function as in problem 17. 

19. Prove that, if f(z) is bounded and integrable, then |f(x)| is integrable. 

20. Prove that if f(x) satisfies a Lipschitz condition, equation (77) of section 
128, then f(x) is of bounded variation. 


21. Prove that if g(r) is bounded and integrable, and f(z) = f g(x) dz, 


a 


then f(x) is of bounded variation. Also that for f(z), V(x) = [ lg(x)| dx, 


P(z) = f eae dx and Q(z) = { ἡ dz, where g,(z) = 0 when g(x) 3 0, 


and gi(z) = g(x) when g(r)’ > 0; while go(x) = 0 when g(x) 2 0, and g2(x) = 
—g(x) when g(x) <0. Compare problems 19 and 20. 


CHAPTER VIII 
EXTENSIONS AND APPLICATIONS OF INTEGRATION 


The process of integration defined in section 121 in certain cases 
determined the Riemann integral of a bounded function over an interval 
as the limit of a special type of sum. Here we consider some modifica- 
tions of this fundamental definition of integration. 

We first discuss the Stieltjes integral, which is derived from two func- 
tions. We next consider a type of sum involving a function of several 
variables, each of which is in turn a function of a single variable. We 
show that, under certain conditions, the limits of sequences of such sums 
are Riemann integrals. Then we consider the improper integrals of the 
first kind, which are applicable to certain functions over an infinite 
range, and the improper integrals of the second kind, which are appli- 
cable to certain unbounded functions. 

Finally, we consider some geometric and physical interpretations of 
the various types of integrals. 

162. The Stieltjes Integral. Let the two functions f(x) and g(z) 
be each single-valued in the closed interval a,b. Consider an arbitrary 
division of the interval a,b into subintervals determined by the points 


α τε χορ τι 4χοε «-:-- «1, - ὃ, (1) 
and choose any points £; such that 
U1 Sf; S τὰ (2) 


Then we may form the sum 
S = Es &dlg(e) — σίωι )}, (3) 


analogous to that used in section 121. This sum depends on the number 
n, the choice of the x;, and the choice of the &,. 

Now consider any infinite discrete sequence of sums S;, of this type for 
which 


lim ὃμ = 0, (4) 
t—>+0 
and where, as before, 
du = max ὃ; and ὃ; = 2; — 2,1. (5) 
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If, for any such sequence, the values of S; approach a finite limit, and 
if this limit has the same value J, for all such sequences, then Ig is called 
the Stieltjes integral of the function f(x) with respect to the function 
g(x), over the interval a,b. 

We speak of the sum S of equation (3) as aStieltjessum. If we define: 


6g: = g(ai) — g(%i-1), (6) 
the Stieltjes sum (3) may be written: 
S= Xf (E) 6gi. (7) 


For reasons similar to those stated in section 127, this suggests the 
notation for the Stieltjes integral: 


b b 
lim S=Is= f fla)dg or f fa) ἀρ). (8) 


We say that f(x) dg(x) has a Stieltjes integral if there is a unique limit ἴ 5. 

When we wish to refer to the sums and integrals of section 121, in con- 
tradistinction to those of this section, we shall call them Riemann sums 
and Riemann integrals. The Stieltjes integral, as defined in this section, 
includes the Riemann integral as the special case for which g(x) = 2. 

163. A Sufficient Condition. We shall now show that, if f(z) is 
continuous on the closed interval a,b and g(x) is monotonically increas- 
ing throughout the same closed interval, then f(x) dg(x) has a Stieltjes 
integral. 

Since the function g(x) is monotonically increasing, all the differences: 


69; = g(ai) — g (x1) (9) 


will be positive or zero. 
Now select any positive ἡ and determine a 6 such that, for any two 
points x; and 22 in the closed interval, 
: 7 
\f(a2) — f(a1)| « ε, if |z2 — σι < δο, where « = —_———-- (10) 
2 | b | 2 ᾽ g(b) hes g(a) 


We consider two sums: 


S= Σ S(E) 6g; and S’ = LI&) 'Gis (11) 
= j= 
such that 
6 δ 
Su Ξ-- and by < “ἢ (2) 


where ὃμ is defined for the first sum by equation (5) and dy is similarly 
defined for the second sum. These sums are analogous to the Riemann 
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sums in equation (9) of section 122. By reasoning similar to that used 
to derive equation (19) in section 122, we may show that, for the 
Stieltjes sums of equation (11), 


D 
5. - S| S$ Σ εδρ,, (18) 
k=1 


where p and 2,’ are defined by equation (12) of section 122 and 
δ΄ σε = g(t) — g(xe-1). (14) 


Since all the 5’’g, are positive or zero, and: 
Pp 
x δ'σῃ = G(X’) — g(x’) = g(b) — g(a), (15) 


it follows from the relation (13) and the last equation of (10) that: 
|S — 5 S εἰσ(θ) — g(a)] S 2. (16) 


We may now apply to this equation the argument based on equation 
(20) in section 122 and draw the following conclusions: Any sequence 
of Stieltjes sums (11) for which 63, — 0, approaches a limit. This limit, 
Is, is the same for all such sequences. Any Stieltjes sum with ὃμ < 80/2 
approximates the value of the integral to within 7. 

By similar reasoning, or by noting that if h(x) is monotonically 
decreasing, g(x) = —h(x) is monotonically increasing, we may prove 
that the same results hold for monotonically decreasing functions. 
Accordingly, we formulate the theorem: 

The Stieltjes integral of f(x) dg(x) exists in any closed interval in which 
f(x) ts continuous and g(x) is monotonic. 


164. Duhamel Sums. Let 
Yj = f;(x), j= Ι, 2, a (17) 


be & continuous functions of the variable z in the closed interval a,b. 
If A; is the minimum and B; the maximum of the function f;(z), the 
values of y; will all lie in the k-dimensional interval: 


K : A; Sy; S B;. (18) 
Next let 
ἔκ) = F(y, Y2,°"* "4 Yk) (19) 


be a continuous function of the k variables y; throughout the closed 
interval K. Then, by section 35, F(y;) is uniformly continuous in this 
closed interval, is bounded, and takes on its maximum and minimum 
values. 
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If we consider the equations (19) and (17) as defining F as a function 
of z, 


G(x) = FIf;(z)], (20) 


this will be a continuous function of z throughout the closed interval 
a,b by section 36. 

For any arbitrary subdivision of the interval a,b by points (1) we select 
k sets of points satisfying the relation (2). We denote the points of 
the jth set by &; so that, for 7 = 1, 2, 3,---,k, 


ty 5 bs; S ὅν (21) 
We now form the sum: | 
Sp = Σ ΠῚ (E53) 15: where j Ξ- I, 2, me ty k, (22) 

ἐπὶ 


and ὃ; is defined by equation (5). We shall refer to a sum of this type 
as a Duhamel sum. 
We shall show that any sequence of Duhamel sums for which 


54-20, where ὃμ = max 6, (23) 


approaches as a limit the Riemann integral: 


b b 
fs f AG dre f Fifj(2)] de. (24) 
To prove this, first select any positive ἡ, define: 
on 
ἐπ: ξν (25) 


and determine a δ΄ of uniform continuity such that 
ΙΓ) -- Fapl<e if ly’ — yl « δ᾽; f= 1,2,---,k, (26) 
and y;’ and y; are in the closed interval K. 
Next select a 5’’ such that: 
fj(a’’) — fi(x")| « δ' for 7 = 1,2,---, b if |x” — «Ἱ « δ΄. (27) 
Now consider any Duhamel sum (22) with 54 < δ΄. For any & 
satisfying equation (2) we have from equation (21): 
lt; —&| $8”, for j = 1,2,3,---,k. (28) 
It follows from this that: | 
IF Lf; (Eis)] — ΕΓ (&)1| < ε. (29) 
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This enables us to compare the Duhamel sum Sp with the Riemann 
sum for the same subdivision: 


S = EGG) = DPE (30) 
We find: 
Sp ~ S| 


A 


E ΠΡΙΤΙΚΕ] — FLED 


Se Ds ΞΟ -- ale Ξ ἡ, (31) 


by equation (25). ᾿ 
Since S is a Riemann sum for the integral (24), it follows from section 
122 that there is a 59 for the ἡ here used such that 


, 6 
[I~ S| <n, if iu « τ΄ (32) 
Consequently, 
6 
ΙΙ -- Sp| « 2η, if ὃμ < min (5, i”) ° (33) 


This proves the theorem: 

Any sequence of Duhamel sums (22) involving one continuous function 
of k variables and k continuous functions of a single variable, formed for a 
sequence of subdivisions for which 64 —0, approaches as a limit the 
Riemann integral (24). 

If h(x) is any bounded function having a Riemann integral on the 
closed interval a,b, and if G(x) is a continuous function on this interval, 
the product h(x)G(zx) will be bounded on this closed interval and con- 
tinuous at all points where h(x) is continuous. Thus, by the remarks 
at the end of section 156, the-product will be integrable. Now consider 
any Riemann sum: 


$= LAGE (34) 


and the Duhamel sum formed for the same subdivision, with the function 
G(x) defined by equation (20): 


Sp = Σ h(E) FIG; (E35) 16: (35) 
If H is an upper bound for h(x) on the interval, we have 
|S — Sp] S$ Hn when by < δ᾽", (36) 


by reasoning similar to that used for equation (31). 
Now consider any sequence of values of Sp, formed for subdivisions 
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with 54 — 0. The sequence of values of S, formed for the same values 
of 5; and the same subdivisions, approach a limit: 


Fis f oro (37) 


Since, for values sufficiently far out in the sequence, we shall have 
ὃμ < 6” and |I — S| < 2, for such values: 


[- (H+1)n< Sp < I+ (H+ 1)n, (38) 


which shows that the values of Sp approach the limit 1, since ἡ 1s arbi~ 
trary. 

165. Properties of Stieltjes Integrals. If the function g(x) has a 
derivative throughout the open interval a,’ it follows from the law ‘of 
the mean that, for a suitable value of ξί in the interval ὧς σε: 


(αι) — σία.) = σ΄ (E) (σι — tia) = σ' (EO. (39) 
Consequently the Stieltjes sum (7) may be written: 
S= ZX FE) ὅγε = D SEd9' EY. (40) 


This is a Duhamel sum similar to that of equation (35), with k = 1. 
We may take either f(x) or g’(x) as the function h(x), and the other 
factor as the function G(x). Thus, if either of these functions is integra- 
ble, and the other continuous, any sequence of values for subdivisions 
with 64 — 0 will approach a limit, and that limit will be the Riemann 
integral 


b 
J f@0'@) ax (41) 


for all such sequences. In particular, this proves that: 


If f(x) ts an integrable function on the closed interval a,b and g(x) has a 
derivative g'(x), continuous on this closed interval, then f(x) dg(x) has a 
Stieltjes integral, which may be expressed as a Riemann integral of 


Πα) σ᾽): 
ὃ ὃ 
{Π a@) = [Πωσ' Ὁ ae. 82) 


Now suppose that g(x) 15 monotonic on the closed interval a,b and that 
f(z) has a continuous derivative on this interval. Then, by section 163, 


ὃ 
the Stieltjes integral f f(x) dg(x) exists. And, by the theorem just 


b 
proved, the Stieltjes integral f Gs) Sans: 
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Now let us consider the identity: 


Se’ σα") — g(a") + σα 2”) — 7} = 
fe" σα") — f(e’)g(@’). (43) 
We may deduce from this that: 


Σ f(s) 8g + = ψίω; 4) δ΄; = f(en)g (tn) — f(20)g (a0) 
= Πῶσ) 


ὃ 
: (44) 


Since the last expression is independent of the subdivision, and the 
terms in the left member are particular Stieltjes sums for functions 
whose Stieltjes integrals exist, we find by taking a sequence of subdivi- 
sions with 64 — 0 that: 


b ὃ ὃ 
J t@aet foe ae =s@)0@). (5) 


This is equivalent to 


b b ὃ 
[τ doe) -- sea} -- [σῶα (6) 


The last two equations have a formal similarity to the rule of integra- 
tion by parts, and we have proved that: 

If f(x) has a derivative f'(x) which 1s continuous on the closed interval 
a,b, and tf g(x) ts a monotonic function on this interval, the evaluation of 
the Stieltjes integral of f(x) dg(x) may be reduced to the evaluation of a 
Riemann integral by an integration by parts, according to equation (46). 

We note that the Stieltjes integral is linear in f(r) and also linear in 
g(x). That is, multiplying either f(x) or g(x) by a constant k multiplies 
the integral by k. Also 


foudt foa= [ὦ τάν (47) 


[Τὰς fsa fi sau, (48) 


if each of these integrals exists. If f is continuous, and u and »v are both 
monotonically increasing, this will necessarily be the case. If one is 
increasing and the other decreasing, each of the integrals will still 
. exist in the sense of section 162. In this case the expression on the right 
of equation (48) is sometimes defined as the value of the left member, 


and 
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which is the same for any decomposition of the function of bounded 
variation (u + v) into the sum of two monotonic functions. 

The Stieltjes integral of f(x) dg(x) is unchanged by the addition of a 
constant to the function g(x). 

When g(x) is a monotonically increasing function, the 69; are all 
positive or zero. Hence most of the discussion of section 124 may be 
applied to the Stieltjes integral of f(x) dg(x). In particular, if m and M 
are bounds for f(x) in the closed interval a,b and g(x) is monotonically 
increasing in this interval: 


b 
mig(6) — σ(α}} f f@) ἀρ 5 Mig®) -- σία). (49) 


166. Improper Integrals of the First Kind. So far we have only 
considered finite intervals, determined by finite limits of the integrals. 
Let us now consider a function f(x), integrable over the interval a,x for 
all values of rx 2a. If, as x ->-+ 0, the integral approaches a finite 


limit, we write: 
f Aa de =i f Τὼ ἀνε: : ἢ, (50) 
a r—>+0 Va 


We say that the integral on the left converges when there is a finite limit, 
or converges to 1, to indicate the limit approached. When no finite 
limit is approached as x — + ©, we say that the integral diverges, or fails 


to converge. 
By the Cauchy convergenee criterion, the limit will exist if and only if, 
for each positive e, there is a value X ,, such that: 


J “γὼ αι -. [ “flu) du 


Now suppose that p(x) is a function whose values are all greater than 
or equal to zero for all z = A 2 a, and that 


f@)l Sp), if τὲ A. (52) 


= | { . f(u) du} s [ ᾿ 17} du 


Ξ [ p(u) du. (58) 


«εἰ foranyz’’>2’>X,. (51) 


Then 


f " f(u) du — { ε΄ 


But, since p(x) 2 0, 


fr du — f rw du 


7 f p(w) du. (54) 
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The last two relations show that any X, for the function p(z) will 
serve as an Χ, for f(z). This enables us to deduce the convergence of 
the integral 


f ᾿ f(z) dx from that of f : p(x) dx. (55) 
a A 


The integral of p(x) from A to x increases monotonically with zx. 


οο 
Hence f p(x) dz must converge if there is an upper bound to the values 
A 


of [Ῥω dx for alla > A. 
A 


With the same conventions made for the relation (50), we write: 


f ” -gaviages: tin | f Bore (56) 
We also define: 
ff t@a= [seat fea, (57) 


and extend the definition: 
a b 
f t@a=- fs) a, (58) 
b a 


so that it applies when the limits a,b are replaced by a,o; by — ~,a; 
or by — 0,0, 

All of the integrals of this section, defined in terms of a bounded func- 
tion on an infinite interval by a process derived from, but not identical 
with, that of section 121, are known as improper Riemann integrals, or 
simply «mproper integrals of the first kind. 

Improper Stieltjes integrals with infinite limits are defined in a similar 
manner. We may show that if f(z) and p(x) are two functions for which 
the relation (52) holds, and g(x) is monotonically increasing, the con- 
vergence of 


f ᾿ p(x) dg(x) implies that of f ? f(x) dg(x). (59) 
A a 


167. Improper Integrals of the Second Kind. If the function f(z) 
is not bounded in the closed interval a,c the process of integration 
defined in section 121 is not applicable for this interval. But, if the 
function is bounded and integrable over the interval a,x for every value 
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of z in the open interval a,c, and if the integral approaches a finite limit 
as % —> c—, we write 


Cc 
f f(z) de = tim 1 f(u) du, (60) 
a t—>c— “a 
and say that the integral on the left converges. We say it diverges if it 
does not converge. 
As in the last section, we may conclude that if 


p(x) 20 and (|f(x)| Ξ p(x) for αξ 4 Ξ: «-ς, (61) 


the convergence of 
f ΠΟ ἀν δι hat δὲ { [( ἀ«. (62) 
A a 


Moreover, the integral of p(x) over A,c must converge if there is an upper 
bound to the values of f p(x) dzxforallA <xa<e. 
A 


Similarly, we use 


b b 
ff s@ de = tim fi fu) du, (63) 
c ρον Vy 


as the definition of the left member, if f(x) is unbounded in the closed 
interval c,b but is such that the limit on the right exists. 
We extend the relation 


[ sow= [iat f soa, (64) 


which holds when all the integrals are proper Riemann integrals, to 
define the integral on the left when one or both of the integrals on the 
right are defined by equations (60) or (63). 

All of the integrals of this section, defined in terms of a function not 
bounded on a finite interval, but bounded and integrable if we omit all 
points belonging to any open interval including a point c, are known as 
improper integrals of the second kind. 

168. Bounded Functions. We have only used equations (60) and 
(63) as definitions of the left member when the function f(z) was 
unbounded in every open interval including the point c. Suppose, now, 
that f(x) is bounded on the closed interval a,c and integrable over the 
interval a,x for every value of xz in the open interval a,c. Then if we 
take any finite value as the value of f(x) at c, the resulting function 
will be integrable on the closed interval a,c as we proceed to show. 

This will follow from the theorem of section 156 if we show that the 
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points of discontinuity of f(z) on a,c form a set of measure zero. Select 
any positive 7. Then, since f(x) is integrable on a,c — n, the points of 
discontinuity of f(z) on the closed interval a,c — ἡ form a set of measure 
zero and hence may be included in an enumerable set of intervals G of 
total length < η. But these intervals, together with the closed interval 
c — n,¢c include all the points D, and have a total length < 27. Since 
nis arbitrary, this proves our contention that D is of measure zero. 

By the convention made in section 149, we may leave f(x) undefined 
at c, and still consider f(z) integrable on the closed interval a,c. Thus 
the integral in the left member of equation (60) is already defined. 


However, in this case f f(u) du is a continuous function of z in the 


closed interval, by section 127, so that equation (60) holds. 

This proves that we may use equation (60) whenever the limit on the 
right exists, without verifying that the function is unbounded. Similar 
remarks apply to equation (63). 

169. Improper Integrals. Let the interval a,b be composed of n 
intervals c;_1,c; where 

A= 46, “050. <i: «ς, = ὃ. (65) 


Then, if the integral of f(x) is defined for each of the intervals c;_1,c; 
either as a proper integral, or as an improper integral of the second kind 
by equations similar to (60) or (63), we define: 


b n δὲ | 
f fla)de= Ef f(a) de, (66) 


We use ἃ similar equation if a,b is replaced by —~,b; by a, or by 
—©,o, provided the improper integrals of the first kind so introduced 
converge and are defined by equations similar to equations (50) or (56). 

The equation (66) enables us to reduce the evaluation of any improper 
integral of the kind here considered to that of a finite number of integrals 
of elementary type. 

Such integrals may sometimes be computed by the methods of section 
126. We proved there that if f(z) = F’(x) was an integrable function 
over the interval a,b then 


f ΤΩ) dz = ΓΟ) — F(a). (67) 


Now consider equation (50). Suppose that F’(x) = f(x) for all 
x & a, where f(x) is integrable over every interval a,x. If we write 


F(z)| = lim F(a) —"F(a), (68) 
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when the limit on the right exists, we have: 


f “ΤῸ ἀΣ - Ρ() 


We may also conclude that if the limit on the right in the equation (68) 
does not exist as a finite limit, the integral on the left in equation (69) 
does not converge. 

Consider next equation (60). Suppose that 1" (2) = f(z) for all z 
in the open interval a,c where f(x) is integrable in every interval a,z. 
If we write 


(69) 


0 
a 


F(c—) = lim F(z) (70) 
λα ὁ τ 
when the limit on the right exists, we have: 


[καπνῷ 


"= F(e—) — F(a). (71) 


We may also conclude that if the limit on the right in equation (70) does 
not exist as a finite limit, the integral on the left in equation (71) does not 
converge. 

If F(x) is related to f(x) by F’(x) = f(x) for all z in each of the n 
open intervals c;_1,c; and the integrals of elementary type in equation 
(66) all exist, we have: 


b n 
J f@) de =F WF @-) - Feat) (72) 
where F'(c+-) is defined by an equation similar to (70). 

Whenever F(c;—) = F(c;+), the terms involving c; on the right in 
equation (72) will cancel. In particular, if F(z) is continuous 
throughout the closed interval a,b the equation (72) may be replaced by: 


[ f(x) dx = F(b) -- F(a). (73) 


The equation (72) may also be used for proper integrals, provided the 
interval may be decomposed into a finite number of intervals c;_;,c; for 
each of which an indefinite integral F(z) may be found. 

When we change the variable in an integral by a substitution, either 
to simplify its evaluation or for some other purpose, we may convert & 
proper integral into an improper integral, or vice versa. For example, 


if x = 1/u, 
© de 1 
J Gof wnt (74) 
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1. rr) 3 
dz --Σ 
and —= f u *du = 2. (75) 
1 


In this case an improper integral of the second kind is converted into one 
of the first kind. 
As examples of equations (69) and (71) we have: 


© dx ee fe 
J 1 if: 2 = ἰ8η 2 : = 9” (76) 
and | 
: dx see a 
ee 


The introduction of improper integrals enables us to consider certain 
special values of the limits in the integrals of sections 137 through 144. 
For example, in section 141, we may take the upper limit for z as 1. 
This corresponds to ¢ = 7/2, since x = sing. The resulting elliptic 
integrals are known as the complete elliptic integrals. They are con- 
vergent improper integrals of the second kind when z is the variable, 
but become proper integrals in the variable ¢. 

170. Particular Convergent and Divergent Integrals. Since: 


x gett 
{τ΄ ὦ-Ξ ax#1 and [τ de = logs, (78) 


it follows that 


f χ᾽ dx converges if and only if a > 1, (79) 
1 
and 


1 
f x * dx converges if and only if a < 1. (80) 
0 
Similarly, for any ὃ > 6, 
b 
f (2 — c)~* dx converges if and only if a < 1. (81) 


We may conclude from this and equations (61) and (62) that, if F(z) 
is bounded and integrable in the closed interval c,b, the integral 


b 
f (2 — c) °F (x) dx converges if a < 1. (82) 


In particular, this will be true if F(x) is continuous throughout the 
closed interval c,b, or continuous except at c, with lim F(z) finite. 


t—>e+ 
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The same discussion applies if b < c, either to the integral as written or 
from 6 to c, if F(x) is continuous throughout the closed interval b,c or 


continuous except at c with lim F(z) finite. Equation (77) and the 
t—>c— 


complete elliptic integrals are examples with c = 1 as the upper limit, 
a = 1/2 and F(z) continuous. An example with lim F(x) = 1is 


ὃ - 1 
— in 
J (e—c) “si “- 


Again, assuming that lim F (x) is finite, 
z—>e-+ 


(83) 


b 
f (x — c)* log (ὦ — c)F (x) dx converges if a < 1. (84) 


For we may write 
a=a’—p, with p>O and a’ <1, (85) 
and then put 
( — c)* log (ὦ — c)F(x) = (2 — c)~* [(z — c)? log (x — c)|F (a). 
(86) 
By section 92, lim (x -- c)? log (x -- ο) = lim h? log h = 0, so that 


when z-—>c, the factor in the brackets approaches zero. Hence the 
integral in equation (84) converges by equation (82). 

Similarly, any factor which as x — c is an infinity of lower order than 
any arbitrary positive power of (x — c) will not affect the sony ermenee: 
Note that a may be zero in equation (84). 

Again, if P(x) is positive, has a positive lower bound, and is integrable 
in the closed interval c,b, the integral 


b 
f (x ~ ὁ P(x) dx diverges if a > 1. (87) 


In fact, if this integral converged, it would imply that the integral of 
equation (81) converged for a value of a = 1. 
In particular, if P(x) is continuous except at c, and lim P(x) > 0, 
5--"|] Ὲ 
or lim P(x) = - οὐ, the conclusion follows. When ὃ « c, we consider 


t—>c+ 
the lim as > c—. 
An argument similar to that used to prove equation (84) shows that 


b 
f εἰ» το! Ὁ P(x) dx diverges, if p > 0. (88) 
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Also the product of P(x) by any positive factor which, as 7 — c++, is an 
infinity of higher order than (ας — c)~! used as an integrand leads to a 
divergent integral. 

From equation (79) we may conclude that, if F (x) is integrable over all 


the finite intervals A,z and lim F(z) is finite, then 


r—>-+-00 


oO 
f x °F (x) dx converges if a > 1, (89) 
A 


and any factor which, as x > + ©, is an infinity of lower order than any 
arbitrary positive power of zx will not affect the convergence. 

Also, if P(x) is positive and integrable over all the finite intervals A ,z 
and lim P(x) > 0, then 


zr—>+0 


f a *P(x) dx diverges if a Ξ 1. (90) 
A 


This integral will diverge if the integrand is the product of P(x) by any 
positive function which, as x — + ©, is an infinity of higher order than 
_ 

In section 144 we defined u(x), the inverse of the Weierstrass ᾧ func- 


tion by conditions equivalent to the definition 


dx 
ἢ i <a = u(x). (91) 
to V 4x — Jot — 63 
That this integral converges follows from equation (89) with a = 3/2. 
171. ArcLength. A continuous sensed arc is any ordered set of points 
(x,y) in the plane which can be represented by two equations, 


x= f(t) and y= g(), (92) 


for values of ἐ in some closed interval a,b where these functions are each 
continuous throughout the closed interval. When the functions are 
such that if ¢’ and t’’ are any two values each in the closed interval 


asitsb, (93) 

the relations 
fi’) Ξ- 71) and g(t’) = σ(ί 7) imply that t’ = ε΄, (94) 
the correspondence between the points of the arc and the ¢ interval 


(93) is one to one. An arc is said to be simple, if the parameter ¢ can be 


so chosen that this is the case. 
The order relations of points on the arc is determined by the order of 
the corresponding values of t. This is the only geometrical significance 
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of the parameter. Two arcs consisting of the same points, in the same 
order, are considered identical. Thus 


z=#,y=0,-lsisl (95) 
and 
2=1—cost,y=0,-~sits- (96) 
2 2 
represent the same arc, but this arc is not simple. The arc 
z=t,y=0,0sSisl (97) 


is a simple arc, identical with a portion of the arc given by equations (95) 
or (96). 

A polygonal line is an arc consisting of a finite number of straight line 
segments. We may obtain a polygonal line 
inscribed in an arc by selecting n — 1 inter- 
mediate values of f, 


ατορ «ἐ «ἰ; «--- «ἰ, τε δ, (98) 


which determine n — 1 intermediate points of 
the arc, P;, and by joining each pair of con- 
secutive points P;_1,P; by a straight line seg- 
ment or chord. Any choice of n — 1 inter- Fia. 16. 
mediate points P; will determine a subdivision 

of the ¢ interval similar to (98) for any choice of the parameter. Let 
L,, denote the total length of the inscribed polygonal line. Let us put 


bt; = ἐς — 1, da; = f(t;) — f(t_1), dy: = g(ts) — g(t-1). (99) 
Then 


[n= 2 Pi3iP; and Pi1P; = Vda? + δρυΐ. (100) 
i=l 


But, by reasoning as in section 98 we may show that 
δα; ay Ὁ ΒΕ ag δι, ΞΡ}; and P:1P; s δα; + [dy,]. (101) 
It follows that 


Σ δας or Σ ἰδ] 5 Τὰ Ξ Σ δα} + Σ ἰδ. (102) 


If ¢’ and ¢’’ are any two values each in the closed interval (93), corre- 
sponding to the points P’ and P’’, the length of P’P”’ is a continuous 
function of ¢’ and ¢’’, and so takes on its maximum. This maximum 
chord is called the diameter of the arc. 
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If we consider any polygonal line such that dy, the maximum diame- 
ter of any of the arcs P;_;P;, is at most ε, then any polygonal line 
obtained by inserting additional points of subdivision will have all its 
chords at most ε. If every sequence of inscribed polygonal lines for 
which dy — 0 leads to a sequence of values of L,, approaching a limit L, 
the same for all such sequences, we say that the arc hasalength L. We 
must use ἀμ, instead of maximum chord, since our arcs are not necessar- 
ily simple. If, for example, our arc was like a figure 8, a subdivision of 


one of the loops might be considered to be a subdivision of the entire’ 


figure with all the chords small, but would have a polygonal length ap- 
proximating only one half of the total arc. 

The first sum of the relation (102) is similar to the sum », for the 
function f(t), used to obtain its variation as in section 159. Suppose the 
value of the sum is vp for any particular subdivision by intermediate 
values (98). Since v increases or remains unchanged when additional 
points of subdivision are added, there will be subdivisions with max δέ; 
arbitrarily small and with v 2 vp. And, since the functions f(¢) and g(é) 
are uniformly continuous, there will be such subdivisions with the 
maximum oscillation of f(t) and g(é) in any subarc arbitrarily small. 
Thus these subdivisions will have dy arbitrarily small. Since for such 
sums L, = v = vp, if the limit L exists it will be at least vp and vp S L. 
Thus L is an upper bound for v for all subdivisions, and the function f(¢) 
is of bounded variation. 

Similar reasoning may be used for g(t), and hence: 

If a continuous sensed arc has a finite arc length, the functions expressing 
the coérdinates in terms of any parameter are each of bounded variation. 


To prove a converse result, suppose next that f(é) and g(¢) are each 
of bounded variation. Then by equations (100) and (102): 


Ly = Σ P,P; < Σ [δα + Σ ἰδ]. (108) 

This shows that all the values of L, are less than the sum of the total 

variation of f(é) plus that of g(t) for the interval. Hence the values L, 

are bounded, and so have a least upper bound which we denote by L. 
The distances between any three points satisfy the relation: 


PeiPi S Peale Pyke (104) 


as we proved analytically in section 98. This shows that if we insert 
one additional point of subdivision P; between P;_, and P,;, the new 
value which replaces L,, will be equal to or greater than L,. Moreover, 
since each of the new chords will be at most equal to the diameter of the 
arc, the increase in value can not exceed twice this diameter, or twice dy. 
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Since L is a least upper bound, there is a subdivision with a polygonal 
line of length exceeding ἢ, — εἰ Let the points of this subdivision be 
Pj, corresponding to t;. Suppose there are N — 1 interior points, and 
denote the polygonal length by Li so that: 


a es (105) 


Now consider any subdivision with dy < —~. Let its points of sub- 


2N 
division be P;, corresponding to t; of (98), and let its polygonal length 
be L,. Then 


Ln < ἢ; - (106) 


Form a new subdivision by using the points P; together with the points 
P; distinct from all the P,;. If this has m points, m <n-+ N. Denote 
the polygonal length by L/’. Since we have added to the P; less than Ν᾽ 
new points, which form at most 2N new chords, each at most «/2N, we 
have: 


We a i 
Lim = Ln + 2N on = La te. (107) 


But the subdivision which gave L,’ could be obtained from that which 
gave Ly by adding points of subdivision, so that: 


ΠΣ Ly. (108) 
We may deduce from the last four numbered inequalities that: 
L-—2sL, SL. (109) 


This shows that, for any sequence of subdivisions for which dy — 0, 
the numbers L,, will differ from L by at most 2e, beyond a certain point 
in the sequence. Since ¢ is arbitrary, we may conclude that lim L, = L, 
and the arc has a length. Thus: 


A continuous sensed arc has a finite arc length if the functions expressing 
the coérdinates in terms of any parameter are each of bounded variation. 

In this case the arc length will be the least upper bound of the lengths of all 
inscribed polygonal lines. 


As we have defined it, are length is independent of the choice of 
parameter, except as this determines order on the sensed arc. Thus are 
length is a geometric quantity related to the sensed arc. 

172. Simple Arcs. For a simple arc, any sequence of subdivisions 
such that max P,;_,P;— 0 is also a sequence for which dy — 0, as we 
shall now prove. To do this, suppose that there is a sequence of sub- 
divisions with max P;_,;P; 0, but such that ἀμ does not approach zero. 
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Then for some positive e, for each integer n there would be a subdivision 
with dy > ε; and with max P;_,;P; < 1/n, since for some e there would 
be subdivisions with dy > « arbitrarily far out in the sequence. This 
would enable us to find a pair of points on the curve for which 


1 
chord P/P’ < ᾿ and diameter Ρ’Ρ΄' > «. (110) 


But f(¢) and g(¢) are continuous functions, so that the chord P’P”’ 
corresponding to any two values of ¢, ¢’ and t’’, is a continuous function 
of these two variables on a closed two-dimensional interval. Thus it is 
uniformly continuous, and there is a ὃ such that 


P’P” «εἰ, when |t’”’ -- {1 « ὃ. (111) 


Since the arc P;P,’ contains some chord of length >e, it must include a 
pair of points whose values of ¢ differ by more than 6. Hence the values 
of ¢ corresponding to P; and P,’, say t, and ¢?’, must differ by more than 
5, so that: 

lin’ — | δ ὃ. (112) 


Now keep ε fixed, and let n take in succession the values 1, 2, 8, ---. 
Kither all of the points ¢ coincide for sufficiently large values of n, or 
else the infinite set has at least one limit point, py section 9. In either 
case a subset of values of n can be selected such that the corresponding 
values of ¢, approach a limit, say #j. Similarly, from these values of ἢ 
& second subset of values of n can be selected, say m, such that the values 
of t,’ approach a limit, say tj’. Then we have: 


lim = tj and lim t/’ = ( (113) 
It follows from the relations (110), (112), and (113) that 
chord P§Po’ = 0, [(΄ — t| Σ ὃ. (114) 


This contradicts the condition that the arc be simple, and hence proves 
the assumption that dy does not approach zero was false. 

Thus for simple ares, when max chord P;_,:P; > 0, ἂμ -- 0. Butfrom 
the definition of diameter, when dy—0, max chord P;1P;— 0. 
Hence, in defining the length of a simple continuous sensed arc, we may 
consider sequences for which max chord P;_,P;— 0, instead of those for 
which dy — 0. 

173. Variation. If f(¢) is a continuous function of bounded variation 
on the closed interval a,b the equations 


x=f(t) and y=0 (115) 
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determine a continuous sensed arc, whose length is the total variation of 
f(t) for the intervala,b. Since f(t) is uniformly continuous, any sequence 
of subdivisions for which max δὲ; — 0 will be such that dy —0. This 
proves: 

For a continuous function of bounded variation, the total variation 
VY =lm>d laf;| for any sequence of subdivisions for which max dt; — 0. 


174. Properties of Arc Length. From the corresponding properties 
of polygons, it follows that the arc length of a curve, or continuous sensed 
arc, as defined in section 171 is such that: 

If an arc is divided by a point into two arcs, the total length is the sum 
of the lengths of the two parts. That is, 


L, = 15 + Li, (116) 


where we use sub- and superscripts to denote the end points, as -we do for 
integrals. As for the integrals, we may define 


Li = -Li, (117) 
and write the preceding relation more symmetrically as 
b+if+ Lt = 0. (118) 


From the symmetry of this relation it will hold for any three values of 
a, b, c regardless of their order. 

If we denote the variation of f(¢) from a to t by Vi, and similarly that 
of g(t) by Vg, we may deduce from equation (102) and the preceding 
section that: 


VR or Ve SLE SVP + Vo. (119) 


As this holds for any interval whose end points are in a,b, we may apply 
it to the interval t,t - h where ¢ is in the open interval and h is sufficiently 
small. We may then deduce from the last part of the relation and the 
continuity of the variations which was proved in section 161 that the arc 
length is a continuous function of the values of tat the end points. Also, 
from the first part of the relation and the increasing character of the 
variations, we may deduce that Li increases monotonically with é It 
will actually increase with ¢ as ¢ increases from t’ to t’’, unless f(t) and 
g(t) each have zero variation for this interval ¢’,t’’. In this case, the 
functions are constant, and, for any ἐ such that 


stst”’, fit) =f’) and g(t) = g(t’). (120) 


Thus this can not happen in the case of a simple arc. In fact, since 
broken lines are at least as great as their chords, the same is true of arc 
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lengths, and if P’ and P’’ are distinct points, and ¢’ and t’’ corresponding 
values of the parameter we shall have: 


Le ab tea", (121) 
The only function of the parameter was to order the points. The last 


relation shows that the points will be correctly ordered if we take the arc 
length itself, 


s= Li, (122) 
as the parameter. In this way we obtain a representation of the arc: 
z= (8), y = G(s), (123) 


with geometric significance. These functions will each be continuous, 
since we may conclude from equation (101) that: 


[δ] or ἰδ < P;_1P; S 5s;. (124) 


175. Integral for Arc Length. Now suppose that for some choice of 
the parameter t, the functions f(¢) and g(t) each have derivatives con- 
tinuous over the closed interval a,b. In this case the functions f(t) and 
g(t) will necessarily be of bounded variation, as we proceed to show. By 
the law of the mean, 


of; = f(t) — fi) = Σ΄ (ᾧ) dt: (125) 
for a suitable choice of {{ in the interval t;_1,t;. Hence 
Σ, ἰδ} = x If” (t7)| ots. (126) 


When we let max δὲ; — 0, the right member approaches a limit by section 
122. Hence the sum on the left is bounded, and the function is of 
bounded variation. In fact, by section 173 we find from the limiting 
relation: 


b 
γῇ - [70] αι. (127) 


A similar argument applies to g(t). 

It follows from the last theorem of section 171 that the curve has an 
arc length. To express this as an integral, we first deduce from equa- 
tion (125) and the similar equation for g(t) that: 


Σ νὙ}-Ὲ δῇ - LV POP FW EP a. (128) 


As this is a Duhamel sum, and the functions are continuous, by the 
theorem of section 164, for any sequence of subdivisions for which 
max δί; or 64 —0, this approaches a Riemann integral. Since any 
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such sequence corresponds to a sequence of subdivisions with dy — 0, 
the polygonal lengths will approach L. It follows that: 


b 
= [ὙΠῸ +t’ OF a (129) 


If we denote the integral from a tot by 8, we have, since the integrand 
is continuous: 


* _ Vir ΓΟ. (130) 


di = 
As a consequence of this: 
ds? = ἀν + dy’. (131) 


176. Ratio of Arc to Chord. Let us consider the ratio of an arc join- 
ing two points corresponding to ¢, and ἕο, to the corresponding chord. 
For the chord we have as in equation (126) 


PiP2 = VU 2 + [σ΄ PF δὲ, (132) 


where ¢t’ and ¢’’ are two suitable values between ¢,; and #2. But, since 
the integrand of equation (129) is continuous, we have by the mean value 
theorem for integrals 


te fas τος: τὸ rg τ τ" 
are PiP2= f Vif OP + lo OF αὶ 


τς {Ὁ} ΕΒ [σ΄ (712 δί. (133) 
This shows that 
chord ΡῈ, VIF GDP +19 COE (134) 
arc P,P. Vv 7771} + 9’ P 


Next suppose Po is a point corresponding to t, and that f’ (0) and 
σ΄ (tp) are not both zero. Then if P:; approaches Po, ἐξ approaches to. 
For, suppose that f’ (to) ¥ 0. Then iff’ (to) = M, for a suitable h, 


M M 
"(ἢ -- Γ)] «τς and [fOl> ς if le- tol «ἃ. (135) 
Hence, if [t; — tol < A, 
PiPo9 2 ud lt: — tol, (136) 
since we may replace P2 by Po in equation (132). This proves that 


|é; — t| must approach zero with P,P . Similarly if P2 approaches 
Po, te approaches fo. 
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Now let P; and P2 each approach Pp. Then t; and ἐς each approach 
to. Hence ζ΄, t’’ and t’”’ in equation (134) each approach fy. Since the 
numerator and denominator each approach the same non-zero limit, it 
follows that the right member of equation (134) approaches unity. 

If we use the procedure of section 61, and recall equation (131), we 
may determine an angle ¢ such that: 


dx = dscos¢, dy = ds sin ¢. (137) 


Since these equations make 


Bs tan φ, (138) 


¢ is the slope angle of the curve. 

We may take s as the parameter, as in equation (123). If, when we 
do this, ¢ is a continuous function of s, we say that the curve has a con- 
tinuously turning tangent, or is smooth. In this case we have from 
equations (137): 


d 
F’(s) = - = cos¢, and G’(s) = = = sin ¢. (139) 


Thus the derivatives are continuous functions of the parameter s, and 
are never both zero since cos? ¢@ + sin? ¢ = 1. Hence for a smooth 
curve, we may take any point as the point Po of the above discussion. 

We note conversely that if, for some choice of the parameter, f(t) and 
g(t) have continuous derivatives, never both zero, the curve is smooth. 
For in this case, by equation (130), ds/dt > 0, so that the function s(t) 
determines a continuous inverse function, ¢(s), and since tang = 
g’ (t)/f’ (t), ¢ is a continuous function of ¢ and hence of 8. 

We may summarize the principal result of this section in the follow- 
ing statement: 


If the two end points which determine an arc and a chord of a smooth 
curve each approach the same point of the curve, the ratio of the arc to the 
chord approaches unity. 


177. Material Curves. One of the fundamental concepts of theoreti- 
cal mechanics is the material particle, or mass point. The mass point 
is ἃ point associated with a positive number. If the point is in a plane, 
and the mass is m, each triplet m, x, y determines a mass point. 

Let us next consider a particular are of a smooth curve. If we 
associate with each subarc of this curve a mass proportional to its length, 


me = DL?, (140) 
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we determine a material curve which is homogeneous, or of constant 
density D. Let s denote the length of arc between one end and a vari- 
able point of our fundamental arc, and m(s) the corresponding mass. 
Then | 

m(s) = Ds and m* = D(s’’ — 8). (141) 


If we associate a positive continuous function D(s) with a smooth 
arc, we determine a material curve of variable density. For subarcs the 
mass is given by: 


m(s) = [νὼ ds and γι = [ D(s) ds. (142) 


i 


The laws of mechanics for continuous systems are obtained by extend- 
ing those for a finite number of particles by the following process. We 
divide the continuous system into n parts, and replace each part by a 
single particle whose codrdinates are those of some point of the part, 
and whose mass or force component is the total mass or force component 
of the part. Let Q, denote any expression with physical significance for 
the finite system of πὶ particles. If, for any sequence of subdivisions 
such that the maximum diameter of the parts, ἀμ — 0, the expression 
Q,, approaches one and the same limit Q, we assign to Q the same physical 
significance for the continuous system that Q, has for the 7 particles. 
We also extend any law involving one or more quantities Q, to the 
quantities Q. 

That the laws obtained in this way will not depend on the choice of 
coérdinates, or of parameters follows from their significance for the 
finite systems. 

Our method of extending the geometric concept of length from polygo- 
nal lines to curved arc, while not identical with this process, was in 
principle similar to it. 

It is not always emphasized that the process merely suggests the new 
laws and definitions. It does not prove them, since a continuous system 
is not a large number of particles and additional assumptions are needed 
to derive laws for such systems. 

For systems of particles, the moment about the y-axis is given by: 


ΜῈ = Σ xm, (143) 


i=1 


For any subdivision of a material curve, this leads to 


Σ 2(s!)D(s!") br, (144) 
i=] 
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where s; is the arc length to an arbitrary point of the ith part, and s;’ is 
the value obtained by applying the law of the mean for integrals to 


f D(s) ds = D(s;’) 6s;, (145) 
8ὲ.-- 

which represents the mass of the nth part by equation (142). Since 
the functions in the Duhamel sum (144) are continuous, it follows that 
a limit is approached when dy — 0, and hence max 6s; ~ 0. We define 
this limit as the moment of the material arc about the y-axis, and write 


m(s)Z(s) = [τῶν ds. (146) 


Since the left member of equation (143) is the product of the x coérdi- 
nate of the center of gravity by the total mass for the system of n parti- 
cles, we give a similar significance to the left member of equation (146). 
The factor m(s) is defined by equation (142), and equation (146) then 
defines Z(s), the x codrdinate of the center of gravity for the material 
curve. 

The moment about the z-axis, and 7(s), are similarly defined. Thus 
we have 


misya(s) = [ "y(s)D(s) ds, (147) 


and the moment about any line in the plane may be found from these as 
for particles. Similarly, from the products of inertia for the system 
of particles in a plane we are led to define: 


Tes = f 22D ds, Iny = f yD ds, Iyy = f y2D ds. (148) 
0 0 0 


The moment of inertia about any line is obtained from the integrals in 
the same way it is found from the corresponding sums for particles.. 
178. Specific Force. We may associate a continuous function P,(s) 
with a material curve, the applied specific force in the x direction. The 
total force in the x direction for any part of the curve is then determined 
by 


5 { P,(s)ds. (49) 


Ρ,6)- f° Pals) ds or F, 


The second expression is the force on a subarc with end points s’ and s’’, _ 
Similar definitions apply for the component in the y direction, and for 
that perpendicular to the plane, or in the z direction. 

~ If all the applied forces are in the same direction, say parallel to the 
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y-axis, we may define the x codrdinate of their resultant by an equation 
similar to equation (146) for 7(s). The process of the preceding section 
also leads us to define the total moment about any line for the forces 
applied to the system in terms of such integrals as 


f eyo (150) 


by equations similar to those which hold for sums. 
The laws of motion for rigid systems of particles may now be extended 
to such equations as: 


f D(s) ds anf PlG@)ds. or’ mG) ἐπ = Fa), (151) 


for the motion of translation of the center of gravity, and 
8 d76 8 
{ (X* + Y?)D(s) ds ae { (ΧΡ, -- YP,)ds, . (152) 
0 0 


for the rotation about the center of gravity, where 
X=2x-—# and Y=y-YJ (153) 


are the codrdinates referred to the center of gravity. 
For the attraction of a particle on a unit mass located at the origin, 
we have for the specific force in the x direction: 


ym x 
a ty? να + y? 
and the process of extension leads us to define the attraction of a material 
curve on a unit particle at the origin as a force whose x component is 
᾿ xD 

Az = γ ———4 ds. (155) 
"(δ - μ᾽) 

We note that in the theory of electricity the charge density is analo- 
gous to D, except that it may be negative as well as positive. 

179. Stieltjes Integrals. In our discussion of the last three sections, 
we assumed the density continuous and the curve smooth. Under these 
conditions, we may convert the integrals from integrals with respect to 8 
to integrals with respect to other parameters, as x or y for restricted 
parts of the curve by using the results of section 175. 

However, as given our argument applies to any continuous curve 
which has an arc length, since for such a curve x and y are continuous 
functions of s. 
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Again, the function m(s) as defined by equation (142) has a deriva- 
tive, dm/ds = D(s). We may relax this restriction, by merely requiring 
m(s) to be any monotonically increasing function of s. In this case, 
we define the density as m’(s) for those values of s at which the funetion 
has a derivative. At other values the density is not defined. We 
replace D(s) ds by dm in equations (146), (147), and (148): these 
become Stieltjes integrals, which exist since z and y are continuous func- 
tions of s and since m is monotonically increasing. 

Similar remarks apply to the integrals of section 178, with P,(s) ds 
replaced by dF,, where F,, is any function of 8 of bounded variation. 

These extensions enable us to treat the case of a material curve with 
continuous density, with a certain number of material particles attached 
to it, by one expression. Also the forces may either result from continu- 
ous specific forces or be applied at one point, like the continuous and 
point loads in the theory of beams. In such equations as (151) and 
(152) we frequently have a continuous density, but a simple sum on the 
right. The use of the Stieltjes integral is of more theoretical than practi- 
cal value here, since in any case where its value can be easily computed, 
this is done by reducing it to sums and Riemann integrals. 

180. Line Integrals. Let P(z,y) be any continuous function of x 
and y in some two-dimensional region including all the points on an arc 
of a curve having an arc length. Along the arc, s’ S$ 8 S$ s’’, the 
coérdinates x(s) and y(s) will each be a continuous function of bounded 
variation. 

Let us form any subdivision of the arc by points (x;,y;) corresponding 
to values s;, and form the sum 


S =D P(ai,y;') dx, (156) 
t=1 


where z; corresponds to s;, and y/’ corresponds to sj’, and sf and s/’ are 
any two values of 8 of the closed interval s;_1,8;. 

Since x(s) is continuous and of bounded variation, by section 161 we 
may write 


x(s) = f(s) — g(s), (157) 


where f(s) and g(s) are each continuous, increasing functions of s 
throughout the closed interval s’,s’’. By section 37, if 


p =f(s’), p’ =f(s’) and gq’ = 9(s’), φ΄΄ = 9(s’’), (158) 


the equation p = f(s) defines an inverse function 8 = f—1(p), continu- 
ous and increasing throughout the closed interval p’,p’’. Similarly the 
equation g = g(s) defines an inverse function, s = g~'(qg), continuous 
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and increasing throughout the closed interval q’,g’’. And, by section 36, 
we may consider x = 2(s) and y = y(s) as continuous functions either 
of p or of g. Now write 


S =D P(xiy’) 6p; — XL P(ai,yi’) δαι. (159) 
i=l 1=1 


From the increasing relation of s to p, and p to s, if s; corresponds to 
pi, the ρὲ will determine a subdivision of p’,p’’, and s; and s;’ will corre- 
spond to values p; and p;’ in the closed interval p,;—;,p;. Thus the first 
sum is a Duhamel sum when p is the independent variable, and the 
second sum is a Duhamel sum when gq is the independent variable. 
Moreover, from the fact that p is a uniformly continuous function of s, 
any sequence of subdivisions for which dy — 0.and hence 6s; — 0, will be 
such that max 6p; > 0. Similarly it will make max 6g; 0. Thus, for 
any such sequence of subdivisions, by section 164, each of the sums will 
approach a Riemann integral, and the limit of S will be: 


»" α΄" ᾿ 
J. Paap - [ Pew) da. (160) 
p' q’ 
It is natural to abbreviate this expression as 
J Pes) as, (161) 


with the supplementary conditions: 
s'SsSs"',2=2x(s), y= y(s). (162) 


The expression (161) is called a line integral. 

We may use any other parameter in place of s, provided that we use 
only sequences of subdivisions such that dy — 0. In some cases, analo- 
gous to the situation in section 165, some sequences with max δας > 0 
or max δέ; — 0, where ἐς is the parameter, may not give the correct limit. 

When the arc is smooth, 


[Pen ae = f Pie(e)y(on Sas, (168) 


since we may replace dp; — 5g; by 62; or x’ (877) 5s; in equation (159), 
and regard this as a Duhamel sum for the integral in equation (163). 
In this case, for any parameter ¢ such that s(¢) has a continuous deriva- 
tive, 


dz 
frend = fPeovol sae, (164) 
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The entire discussion applies with x and y interchanged to the line 
integral 


fee) ay. (165) 


We usually consider the typical line integral in two variables to be of 
the form: 


f P(x,y) dz + Q(z,y) dy, (166) 


with supplementary conditions similar to those in equation (162). This 
is defined to mean the sum of the two line integrals (161) and (165). 
181. Work. If a particle is under the influence of a force with com- 
ponents F, and.F,, each being constant, the total work done by the force 
during any displacement from the point (x,y) to (22,y2) is by definition 


F (tq — 41) + Fy(y2 — 1). (167) 


Suppose a particle moves along any curve having an arc length, under 
the influence of a force with components F,(z,y) and F,(z,y). Such a 
variable force is called a force field. We shall assume that the particle 
remains inside some region in which each of the functions F,(z,y) and 
F,(z,y) is continuous. If we make a subdivision of the are, s’ Ξ 8 S s”’ 
determined by points of subdivision s;, and replace the variable force 
components in the subdivision s,;_1,s; by the values for x;,y;’, we are led 
to associate the sum 


Σ Fe(wisys’) ba; ΕΣ Fy (uisys’) bys (168) 


with the work done for successive displacements along the subarcs. In 
accordance with our general procedure, we take 


x; = 2(s;) and y;’ = y(s;’), (169) 
where s; and s;’ each lie in the closed interval s;_1,s;. The discussion of 
the preceding section shows that, for any sequence of subdivisions for 


which dy - 0, the sum (168) approaches one and the same limit, 
namely, the line integral 


Jf Peloy) de + Pye) dy, (170) 


where 
8. sss’ and «= 2(s), y= y(s). (171) 


We accordingly define the work done by the variable force or force 
field, for the displacement over the arc, as this line integral. 
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182. Impulse. For the motion of a particle of constant or variable 
mass m along the z-axis, we have: 


dx 


d 
— = =—- 172 
Ἶ (mv) = F, where v ἢ (172) 
If we define the momentum by 
t 
M=m, then M—My)= f F dt. (173) 
to 


If we assume that F is a continuous function of the time, it follows 
that the momentum M has a continuous time derivative: 


— = F, (174) 


Instead of requiring F to be continuous, we may start with M as a 
function of ¢ and define the force as dM/dt at points where M has a 
derivative. At other points F is undefined. We then have: 


mv — (mv)o = fam, (175) 


where the integral on the right is a Stieltjes integral. On any closed 

interval where F is continuous, in the integral dM may be replaced by 
F dt. And, if an impulse I acts at time t we have: 

t+ t-+h . 

dM = lim dM =I. (176) 


t— h—>0+ Vi—z 
k—>0-+ 


183. Improper Integrals. Since the arc length is a continuous func- 
tion of the parameter, in any case where the discussion of section 175 
applies to every arc with end points in the open interval a,b, the arc 
length will be given by the integral from a to b if this exists 85 ἃ proper or 
improper integral. These considerations also apply to the other inte- 
grals with physical meaning. For the arc length, an example is the 
quadrant of a circle defined by 


2=V1-2@ y=t,0StS1, (177) 
for which 
—- (178) 


184. Higher Dimensions. With only minor modifications, most of 
the results on curves in two dimensions obtain2d in the last few sections 
apply to curves in three or more dimensions. In particular, such a curve 
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has an arc length when all the codrdinates are expressed in terms of a 
parameter by continuous functions of bounded variation. 
When all these functions have continuous derivatives, we have: 


b n 
2 f | Σ {00} ae (179) 


Likewise the discussion of material curves and the integrals and laws 
involving them applies in all essentials to material curves in three- 


dimensional space. 
The concept of line integral is also readily extended to three or more 


dimensions. 
EXERCISES VIII 


1. Let p; be ἡ + 1 points on the closed interval a,b such that a = py) < pi < 
p2<-++<p, = b. Suppose that the function g(x) is monotonic in the closed 
interval a,b and constant in each open interval p;_1,pz. If F(x) is continuous 
on a,b, show that | 


Ζ k 
f F(e) ἀρᾷ) = Fepedlotot) -- σφὼ] +X Feealatve+) -- opi) 


(a) if p. << & < pei; and (b) if z = pz, with g(p;) in place of g(pz-+). 
2. If G(x) = h(x) + g(x), where h(x) has a continuous positive derivative 
and g(x) is the function of problem 1, show that 


f ” F(z) dG(z) = f “ΡΜ de + f ” F(x) dg(2), 


the sum of a Riemann integral and the integral found in problem 1. 
3. If for each value of n, the numbers p; and q; paliety the relationsi—1 S 
Pi Stiandi—1 Sq; Si, prove that: 
ii 1 


ine oe ἘΠ ΟΣ 
no i=1V/2In —p;V2n+q; 6 
1 


Hint: Identify with ἃ Duhamel sum having f iy oar ἀπ ΠΝ; 
0 1- 


ΕΞ 


4, If F(g) is a continuous function οὗ g, and g(x) has a derivative which is 
continuous and positive for the values considered, show that the value of the 
Riemann integral of F(g) dg from σία) to g(x2) is equal to the value of the 


Stieltjes integral of F(g) dg from x, to 2. 
δ. If g(x) = 1, for 0 S x <1, and g(x) = 4, for 1 < x S 2, evaluate the 


2 
integral f zdg(x). Hint: Use equation (46), or problem 1. The result is 3. 
0 
6. If P(x) is a polynomial of the nth degree with no real root > a, and 
p> prove that [ [P(x)] dx converges. 


a 
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7. If P(x) is a polynomial with no roots in the closed interval a,b except c, 
b 
and this is a multiple root of the mth order, prove that f [P(x)] "dx converges 
a 


if mp <1. 
lee] f°) 
8. If »» 0, prove that f e~*? dz converges. Also that f P(x)e-*? dx 
a a 


converges, where P(x) is any polynomial. 
to} 
9. Show that f log |P(x)| dx diverges if P(x) is any polynomial, not 


identically equal to 1. 

10. Ifr = γίθ), x = rcos 0, andy = r sin @, determine z and y in terms of the 
parameter 9, express the differential of arc in terms of 8, and hence show that in 
polar codrdinates 


ds? = dr? + r? d6?. 


11. If φο is the value of the slope angle for a curve at 20,yo, the equations of a 
circle tangent to the curve at 29,40 may be written: z = x) — Rsin do + Ksinu, 
y= yo + Ια cos φρ — F& cos ὦ, where u is a parameter. For the circle, when 
u = do, ἢ = Χο, ¥ = Yo, dy /dx = tan dp and αὖ /dx? = sec* φ0 ἢ. Verify that, 
for the curve d?y /dx? = sec® @ ἀφ [48 at any point. Hence, if R = ds/dd at 
φο, the circle will have the same first and second derivative as the curve at 
Z,Yo. It is the circle of curvature of the curve at x,yo. The radius of cur- 
vature is p = ds/dd, and the center of curvature is X = αὶ — psing and 
Y=y+pcos¢. 

12. The locus of the center of curvature is the evolute of the curve. By 
problem 11, if x,y, @ and p = ds/d@ are expressed in terms of any parameter, 
the equations of the evolute are: X = x — psingand Y=y-+pcos¢. Use 
these to show that the tangent to the evolute is normal to the original curve, and 
that for any two values of the parameter between which p preserves its sign the 
difference of the values of p for the two points equals the arc of the evolute between 
the corresponding points. Hint: dx = ds cos ¢ = ρ cos ¢ d@ and dy = 
ds sind = psingdd. It follows that dX = —dp sing and dY = dp cos 9, 80 
that dY /dX = —cot¢d = (Y — y)/(X — z) and dS = [ἀρ]. 

13. Using primes to denote differentiation with respect to the parameter, show 

, "2737 1213/2 
that p = Lita Ae . This takes the familiar form Ui ii 
cy πὺν 
the parameter. Hint: Differentiate tan φ = y’ /z’ and use p = s’ /d’ to elimi- 
nate ¢’. 

14. If the parameter is the time, show that the acceleration has a tangential 

component dv [ἀξ and a normal component v*/p, where v = ds/dt. Hint: Use 


» when Ζ is 


problem 46 of Exercises V. 
15. If x and y are each elementary functions of a parameter, the equations 
/ #2 #2 f 72 72 
χων: τυ and τ τὺ determine X and Y as 


yx! ἘΣ ““ψ' ya! — zy 
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elementary functions of the parameter. From problems 12 and 13 deduce that 
the arc length of this curve is expressible as an elementary function of the 
parameter. Illustrate for z = acost and y = bsint. 

16. If p is a given function of ¢, the eodrdinates are determined in terms of Φ 
to within additive constants, corresponding to the location of the origin. Prove 
that the codrdinates and the arc length will all be elementary functions of ¢ if 


f p ἀφ, f psin ¢ dd, and ᾿ pcos Φ ἀφ are elementary functions. 


17. By problem 16, if p is a rational function of sin ¢ and cos ¢ the coér- 
dinates and arc length will be elementary functions. Illustrate in the fol- 
lowing special cases: (a) p = 8602 ¢, the catenary y = cosh x; (Ὁ) p= 
sec? @ esc φ, y = 6; (0) p = tan” ¢ sec’ csc φ, [(n + l)y]* = (η2)" Ὁ}, 

18. Show that the functions of problem 16 will be elementary if p is a rational 
function of sin (¢@/n) and cos (@/n), where n is an integer. An example is 
p = sin"? (p/n), where in polar codrdinates (n — 1)r = n sin™™ [6 /(n — 1)] 
and n@ = (n — 1)¢. 

19. Verify that the following simple algebraic curves have arc lengths expressi- 
ble in terms of elementary functions. (a) y? = 27/3 + bx; (b) y? = x7/8 + bat; 
(c) ν᾽ = ζει, where n is 4 positive or negative integer. Part (c) is essentially 
the same as the curve in problem 17(c). 

20. If p is a polynomial in ¢ and terms of the type cos αφ, sin bd, and e*; 
x, y, and 8 will be elementary functions of ¢ as in problem 16. Here, however, 
they will be polynomials in ¢ and the sines, cosines, and exponentials. Hence 


any integral of the form f a"y™ ds, where m and n are positive integers or zero, 


will be a function of ¢ of the same type. Thus for such a curve, regarded as a 
homogeneous material curve, its center of gravity and moment of inertia about 
a codrdinate axis will be elementary. Simple examples are: (a) p = 1, the 
circle; (b) p = φ, the involute of the circle; (c) p = e*®, the equiangular spiral; 
(d) p = sin ¢, the cycloid; (e) p = sin k¢ the epi- and hypo-cycloids. 

21. Suppose that for one curve z = χι(φ), y = ψι(φ), and s = s,(¢), while for 
a second curve x = χε(φ), y = ψε(Φ), and 8 = 8ει(φ). Show that the curve 
with ἃ = 2(¢) + 20(¢), y = yi() + ψε(φ) has ¢ as its slope angle, and 
$8 = 8,)(Φ) + s2(¢). This enables us to combine curves with simple expressions 
for their arcs to obtain new ones. 

22. If, for an are of a curve for which p preserves its sign, we have 


p = Ξ = [(Φ), prove that for the corresponding arc of the evolute we have 
= = f’(¢), if S is measured in the direction in which p increases. Show also 
that, if the evolute is referred to axes obtained from the original axes by a rota- 
tion in the proper direction through 7 /2, ¢ is the slope angle for the evolute. 

28. Deduce from problem 22 that for the curves in problem 20, (a) is 
the evolute of (b); (c) and (d) have evolutes of the same size and shape as the 
original curve; and (e) has an evolute of the same shape as the original curve. 
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24. For a space curve with x as the parameter, y = y(x), and z = 2(z), let 
primes denote differentiation with respect to x. Prove that, if 22’ = y”, 
8 = x2+2-+ constant. Illustrate for y = 27, 2 = 2: (3. 

25. As a generalization of problem 24, prove that, if 


yo ityt-@ty, 
2a -+ 2by’ 
then 8 = az + by + 2+ constant. If y is any function of x for which the 


expression has an elementary integral, this leads to a space curve with elementary 
arc length. 


26. Let c(x) be continuous, p(x) 2 0, and P(z) = f p(x) dx, a proper or 
a 


improper integral fora S x Sb. Then, for any z on the closed interval a,b the 
μη 
Stieltjes integral { c(x) dP(x) equals the proper or improper Riemann integral 
a 


e(x)p(x) dx. Hint: If S is a Stieltjes sum with δὰ such that the oscillation 


a 


of c(z) in any interval < ε, then f c(x)p(a) dx — gar S ¢ 6P;, so that 
ΕΝ 


-: 


b 
f c(x)p(~) dx — 51] S eP(b). For improper integrals, as in section 169, we 


need only treat the case where p(x) is unbounded near b. By the result for 
proper integrals, the two are equal on a,b —h. Let h— 0. The limit of the 
Riemann integral exists, since p(x) is integrable. Hence the improper Stieltjes 
integral exists and equals the other. . 


B z 
27. Let u = f U dx and vy = [ V dx, where, if the integrals are improper, 
a a 
b b 
f [0] dx and { |V| ἀν exist. Then the rule of integration by parts applies 


in the form fava = w — [Ὁ ἀν. Hint: Write u = u, — uw, where 


u,; = U or 0 according as U > 0 or not, w = —U or 0 according as U < 0 or 
not, and similarly v = v; — v2. This reduces the problem to the case where 
U and V areeach 2 0. By problem 26, the integrals may then be replaced by 


Stieltjes integrals, and the relation is f udv = uw -- f vdu. This holds for 


proper Stieltjes integrals by section 165, and for improper ones we may take 
limits, since wu and ν are continuous. 


CHAPTER IX 
INFINITE SERIES AND INFINITE PRODUCTS 


The question of whether an infinite series converges or not, from one 
point of view, is a special case of the problem of determining whether a 
variable, defined for a discrete infinite sequence of values, approaches a 
limit. Thus many of the theorems concerning infinite series are immedi- 
ate corollaries of the results for limits proved in Chapter II. Our reason 
for not explicitly introducing infinite series earlier is that the discussion 
of certain tests for convergence is simplified by the use of integrals. 

After deducing a number of tests for the convergence of infinite series 
of real or complex terms, we define infinite products, and prove several 
theorems concerning such products and their convergence. 

185. Infinite Series, Convergence. Let wi, wu, ws,...be any 
enumerated discrete sequence of real or complex numbers. Then the 
expression 


Uy + ug tug - “τ or Lun (1) 


sometimes abbreviated to Liun, is called an infinite series. The general 
term is U,, and is a function of n defined for positive integral values. The 
sum to n terms, or the nth partial sum, is 


Sy = Σ τὰ = tn + tla ttig $+ + tn (2) 


We note that in this finite sum k is a dummy index, as defined in section 
127. 

A convergent series is one for which, as n becomes infinite, s, approaches 
a finite limit s. That is, 

s = lim 8,. (3) 
nr—>O 

We call s the sum or value of the series, say that this series converges 

to s, and write 


ΒΕ Σου (4) 


By a real series we mean one for which the values of all the u, are real 
numbers. A series of complex terms, with 


Un = An + tn, (5) 
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has as its partial sum 


So = Lag ti LD by. (6) 
k=1 k=1 


Consequently, by section 99, the series will converge if and only if the 
two real series with terms a, and 6, converge. Moreover, when the 
series is convergent, 


$= Σ An +1 Σ Dn. (7) 


Thus the question of convergence of any series of complex terms is 
equivalent to a similar question for two real series, the real and imaginary 
component series. Also the sum of the series of complex terms is a simple 
combination of the sums of the two real series. 

186. Divergence. A divergent series is one which does not converge. 
For such a series, s, does not approach a finite limit. For a real series, 
if lim s, = +0, we say that the series diverges to infinity, and if 
lim s, = — ©, that it diverges to minus infinity. In all other cases 
where &, is real and the series diverges, the upper and lower limits of 8, 
as defined in section 23 will be different. If these limits are both infinite, 
lim 8, = +o and lim s, = —©, we say that the series oscillates 
infinitely. If the upper and lower limits are one infinite and one finite, 
we say that the series oscillates semi-infinitely. If the upper and lower 
limits are both finite and distinct we say that the series oscillates 
finitely. | 

The behavior of a divergent series of complex terms is best described 
by applying the expressions just defined to its real and imaginary com- 
ponent series, which are both real series. We note that if the series of 
complex terms is divergent, one but not both of the component series 
may converge. 

187. Elementary Transformations. I. Jf a finite number of terms 
of a series are changed, the new series Su, will converge or diverge with the 
old series, oun. 


To prove this, let K be the largest subscript of a term changed. Then, 
for all n > K, we have: 


8, — 8κ = 84 — Sx. (8) 


This shows that s/ approaches a limit if and only if 8, does. Also when 
either and hence both series converge, we have: 


8΄ = s+ sx — 8x. (9) 
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II. The omission of a finite number of terms from the enumerated 
sequence of terms or the insertion of a finite number of terms in any positions 
does not affect the convergence or divergence of a series. 


To establish this, let the largest subscript of any of the p terms omitted 
be K, and let the sum of the terms omitted be 7. Then, if we denote the 
nth partial sum of the new series by s,, for all > Καὶ, we have: 


8, = 8.4.» — Τ. | (10) 


Since n + p— © when n— οὐ, s, approaches a limit if and only if s, 
does. And, when both series converge, 


8.-ἴ -- Τ. (11) 


This proves the statement on omission of terms. The insertion of 
terms is merely the inverse operation. 

III. If C is a constant, distinct from zero, and uz, = Cun, the series Sul 
converges or diverges with Dun. 


For, in this case 


so that s, approaches a limit if and only if 8, does. And, when both 


approach limits, 
s’ = Cs. (13) 


We note that inserting parentheses in the expression for an infinite 
series 85 an unending sum has the effect of omitting certain values of s,. 
For example, 


(uy + Ug) + (ug + Ug) Ἐ - τ’ (14) 


may be regarded as an infinite series with u, = wen; + uen. Thus 
S, = Son, and the odd partial sums are omitted from consideration. 
Hence the insertion of parentheses will always change a convergent series 
into a convergent series with the same sum. The operation will also 
change a real series diverging to plus infinity, or to minus infinity, into 
a second real series with similar behavior. However, it may make an 
oscillating series converge. For example: 


1—i+1-—1+1-—1+4+-:-: oscillates finitely, (15) 
(l1—1)+ (1-—1)+ ( -- 1) +--- converges to 0, (16) 
1+ (-1 Ἢ 1) + (-14+ 1) τ - - converges to 1. (17) 


The example shows that the omission of parentheses may change a 
convergent series to a divergent series. 
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188. The General Condition. Let us apply the Cauchy convergence 
criterion of section 99 to the variable s,. We note that 


δια» — Sk = Unzi + Unpe τῇ τ + Unpp. (18) 


If p is an arbitrary positive integer, and k any integer exceeding N, then 
k and k + p will be any two distinct integers exceeding N. Conse- 
quently, from the condition that s, approaches a finite limit, it follows 
that: 

A necessary and sufficient condition for the convergence of the infinite 
series Doty 15 that, for any positive quantity ε, there is some positive integer 
N such that for any integer k > N., and all positive integers p, 


[κει + κι. + +++ + Ural < ε. (19) 


Although this condition is too general to be of much practical use as 
it stands, the necessary condition may be restricted to give a simple 
sufficient condition for divergence. To derive this, suppose that iun 
converges. Then the relation (19) holds for all positive p, and hence 
in particular for p = 1. Thus 


lueal<e if ΕΣΝε (20) 


That is, as k — ©, lim uz = 0, and the individual terms of a convergent 
series must approach zero as we go out in the enumerated sequence. This 
condition is not enough to insure convergence, as we see from the series: 
Leet ete teste titit (21) 
formed of successive blocks of 2” terms, each equal to 1/2”. The series 
diverges, since the sum to 2" — 1 terms is k. 
However, it follows from the condition that if, as n —> ©, u, does not 
approach zero, then )/u, diverges. 
189. Series and Limits. Every convergent series leads to a variable 
8, approaching a finite limit s. Conversely, every variable a, assuming 


a discrete set of values which approaches a finite limit A as ἢ — οὐ, may 
be related to a convergent series. For, if we put 


Uy = αι, Up = A, -- ἀκ-΄, &> 1, (22) 
we find 


Sn = αἱ + (dg — a) +++ + (Qn — Qn_1) = ἀμ. (23) 


This shows that the series }}v, has its partial sums s, = @,, and so con- 
verges to the sum A. 
Similar relations hold between divergent series and variables a, 


assuming a discrete set of values which do not approach a finite limit as 
i— ©, 
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Thus from one point of view the terminology of infinite series merely 
furnishes a second notation for the behavior of discrete sequences, and 
results for series are theorems on enumerated sequences expressed in 
terms of the differences of consecutive elements. 

190. Positive Series. We call >>u, a positive series if each of the 
terms u,, is real and positive or zero. We shall indicate this by writing 
Pn in place of uz. We treat such series separately because of their 
simplicity. Furthermore, we often deduce the convergence of other 
series from that of one or more positive series related to them. 

The positive series:2)p, has 


Thus s, is a monotonically increasing variable, and it follows from the 


theorem of section 27 that: 
A necessary and sufficient condition for the convergence of a positive series 
18 that for all n there is some number M independent of n, such that: 
Ss, Ξ Μ. (25) 


191. Comparison Tests. Let Dp, and Y=, be two positive series. 
We may deduce the convergence of the primed series from that of the 
unprimed series in the following cases: 


I. . If Dn S Pn, 
II. If p, = GnpPn and a, SA, 
, / 
III. If lim ᾿Ξ = 1,, ἃ finite limit. 
/ 
IV. rg Pett g Pett. 
Pn Pn 


These may be proved as follows. In case I, s, 5 8; so that s, ΞΜ 
if s, ΞΜ. Similarly, in case II, p, S Apn, and s, S$ AM if s, Ξ M. 


In case III, we note that if n = Ν, Ρ42Ρᾳ = L-+e. Thus, if L a3 e= 
A, p, S Apn and by the condition II, Σ p, converges with = Pn: 


But the addition of terms to the first series to obtain Σ p,, and the omis- 
n=1 
Ὁ 


sion of terms from Σ Pn to obtain the second series, has no effect on con- 


vergence, by the πο πῇ result of section 187. Thus Dp, converges 
with 2) pp in ease III. 
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To prove case IV, we use the identity: 


A ok oho ΡΣ (26) 
P1 Pn—1 Pn—2 P1 


and the corresponding one for the p,. It follows from these and the 
condition IV that 


Pn < Pn (27) 


/ 

so that we may use condition II, with A = ΕἸς 
1 

Since the convergence of p, implies that of p,, the divergence of p; 
implies that of p,, under any of the above conditions. Since we are here 
starting with p,, it is more natural to state that we may deduce the 
divergence of the primed series from that of the unprimed series in the 
following cases: 


i If Dn = Pn; 
Il’. If p, = bapa and ὃ, = B>O, 
‘4 
Ill’. If lim = L > 0, or +o. 
Iv’. τ Pet Pace ς Patt, 
Dn Dn 


From the discussion of section 187 it follows that in cases I, II, and IV 
or I’, II’, and IV’ the conclusion will follow if the conditions hold for all 
terms after some particular value N of n. 

192. The Integral Test. If f(x) is a positive, monotonically decreasing 
function of x, for all x greater than or equal to K, a fixed positive ὑπέσρεν, 


and if the improper integral f f(x) dx converges, then the series with 


Dn = f(n) converges, and conversely the integral will converge if the series 
does. 


To prove this, we first observe that 
f(k) Ξ (Ὁ) Sf(kK-—1) for Ksk-1s2xSk, (28) 
in consequence of the monotonic character of f(x). As a monotonic 


function, f(x) is integrable over any of the finite intervals defined in 
equation (28), and we have: 


k 
fk) < J 7) de $k -- 1). (29) 
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Putting k = Καὶ +1, Καὶ + 2,---+,n and summing, we find: 


310 3 [ὦ «Χο. (30) 


As the function f(z) is positive, the integral in this equation is monoton- 
ically increasing with n. Thus, if the integral converges as n > οὐ, it is 
bounded. Hence, by the first inequality the sum is bounded and the 
series converges. Again, if the series converges, the finite sum on the 
right is bounded, and by the second inequality, the integral is bounded 
and so converges, since it monotonically increases with the upper limit. 

Since the series and the integral converge together, they must diverge 
together. 

When both are convergent, we have: 


ries f sears Σ se). (31) 
k=K-+1 K k=K 


This test enables us to treat a number of series whose general terms 
are obtained from the integrals of section 170. In particular, we note 
that in consequence of equation (79) of that section, 


1 
2: πα converges if, and only if, a>1. (32) 
193. Geometric Series. Since 
t= prtl 
oe la er ἢ (33) 
and 
limr*tt=0, if OSr<1, (34) 


Tr—PD 


the positive geometric series with p, = r” converges. This fact leads to 
the following results for positive series: 


I; 115: Sr<1,foralln, or alln = Ν, then ΣΣ py converges. This test 
is & ΝΣ of section 191, IV, with p, = r”, so that prii/p, = στ. 

Il. If-— an = 1 for all n, or alln ἘΞ N, then DS py diverges. Thisisa 
gua a section 191, IV’, with p, = 1, so that prii/p, = 1. 

III. 170 iim ia a L, the series converges if L is less than 1, and 


n—>o Dn 


diverges if L 18 greater than 1. 
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In the first case L <1. Hence, if 


=<, e>0O and Lten te <1. (35) 


Let us use this as the e in the definition of a limit, and determine N so 
that 


Patt 1) < if n>N. (36) 
This implies that 
Potl Tae cl, if n>QN. (37) 


n 


Hence we may use L + easr and apply test I of this section to establish 
the convergence of Dopp. 
In the second case L-> 1. Hence if 


e=L-1i,e>0 and L—e=1. (38) 


Let us use this as the εἴη the definition of a limit, and determine N so 
that 


bo <e if n>N. (39) 
This implies that 
att > L- «2, if n>N. (40) 


The divergence of Dp, follows from this and test II of this section. 

The results J, II, and III which depend on the ratio pas1/py are 
separately or collectively known as the test-ratzo test. 

A test which depends on the general term of the series is: 


IV. The series pn converges ἣν Pn ΞῚ «1 for αἷΐπ, oralin 2 N, 
and diverges if Vp, = 1 for an infinite number of values of n. 


In the first case, ᾿ 


ifn=N,Vp, <r and Pa S71” with r <1. (41) 


Thus the convergence of ΣΡ, follows from test I of section 191, with 
4 n 
P, = τῆ, 
In the second case, since p, 2 1 for an infinite number of values, we 
cannot have lim p, = Ὁ, and the series is divergent by the condition 
proved at the end of section 188. 
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From the meaning of upper limit, and IV, we may deduce: 
V. Of lim V Dn < 1, the series converges, while if lim V Pn > 1, the 
series diverges. 


194. Harmonic Series. In equation (32) we proved that the har- 
monic series 


For this series we have: 


a 1\74 
Pet. = (142) ati 
nN 


1 

Σ τα converges ἴα »Ὶ anddivergesif a Ξ 1. (42) 
Pn (α- 1)" 

by equation (196) of section 83. 


1 
Now consider any positive series with 
/ 
Pn+i b (=) 
a οἦ; ιν Ξοὺς 
p! ᾿ Ἔο Ἂ (44) 


n 


[8 


This series converges if b > 1. To show this, we first select a value of a 
such that b >a> 1. This determines a convergent series with test- 
ratio given by equation (43). But we have: 
’ 
n in b — a 1 
Pett _ Pett ὅτε 9(2). (45) 
n n 

Since ὃ > a, (ὃ — a)/n is positive. The additional terms are of higher 
order than this in 1/n so that for all sufficiently large values of n, say 


/ ͵ 
n>N, aa — ae >0, or ae < = (46) 


We now deduce the convergence of p, from test IV of section 191. 

If the relation (44) holds with ὃ < 1, the series Dp, diverges, as we 
could deduce from a similar argument based on test IV’ of section 191, 
with 3/1/n as the comparison series, and a = 1 in equation (45). 

For positive series with 


| 
Pett 1-2 ο( : ) (47) 


i n n log n 


we may obtain a theorem which includes the case b = 1. Todo this we 


proceed as follows. . For the positive, decreasing sn ον ora ; 
x 


we have: 


* dz 
= log (1 — log (1 : 4 
toe og (log 7) — log (log 2) (48) 
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When xz — + ©, log x and log (log x) — + ©, so that the integral does 
not converge as t—> +. Hence, by section 192, the series with 


Pn = » n = 2, diverges. For this series we have: 
n log n 
n 1 
p _ (n+ 1) log (r+ iz (49) 
Pn-+1 n log n 
By the method of section 83, or problem 33 of Exercises IV, 
1 1 1 
log ( + ἢ =-—--+0 (2), (50) 
n n Nn, 
so that 
1 
] 1-- | 
log (n + 1) log n + og ( +7) 1 1 
“ι΄ - - τ +0 
log n log n n log n n log n 
(51) 
Hence, 


Ἢ 1\ 1 1 1 1 
Pon (14 A)PEC TY 424 + of 1 ): (52) 
Pati n log n - n niogn n log n 


By the procedure of section 83, we may deduce from this for the 
reciprocal function: 


1 J 1 
ΒΗ κα ΟΣ Ὁ 4 of ) (53) 
Pn n nilogn n log n 
Now consider a series whose test-ratio is given by equation (47) with 
ὃ <1. From equations (47) and (53) we have: 


͵ Ξ 1 -- ὃ 1 1 
Pugh _ Both = ——— + τοί ) (54) 
Pn Dn n n log n n log n 


Since the first term is positive or zero, the second positive, and the last 
of higher order than the first or second, it follows that the difference is 
positive for all sufficiently large values of n. Thus, by test IV’ of sec- 
tion 191, the series Dp, diverges. 


Since terms 0 ( ) are also ὁ (=) , by the result for series with 
n log n n 
ratio in the form (44), the series with ratio in the form (47) converges if 
b> 1. Thus we may state as the complete result: 

If the test-ratio of a series is expressible in the form (47), the serves con- 
verges if b > 1, and diverges if b = 1. 
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1 1 
We note that if g > 0, terms ὁ (-ἡς ΤΙ =i) or even O (=) are also 
τα 


1 
0 (- (ae ἢ » by equation (293) of section 92. Thus, in particular, the 


series with 


/ 
Pr+i b 1 


converges if b > 1 and diverges if ὃ Ξ 1. 

195. Practical Procedure. If p, is given explicitly as a function of 
n, we May express the test-ratio as a function of n. Suppose that there 
is a function f(x), continuous at x = 0, such that for some fixed value c 
and all sufficiently large n, 


ες ἐ( 3) en 


It is possible so to select the function that c = 0, but another choice 
may make f(x) take asimplerform. Then, if f(0) < 1, the series is con- 
vergent, and if f(0) > 1, the series is divergent by test III of section 193. 

If f(0) = 1, and the function f(x) has a finite second derivative at 
x = 0, by equations (188) and (189) of section 82 there is a development: 


f(h) = 1+ hf’(0) + O(h?). (57) 
If we replace h by 1/(n + c) and observe that 


1 1 1 1 1 
anes +0 (3 » and terms O (<3) are O (=) » (58) 


we may deduce that 


eee a + + 0(5 5) (59) 


As this has the form of equation (55) with g = 1, and b = —f’(0), we 
conclude that the series under discussion is convergent if —f’(0) > 1, 
and divergent if —f’(0) S$ 1. Otherwise expressed, the series is con- 
vergent if f’(0) is negative and numerically greater than unity, 
f'(0) < —1. The series is divergent if f’(0) is positive, or numerically 
less than or equal to unity, f’(0) = —1. 

We illustrate this procedure for the binomial series, with 


_ m(m —.1)(m — 2)---(m—n+1) . 


a 10s Se oe ἃ ἢ τ, (60) 
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when z = —1 and mis not zero or a positive integer. For these values, 
the terms all have the same sign forn > m. Hence, if we neglect the 
terms with n S m, if there are any such, we obtain either a positive series, 
or one obtained from a positive series by multiplying each term by —1, 
which does not affect either the convergence or the test-ratio. The test- 
ratio is 


Unti _— 2 Mm _ _ matt (61) 
Un n+ 1 n+l 
so that 
if 6 = 1, f(z) = 1 -- (m+ 1)z, f0) = 1, 7.00) = —(m+1). (62) 
Thus, when x = —1, the binomial series with general term given by 


equation (60) converges if m is positive, and diverges if m is negative. 
Although we excepted the cases of m zero or a positive integer from the 
discussion, we need not except them from the conclusion, since in the 
excepted cases the terms are all zero from a certain point on, and we have 
convergence. Thus the series converges for all values of m = 0, and 
diverges for all values of m < 0, when z = —1. 

The procedure of this section applies to most of the useful positive 
series. It is generally the simplest in practice, particularly when 
Pn4i and p, have common factors. Occasionally, when p, is an nth 
power of a simple expression, the tests of section 193, IV and V, are 
practically the simplest. 

196. Absolute Convergence. For any infinite series of real or com- 
plex terms, J/tn, the series whose general term is |u,| is a positive series. 
If this positive series converges, the original series necessarily converges. 
For, we have: 


κει + Mage tes + Uepe| S [egal + leezel +--+ Ε]Ι ει», (63) 


so that the sum on the left will be numerically less than ε if that on the 
right is. But, by the condition of section 188, if the positive series 
2 |un| converges, the sum on the right will be less than any fixed positive 
quantity ε, for all positive p, and all k > N,, a suitably chosen number. 
Thus the sum on the left is numerically less than e, for all such choices of 
p and k, and by the sufficiency of the condition of section 188, the series 
Dn converges. This proves: 


If Dilun| converges, then Liun converges. 


When 32|u,| converges, the series Siu, is said to converge absolutely. 
Thus absolute convergence implies convergence. 

Any sufficient condition for the convergence of a positive series, when 
applied to ΣΟ], may be used to prove the absolute convergence of 

Un. 
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In particular, we note that if 


πῆς p(—_), (0 


Un n+e 


for all sufficiently large integral values of n, where f(x) = |F(x)| is con- 
tinuous at « = 0, we have absolute convergence if f(0) <1. Also if 
f(x) has a finite second derivative at x = 0, and f(0) = 1, f’(0) < —1, 
we have absolute convergence by section 195. 

Note that the tests for divergence of positive series, for example those 
of section 195, when applied to ))|u,| may show that Σηιρ does not con- 
verge absolutely, but do not necessarily prove that the series itself 
diverges. 

If Diu, converges, but L|u,| diverges, we say that Diu, converges 
conditionally. 

197. The Abel Identity. The principal method of proving the con- 
vergence of series not absolutely convergent rests on an identity which — 
we proceed to discuss. 

Let a finite sequence of positive decreasing quantities be given: 


n12Zpez=ps2°:'2pr,2 I, os (65) 
and n real or complex quantities: © 
Uy, U2, Ug, °° Un. | (66) 
Form the partial sums: | 
81 = UW, So = Ur tug, 51», Se Ξ Ue τ τ -Ῥ τ“. +n, (67) 


and let M be an upper bound for their numerical values, 


|s,| SM, k= 1,2,---,n. (68) 
We shall prove that 
Epi Ξ pM. (69) 
We have: | 
ΣῈ pion = piss + Palen — 81) +++ + PalGn ~ δε) (70) 


= 81(p1 — D2) + S2(p2 — D3) + +++ + Sn-1(Pr—1 το Pn) + ϑηρα. (71) 
This is the Abel identity. 


ArT. 198] THE BONNET MEAN VALUE THEOREM 311 


The differences in the parentheses of the expression (71) are all posi- 
tive or zero, so that 


n n—1 
| Epon Ξ Σ [sel (pe — Peta) + |SnlDn (72) 
< M[(pi — po) + (pe — ps) τ τ + (Pai — Dn) + Pal (73) 
S Mp. (74) 


This is the inequality we were seeking to prove. 
Suppose next that the τς and hence the s; are real. Let M’ and M”’ 
be bounds for all the s;, so that: 


Μ' Ξ 84,3 Μ΄. (75) 


In this case we may obtain an upper bound for the right member of 
equation (71) by replacing each s; by M”’, and reducing the expression 
to M’’p;, analogous to the deduction of equation (74). Similarly we 
obtain the lower bound M’p,, so that 


M’'n, Ξ x py, S Μ'ι. (76) 


198. The Bonnet Mean Value Theorem. As an application of the 
relation (76), we shall prove Bonnet’s form of the second mean value 
theorem for integrals. The theorem is: 

If f(x) ts bounded and integrable for a S$ x S δ, and p(x) is positive 
and monotonically decreasing for a <= x < ὃ, then 


b ξ 
{Πρ ae = va) f (2) ax, (77) 


for a suitably chosen value of & in the closed interval a,b. 


On the interval a,b the function p(x) is integrable by section 158. 
Hence f(z)p(x) is integrable by the final result of section 156 so that 
the integral in the left hand side of equation (77) exists. Also [f(xr)| is 
integrable. 

We shall construct a sum which approximates the integral of f(z)p(z). 
We first select any positive number e, and determine a positive number 7 
such that 


b 
nf I(e)ldz « (78) 
We then divide the interval from p(b) to p(a) into n equal parts, taking 
nso large that each part islessthan7. That is, 


οἷς BD) BO). OP) 


: 5 (79) 
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We denote the points of subdivision by p,, so that: 
Pi = PCG), Pay = D(O), De = pi — (kK — 1)δ. (80) 


We shall associate with these n +1 values 2%. We take 2: = a, 
Tn41 = 6. For each intermediate p;, we define 2, as the least upper 
bound of points wu, such that 


p(x) 2 pr, for asx uy. (81) 
It follows that for the right and left hand limits, 
D(tr—-) = Pe = (a+). (82) 


Since p(x) is monotonically decreasing, and py = p,z+1, it follows that 
Lp Ξ κι. We may have equality for some values of k. If the in- 
equality holds, and 


Te< 2 «με, De ἘΞ P(X) 2 Desi. (83) 
Let us define 
P(t) = pry Wore 4 «τ... (84) 
The function P(x) will be defined on a,b except at the points z,, finite in 
number. For all other values of z, 
0S P(x) — p(t) S De — Per Ξ ὃ <7. (85) 


Consequently, we have: 


b b 
[fl serve ae — f 1eyP Ge ae 


b 
J s@@ -- Peds 


δ. 
sf sel Πρ -- P(@)| de 


S14 ft) dz Ξ ε. (86) 
But we may write: 


b n k 4-3 n 
f s@P@d=Em [Κἄτι Erm, 87) 
a k=1 Zk καὶ 


w= [Τὺ de, (88) 


so that wu, = 0 if x, = 2441. From the relations (86) and (87): 


n b a 
Σ Pitt -- ε 3 { S(z)p(z) dz S Σ piu, +, (89) 
k=l a k=1 


Art. 198} THE BONNET MEAN VALUE THEOREM 313 


so that we have approximated the integral by a sum of the type to which 
the Abel identity applies. 

Next let M’ and Μ'' be the minimum and maximum values of the 
integral of f(t) from a to x, considered as a function of z. Then: 


M's [ sadism”, asesd, (90) 


Also, since the integral is a continuous function of its upper limit 2, the 
values M’ and M”’ are actually taken on for certain values of the upper 
limit, x’ and 2z’’. 

If we form the sums s; of equation (67), using the τς of equation (88), 


8χ = [᾿ f(x) dz = [ ᾿ f(t) dt. (91) 


1 


Consequently, from the relation (90), 
M’ ss, 3 Μ΄΄ (92) 


As this has the same form as the relation (75), we may apply equation 
(76) and 


M'p, S X py, S M"'p,. (93) 
k=l 
It follows from this and the relation (89) that: 
ΜῬ, -- ε 3 [Πώρῳ dx = Μ’"», - ε. (θ4) 


But ¢ is arbitrary, so that this relation remains true if we omit the terms 
—eande. Recalling the definition of M’ and M’’, we may write: 


; ; 
pf sods f se@p@arsrf sds (6) 
This shows that 
ὃ 
{ S(x)p(x) dz is an intermediate value of 7; ἢ f(t) dt, (96) © 


considered as a function of x. Since it is a continuous function of z, the 
intermediate value must be taken on at some point ξ, and 


b 
[Τῶν ἀ = rif sa, oF pla) f f@)az. (τ) 


This is equation (77), the conclusion of the theorem. 
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199. The Abel Tests. Let S'w, be an infinite series, and 


ρι = p= psZ-:-=> mr z+: 20 (98) 


be a monotonically decreasing infinite sequence of positive numbers. 
Consider the series Dpnun. By the general condition of convergence of 
section 188, the convergence of this series depends on the magnitude of 
the sums: 


Dp 
Σ Pk-+-mUktm- (99) 
If, for all positive p, we have 


Pp 

Σ Ukim 
m=1 
then by the relation (74), with slightly different notation, 


S pryiSk. (101) 


Dp 
Σ Pk+-mUkim 
m=1 


If the series ’un converges, the relation (100) may be satisfied by values 
of δὰ such that S,—>0ask— ©. Then, since the p, are monotonically 
decreasing, the right, and hence the left, member of equation (101) 
approaches zero ask—» ©. Thus, by the condition of section 188, the 
series 2)Pntn will converge. That is: 

If the series Liun converges, and the py form a monotonically decreasing 
sequence of positive numbers, then the series Di pntln converges. 


A related result is: 
If the series Liun is such that for some fixed S and all values of k, 
k 


Σ᾿ δὰ 
n=I1 


positive numbers approaching zero as a limit, then the series Σ,Ρηῖι,. con- 
verges. 


<= S, and if the p, form a monotonically decreasing sequence of 


For, in this case we have: 


Ῥ k+m k 
Σ trim) = | Lun — DL unl S 28, (102) 
m=1 n=1 n=1 
and hence 
Pp 
Σ Ditmuktm| S 2pr418, (103) 
n= 


which approaches zero as k > ©. 
Yn each of these two cases, if S is a bound for all the partial sums 8, 
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the sum of the series }\p,Un is numerically at most p;S, since it follows 
from the inequality (74) that 


D 
LX Putte Ss pis. (104) 
n= 
We may establish the additional result: 
If the series ou, converges and the pn form abounded monotonically 
increasing sequence of positive numbers, then the series Lipntn converges. 


For, if P is any upper bound for the pz, it follows from the inequality 
(74), applied to this sum taken in reverse order, that: ὁ 


= PrtmSr S PS;, (105) 


» 
Le Ῥκιηπεικμπι 
m=1 


which approaches 0 when k — οὐ, since Diu, converges. 

200. Alternating Series. The series 1 —1+1-—1+.---has sums 
alternately 1 and 0. Accordingly all the partial sums are bounded. 
Hence, if we multiply in any monotonically decreasing positive sequence, 
Pn, approaching zero as 8 limit, we obtain a convergent series: 


Pi Po+ps—pgt:::. (106) 
Also, since the partial sums of the original series admit unity as an upper 
bound, 
Dp 
Σ (-1)**™ ρ μη S Pita S Dep. (107) 


n= 


It follows that the remainder of the series after k terms, 
x (—1)"™™ Daim = (—1)* pega + Σ (—1)**" Diim, (108) 


is either zero or has the same sign as its first term, and does not exceed 
this first term in numerical value. 

When the p, decrease, so that prio < py41, the remainder of the 
series has the same sign as its first term, and is numerically less than this 
first term. 

As an example of an alternating series, the series 


ee te ae ao ane (109) 
converges. Here the p, decrease. 
The series 
1ΞῚ ἘΦ Σ ΕΞ ΤΕ... (110) 


converges ἰο θ. Here the remainders are alternately equal to their first 
_term, and to zero. 
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201. Conditionally Convergent Series. It is shown in problems 10 
and 11 of Exercises IX that the sum of the series (109) is log 2, but that 
if we rearrange the terms, taking p positive to each g negative terms, then 
the sum is log (2p"/?/g!/2), 

This illustrates that the sum of a conditionally convergent series 
may change when we rearrange the terms. Consider any real condi- 
tionally convergent series. Let P, denote the sum of those terms among 
the first n which are positive, and —Q, the sum of those terms among 
the first » which are negative. Since the series converges, we have 

lim (Ρ, — Qn) = 8, the sum of the series. But, as the series does not 


R—>D 


converge absolutely, we have 


lim (Pr + Qn) = +, so that lim P, = +0 


n—>0O 


and lim Ὁ, = +. 


n—>oO 


Hence, after any finite number of terms are removed, we may still obtain 
from either P or Q a number of terms with an arbitrarily large sum, where 
P denotes the positive terms of the series taken in order, and Q the nega- 
tive terms with signs reversed, taken in order. This fact suggests a 
method of rearrangement of the series which will have any given number 
L,asasum. We begin with the smallest number of positive terms from 
P, taken in order, which have a sum greater than L. Then we add the 
smallest number of terms from —Q to give a sum less than L. We then 
take additional terms, in order, from P to make the sum greater than L, 
additional terms from —Q to make the sum less than L, and continue in 
this way. The resulting series will have a sum JL, since the difference 
between a partial sum and L will be less than the last term of P or Q 
used, and the individual terms approach zero since the series con- 
verges. 

Similarly, by using an increasing set of numbers in place of L at each 
stage, Say 7, we may make the new series diverge to plus infinity. Or, 
using -- ἢ, we could make the new series diverge to minus infinity. 

For series of complex terms, the real or imaginary component series 
may converge absolutely, but at least one of these series will converge 
conditionally, if the original series does. Hence there are rearrange- 
ments of the terms of the original complex series which will alter the 
sum. 

202. Rearrangement of Absolutely Convergent Series. If a series 
converges absolutely, its sum is independent of the order in which the 
terms are summed. For, let S’u, be an absolutely convergent series, and 
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Σ u, the same terms taken in a different order. Select an N such that for 
every positive integer p, 
p 


Σ |uniml <6 if n>N. (111) 


m=! 


Then, for any n; > N and nz > πὶ + py such that all the terms of 


ny Ns 
. * ; 
x un are included in Σ u,, we have: 


n=1 n=1 
Ny ‘ ny Pr Pr 
Σ tn — De Unl SD uz S ZX lezal, (112) 
n=1 n=1 k=1 k=l 


where uj, denotes a term with subscript exceeding n;. If the largest of 
these subscripts is n; -+ po, we have: 


Pr Pe 
Σ jujx| S Σ lun, tml « ε. (113) 
Since m2 becomes infinite when 7, does, this proves that 


οῦ οὐ 
u, τἰὸσΣὶ Un. (114) 
n=1 n=l 
The result may be applied to }\|u,| and L{u,|, so that the latter series 
converges, and the rearranged series Σου converges absolutely. 

In rearranging an absolutely convergent series, we may separate its 
terms into a finite number, q, of infinite sets, and use each set to form a 
new infinite series. We may then sum each of these gq series and add the 
qsums. Let the separate series be Dut,, LUsn,***) Ldn 


If Σ lun! = 5, (115) 
n=l 
P P1 
we have: Σ lun! S$ LX [ual Ξ S, (116) 
n=l n=1 


so that each of the separate series converges absolutely. Now select an 
N such that the relation (111) holds, and take any n, > N, and ne so 
large that all the first πὰ terms of the original series are included in the 
sums tO ne terms of the g series. Then we have: 
ᾳ Ne πι 

Σ pm Urn aes 2 Un| 3 Σ [γε]; (117) 

75} πΞ] n=] k 
where u;; denotes a term with subscript greater than n,. If the largest 
of these subscripts is πὶ -+ pz, we have: 


Σ [ex Ξ = em (118) 
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Since m2 becomes infinite when 7, does, this proves that: 


g w Ὁ 

ΣΣ Urn = Qo un. (119) 

r=1 n=1 n=l 
In place of a finite number of sets, we may use an enumerably infinite 
number of sets. Each set may be arranged in an infinite series, and the 
sums of these series taken as the terms of a new series. As-before, we 
may show that each separate series converges absolutely. We select NV 
and n; > N as before, and then take nz sufficiently large and a suffi- 
ciently large number of the sets, g, so that all the first n; terms of the 
original series are included in the first πῶ terms of the first q series. We 
again have the relations (117) and (118). Thus the left member of the 
relation (117) is at most ε for all sufficiently large n;, and we must have: 


ᾳ Ὁ a 
LL tm ~ L tal «ε (120) 
n=1 


r=1 n=1 

for sufficiently large q. : 

This proves that the infinite series whose terms are the sums of the 
separate series converges to the same sum as the original series. 

Conversely, a multiple series, or series of series, may be rearranged as 
a single series which has the same sum, if the single series is absolutely 
convergent. 

203. Operations on Series. ‘Two convergent series may be added 
termwise, since if wy, = Uy + vn, then 


Dp Pp Pp 
Σ vn = Σ τῳ ἘΣ on, (121) 
n=1 n=1 n=1 
so that Σ wn = Ltn t LD rn. (122) 
n=1 n=l n=1 


The same is true of any finite number of series. 
For the product of two convergent series, we have 


ΙΣ ω[Σ | = lim ΙΣ um |] > tn | (123) | 
n=1 n=1 n— > | m=] m=1 
ore n n n—1 n—-1 
-z | umn Σὰ — tm Σ Om | . (124) 
| n=1 Lm=1 m=1 m=1 m=1 
For n = 1, the sums from 1 to 0 are to be replaced by 0. 
Suppose that both series are absolutely convergent. Then if 


Σ [μη] = S and x νυ, = T, (125) 
n=1 n= - 
Ῥ ᾳ 
Σ ΤᾺ Σ lvn| Ξ ST. (126) 
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Thus any arrangement of the double series with general term |u,,v,| as a 
single series will have a bounded sum and hence converge. Hence the 
corresponding series with absolute value signs omitted will converge 
absolutely, and all rearrangements of 2) Lium’, will converge to the 
Same sum. Since one arrangement has a sequence of partial sums equal 
nr γι 
to [ Σ un | Σ, On | , it follows from the relation (123) that: 
m=] 


m=1 


οΌ οΌ οῦ οΌ 
ΙΣ un | ΙΣ | = 2 Σ Untn, (127) 
n=1 n=1 m=1 n=1 

when the two original series converge absolutely. The double series on 
the right may be rearranged in any way without altering the sum. The 
most useful arrangement generally is: 


UyVy + (UyV2 + τοῦ) + (uyv3 + Ugde + αἰ301}) +--+, (128) 


where the sum of the subscripts in the nth parenthesis is n + 1. 

204. Practical Tests. The tests for divergence of positive series 
which show that u, cannot approach the limit zero may be applied to 
Un. Thus, 
if lim 


Until 


>i, or lim V|u,| > se (129) 


nr 


the series u, diverges. 

Absolute convergence is usually proved either by applying the pro- 
cedure of section 195 to the series Σ᾿ |u,,|, or by a comparison with a posi- 
tive series known to be convergent. In this case we deduce the absolute 
convergence of Siu, from the convergence of Dip, and the relation 
lun] S Dn. 

206. Infinite Products. An infinite product is an expression of the 
form: 


(1 + ui) + ug) +++ (+ Un) ++: (130) 


By a real infinite product we mean one for which all the uy are real. We 
shall consider only products with no zero factors, so that 


Uz, ~ —1. (131) 


Analogous to the partial sums of a series, we may form partial 
products 


Pn = πα τ = α  ῳ)α + ta) (1 + tig) ++ (1+ tn). (182) 
If 
lim P, = P, (133) 


r—>D 
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where P is finite and different from zero, we say that the infinite product 
is convergent, and converges to the value P. We write in this case 


Il (1+) =P orsimply W+um) =P. (134) 


We sometimes use II(1 + u,) as an abbreviation for the expression 
(130) when the initial value is clear from the context. When P,, either 
does not approach a limit or approaches a limit zero, we say that the 
infinite product diverges. A real divergent infinite product may either 
diverge to zero, diverge to infinity, or oscillate. Compare the remarks 
on the behavior of real series in section 186. 

If a finite number of uy, all preceding the Nth factor, are allowed to be 
—1, the terms convergent and divergent may be applied to the original 


@ 
product to mean that ΠῚ (1 + u,) converges or diverges in the sense 
n=N 


just defined. This extension enables us to multiply in or divide out, or 
change a finite number of factors, zero or not, at the beginning of a 
product, without affecting its convergence or divergence. 

206. The General Condition. A necessary and sufficient condition 


οο 
for the convergence of the infinite product IT (1 + Un), Un γέ —1, ts that, 


for any positive number ε, there is a number N,, such that, for anyn > N, 
and all positive integers 7, 


Dp 
AT (1 + nye) — 1) < (135) 


To prove the necessity of the condition, let us suppose that the infinite 
product converges. Since P, the limit of P,, is not zero, we may select a 
positive number 7, with 

P| 


US Ss (136) 


We next select a number N such that, for n > N, 
ΙΡ, — Pl <n, or Ῥ, - Ρ - θη, with [0] « 1. (157) 


We will then have: 
IPI 


Ἢ (138) 


= |P,| 2 [P| — [Pa — Pl 2 


si (1 Ἔ Um) 


Also, ifn > N;n+p>N, and 
Pap — P = θη, [01 «1. (139) 
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Then 
n+p 
Tl (1 + Um) P 
TL + une) τις a 
It (1 + Um) 7 
em +0 (θ’ — θ)η 
= - - -ς-ς. 140 
P+ ae P + θη ὑπ) 
Consequently, we have for the absolute value: 
2n An 
ee ee ee 14 
FL. + nye) = 1 Sm Sip (141) 
2 


Since the only condition imposed on ἡ was the relation (136), we may 
so choose 7 that the last expression is less than any givene. In fact, 


--- <e if η«-«---᾿ (142) 


This proves that the condition is necessary. 

We will next prove the sufficiency of the condition. Accordingly, we 
assume that the condition is satisfied. Then, for any given positive ε, 
we shall have: 


ira + Unyr) -- 1] « ε, (143) 
or 


ii (1+ Unyx) = 1+ 6c, |@}< 1, for n2N,. (144) 


We let N denote Ν, for ε = 1/2, and only consider values of ε S 1/2. 
We also take NV, > N. 
Again, we have: 


TH, + tn) — ἤατιῳ = HH, + tm) | FE + ns) = αὶ 45) 


But, from equation (144) with ε = 1/2, 


P P θ 
St? = Πα. +unyp) Ξ- 1 Ἐπ. (146) 
Py kel 2 
Consequently, 
1 Ρ P 
- «ΞΡ < 2, and IPwl ΙΡνερὶ < Ἵ|Ργ!. (147) 
2 Py 2 
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Let us put 
M = |Pyl. (148) 


Then any n > N may be used as N + », so that: 
M 
oo ΙΡ,Ϊ «2Μ, if Ἀ» Ν. (149) 


For anyn > N..n > N,>N, so that the relations (143) and (149) 
both hold. From these and the identity (145) we may deduce: 


Pap — Prl <2Me, if n> Ny. (150) 


Since is fixed, and « arbitrary, it follows from this last relation that 
forn —> ©, P, approaches a limit by the Cauchy convergence criterion. 

Also, since no single factor is zero, M is not zero, and from the relation 
(149), the limit has a numerical value at least M/2, and so is different 
from zero. 

Thus, if the condition is satisfied, the infinite product converges. 

As a consequence of the necessity of the condition, we note that, for 


p =I, 
Ιᾳ + Unga) τ 1| <e, or [unyil<e« for n>WN,. (151) 


This proves that a necessary condition for the convergence of an infinite 
product ts that lim u, = 0. This condition is the reason for writing the 


nt? 
factors as 1 + up. 
207. Absolute Convergence. The expression 


+ un4x) -- 1, (152) 


which occurs in the condition for convergence, when multiplied out and 
the —1 cancelled becomes a polynomial in the u,z,; with positive coeffi- 
cients. Consequently, 


TE (1 + wage) — ἢ Ξ ἤ + lena) — 1. (153) 


It follows from this, and the condition of the preceding section, that if 
ΠᾺ + |un}) converges, then IE(1 + uz) converges. Under these 
conditions, the latter product is said to converge absolutely. The abso- 
lute convergence of any infinite product depends on the convergence of a 
positive product, that is one all of whose factors may be written 1 + pn, 
where the p, are positive or zero. Accordingly, we consider such posi- 
tive products. 
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We begin by applying the law of the mean to e”, x = 0, and so obtain: 


᾿ς 20 
: Sy or @ Sl+2, 150. (154) 
x—0 | 
It follows from this that: 
n Σ Dp 
Ξ} ( - p,) se", (155) 


The product of the first πὶ factors of a positive product is a monotoni- 
cally increasing | function of n, and accordingly approaches a limit if it is 


bounded. If Σ p, = 8, then e* is an upper bound for all the partial 


products, and hee products approach a limit as n— ©. Since the 
products are all at least unity, the limit is at least unity, and hence 
distinct from zero. Thus the infinite product converges. 

Conversely, if the infinite product converges, so does the series ΣΟ Ρχ. 
For we have: 


1+ Dm Ξ ἢ ἃ Ἔρω), (156) 


since the right member, when multiplied out, includes the terms on the 
left, as well as other additional terms which are positive or zero. This 
shows that if the product converges, its limit less unity is greater than or 
equal to any partial sum of the series }'p,. Thus these partial sums 
are bounded, and, since the series is a positive series, it converges. 

We have thus proved: 


A necessary and sufficient condition for the convergence of a positive infinite - 
product II(1 + p,), is that the positive infinite series ΣΡ, converges. 


If we consider the p, as un, we may conclude from this that: 


A necessary and sufficient condition for the absolute convergence of the 
infinite product IT(1 + up) is the absolute convergence of the infinite series 
Ltn. 


208. Rearrangement of the Factors. If an infinite product converges 
absolutely, and we rearrange the factors in any way that neither omits 
any, nor adds any factors, the new product will converge absolutely, by 
the properties of series and the theorem just proved. Let P,, be the 
partial product to n factors of the original product, with factors (1 + uz), 
approaching a limit P. Denote by P/, the partial product to m factors 
of the rearranged product, with factors (1 + u,), approaching a limit 
P’. By the general condition of section 206, applied to the positive 
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product with factors (1 + |un|), there is an N such that 


Pp 
ἧ (1 + [,.4.ν}}) -- 1 <e, for n>N, (157) 
Now take n > N, form P,, and then take m so large that all the factors 
of P, are included in P’. Then we have: 
P’ 
ΧΕ 1 
where all the uj, have subscripts exceeding n. 
From the relation (153) it follows that: 


IT(1 + τ) — 1 (158) 


πᾳ + uj) ~ 1S ΠΟ + [|ὼ}|}) — 1. (159) 
Since each factor (1 + |u,,|) is at least unity, if we add additional factors 
to the product in the right member, this member will be increased, or at 
least not diminished. Thus, for a suitable positive integer p, 


(1 + uj) -- 1S i (1 + |unsel) — 1, (160) 
/ 
and = -- 1 «ε. (161) 


Since m— © when n— οὐ, and P # 0, we may conclude from this 
that 
P’ pe | 
Ἐ τας or pi=4, (162) 


since eis arbitrary. Thus P’ = P, and we have proved that: 

If the factors of an absolutely convergent infinite product are rearranged 
to give a new product, the new product is also absolutely convergent, and 
has the same value as the original product. 


209. Products of Fixed Sign. If the τὸ, are all real and negative, we 
may write the typical factor as (1 — pn). If the pp are all less than 
unity, we have: 


(1 — pa)(1 + pn) = 1 -- Da «1, (163) 

1 
and (1 — pa) < Gio : (164) 
Thus IL ee ες το ἐκ (165) 


i (1 + px) 
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If the series p; diverges, it follows from the relation (156) that the 
product II(1 + p,) diverges to +, and from the relation (165) that 
the product ΠΑ — p;) diverges to zero. On the other hand, if the 
series Σ ρα converges, then the product ΠΑ — ρμ) converges abso- 
lutely. Since the infinite product II(1 + un) as well as the series Dun 
can only converge if lim wu, = 0, the condition that } is less than 


A> 
unity will always hold from a certain factor on, if we have convergence. 
Thus we may combine the result just found with that for positive prod- 
ucts in the theorem: 


If, for all sufficiently large n, the up, are real and of fixed sign, the infinite 
product ΠΩ + un) will converge if and only if the infinite series Lun 
converges. 

That the condition of fixed sign is essential may be seen from the 
example: 

1 | eee 1 


1 1 
~ ya = ot τὴ Uan—3 = τ 4? Mane = re (166) 


U= 
2 n 


The infinite product ΠΑ + u,) converges. For the individual factors 
approach unity, and when grouped in pairs we have: 


(1 + vena) (1 + vane) = 1 -- τ (167) 
n 


which is the factor of an absolutely convergent infinite product. How- 
n+1 


+ 
ever, the series ou, diverges, since its 2nth partial sum is 2) 1/k. 
k=2 
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1. If ¥p, is any convergent positive series, a second such series Lp, can 
be found with lim p,/pn = ©. Hint: We may put Τὸ = 8,7, = 8 — Sp, and 
Pn = VIn-1 -- νΎ,. Then s, = Vig ν' Tn, so that the primed series con- 


Pn Tn-1 — Tn 
verges tovs. And’? ---- —* — =a V ra +r, — 0. 
Pn LV, Tn—1 ania V te i 


2. If p, is any divergent positive series, a second such series can be found 
with lim p//p, = 0. Hint: We may put Pa = Ν 8. — Ν 8,...» Di = V1. 


Then Sn = V3, +o, and — = Vin = V8a-1 = ---Ξ------ΞΞΞ- — 0. 
Pa Sn — Sn-1 V sn +- V 8e-1 
3. If the terms of a positive convergent series monotonically decrease as n 
increases, then p, = o(1/n). Hint: The sum of the terms from that with index 
[n/2] to n exceeds (n/2)pn, so that if [8 — s,| << εἰ when n> N, npn < 2e 
when n > 2N. 
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4. The condition of problem 3 cannot be improved, since if f(m) is any 
positive function such that f(m)—> 0 as m—> 0, we may find a positive con- 
vergent series whose terms monotonically decrease, with pm = f(m) /m for an 
infinite number of values of m. Hint: Select a series of values of m, mx, for 
which f(mz) « 1/2*, take f(mz) /mz as the (mz)th term, and all terms after the 
(m, — 1)st which precede this. Then the series converges, since the sum to 


ke 
my terms is less than }> f(mz) < 1. 
= 7531 
‘ 5. Kummer’s Criterion. Let an be any sequence of positive numbers, and 


Pr — Qnt1 = Ky. 
P+ 
The series p, converges if lim K, > 0, so that for sufficiently large n the Ky, 
exceed some fixed positive number. Hint; With a change in the notation, if 
necessary, we may assume K, > A, foralln. Then dapa — Gniipayi > APn 
and summing 417; — Gny1P241 > A Ln, 80 that 7p, is bounded. 

6. If the positive numbers a, of problem 5 are such that 51 (ας, diverges, 
and lim K, < 0, or even K,, S 0 for sufficiently large n, the series )-p, diverges. 
Hint: Use the test IV’ of section 191, with 71 /a, as the comparison series, 


Pn the terms of a positive series. Form the expressions a, 


7. Prove that the positive series )'p, converges if logn | n ( ἼΩΝ ἢ - ι] 
᾿ Pn+i 


has lim > 1, and the series diverges if the expression haslim < 1. Hint: Put 


a, = n log ἢ, and use problems 5, 6 and equation (52) of the text. 
8. Deduce the rule of section 194, equation (55) from the preceding problem. 


9. Prove that the expression F(n) = 1 + : + ; Ἔ-.:ἩὮ τς log n is 
n 


always positive, and decreases with n, so that it approaches a limit as n—> ©. 
The limit is known as Euler’s constant, and is denoted by γ, so that 


lim F(n) = y. In section 323 we shall show how to compute its value, 
RPO : 


0.5772157---. “Hint: With f(z) = 1/2, we have from equation (30) 
logn S 1 ἘΣ Ἔ 7: Ὦ : Ὥ so that F(n) is positive. And from equation 


(29), 1/n S log n — log (n — 1), so that F(n) — F(n — 1) S 0, so that F(n) 
decreases with n. | 


10. Prove that 1 — : + : —--+-=log2,. Hint: If s, is the sum to n terms 
of ΣῈ] /n, sx = y + log n + o(1), by problem 9. For the series of this problem, 
the sum of 2n terms is se, — 2 (=) = ¥ + log (2n) — (γ + log n) + o(1) = 


log 2+ 0(1). The odd sums also approach log 2, since the separate terms 
approach zero. 

11. Prove that if we rearrange the terms of the series in problem 10, taking 
alternately blocks of p positive terms and g negative terms in order, the sum of 
the series is log (2p!/ /g!/?), Hint: As in the preceding problem, the sum of the 
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Sm Sm 
first m(p + 4) terms may be written as somp — oa - a = y + log 2mp — 
1/2(y + log mp) — 1/2(y + log mg) + o(1) = log2+ 1/2 log (p/q) + o(1). 
The other sums approach the same limit, since the sum of any group of 2(p + q) 

2(p + . 
or fewer terms from +1 /n, all beyond the Nth is at most ane which — 0 
when N—> ©. 
12. Prove that the positive series Dir” converges if and only if r < 1 by using 
the integral test of section 192. 


13. If we start with n = 2, the series with tn = ~ has all its terms 


n (log n) 
positive. It converges if a > 1, and diverges ifa ΞΞ 1. Provea similar result 
when the denominator is n (log n) (log? n) - - - (log” »)*, where log? n means log 


log n, and similarly for log’ n. We must start with a large enough value to 
make all the numbers whose logarithms are taken greater than unity, and the 
condition for divergence is always a Ξ 1. Hint: Use the integral test, and 
observe that 


d 1 
az 198" *) = Fog a) (log? x) --- ogra) ° 


af 


14. The series >> log a diverges by problem 13, or section 194. Show that 


for this series p, = 0(1/n). This proves that the condition of problem 3 is only 
necessary and not sufficient for convergence. 

16. Show that the series }>2” /n” is absolutely convergent for all values of z, 
and that the same result holds for )>R(n)x"/n", where R(n) is any rational 
function of n. 

16. Show that }:R(n)x” /n ! is absolutely convergent for all values of x, where 


2 
R(n) is any rational function. An example is the series 1 + 2 + a +... 


4 ~——4...-+, which equals 65 for real values of x, by problem 26 of Exercises.IV. 


17. Show that Σ 525 diverges for all values of x except z= 0, and extend the 
result to }R(n)n"x", where R(n) is any rational function not identically zero. 

18. Show that }-R(n)n ! x” diverges for all values of x except x = 0, where 
R(n) is any rational function not identically zero. Hint: Use problem 19 of 
Exercises ITI. 

19. If R(n) is any rational function, show that 2)R(n)x" converges absolutely 
if [1] <1. Also that it converges for |x| = 1 if the degree of the denominator 
exceeds that of the numerator by at least two. It diverges for |z| > 1, if R(n) 
is not identically zero. _ 

20. The series with u, =1/n diverges, while that with un = (-1)"(1 IV n) con- 
verges. But ju,| S \un|. This illustrates that no comparison test holds for 
non-positive series. 
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ab 
21. The series with uw = 1, uw = τη and 


_ aa + 1)(α -- 2)---@tn—- 1)b(6 + 1)(6+ 2)---(6+n -- 1) 
"ee + 1)(6 + 2)++- (+n —1d@+ N@+2)---G+n—-1)* 
is known as the hyper-geometric series. If no factor (a + n), (b+ n), (ὁ +n) or 
(ὦ + n) is zero, prove that it converges absolutely if [5] < 1, and diverges if 
[5 > 1. 
Un+i 1 A 


22. If the test-ratio of a series of complex terms has the form wae Ξ Ξ: 
nr 


1 2 
+0 (4). prove that the series is absolutely convergent if R(A) < — 1. Apply 


this to show that the hyper-geometric series of problem 21 is absolutely con- 
vergent forz = 1, if Ἀ(α - ὃ -- ς -- ἃ - 1) « 0. 

23. If the p, are a sequence of positive quantities which monotonically 
decrease to zero, Dip, sin ηθ converges, and if 6 ¥ 0, Sp, cos nO converges, 
Hint: They are the real and imaginary component series of Lpne”, and the 
sums of the geometric series Σ᾿ (6 " have |s,| = [1 — e409) 11 — << 
2/(1 — cos @), and so are bounded. 


b 1] 
24. The infinite product Π [ τ +0 (5) diverges to 0 if b > 0, and 
diverges to +0 ifb « 0, Also, for sufficiently large n, the product of n factors 
n? 
Lu, diverges if ὃ < 0, and converges if } > 0 and 60. Hint: Use section 


209, and the preceding problem. 
25. The binomial series is 


b ΤΥ: 
is a monotonic function of n. Deduce that if τόν ει {μι = E = +0 ( Ὶ» 


Lf me πε at pp MN Tt 


ts hak 
It follows from problem 29 of Exercises IV that it represents (1 + x)” for m real 
and x real and -1<2< 1. Prove that for m real but x complex, the series 
converges absolutely if |z] < 1, and diverges if |z] > 1. Also, that for [ἡ] = 1, 
it diverges if m S —1 and converges ifm 2 0. For —1 < m < 0, it converges 
for |x| = 1,12 # —1, and diverges if = —1. Hint: Use the preceding prob- 
lem and section 195. 

26. If m(x) is a monotonic function of x, and f(z) is bounded and integrable 
for a S x & ὃ, prove that there is a value & such that 


ὃ ξ ὃ 
pd b dz. 
{ ΓΙ, [ j(z) de + m(b) J ΤΩ) 


Hint: If m(z) is increasing, interchange a and ὃ. If m(x) is decreasing, put 
p(x) = m(x) — m(b) and apply the Bonnet mean value theorem. 
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27. If we put go = 0, 9. = Se, 70 ΞΞ 0, fe = De and bg, = 8ὃκ — 8κ-ἰ = Uky 
Sf = Pk — Pk-1, the Abel identity (71) may be written: 


Σ fe 9% = fngn — fogo — LL ger Sfx; 
k=1 k=1 


which is similar to equation (44) of section 165 and shows the relation of the Abel 
identity to the formula for integration by parts. 

28. Complete the details of the following proof of the Bonnet mean value 
theorem for the restricted case of f(x) continuous, and p(x) having a continuous 
derivative p’(x). Here we may assume p(b) 2 0 and p’(z) S 0, instead of p(z) 

Ζ 


positive and monotonically decreasing. ΠΡ) = J f(u) du, 
a 


b b b 
[ρα = [ Ῥ(Ωρ() de = F)0(0) -- Flap! Ce) a 


= F(b)p(b) — Γ(ξἼ»0) — p@)], 


by equation (52) section 125. If this equals Fp(a), by problem 1 of Exercises V, 
F divides F(b) and F(¢’) in the ratio of p(a) — p(b) to p(b), which is positive. 
Hence F lies between F(b) and F(é’), and so is assumed at some point ξ. Thus 


δ Ξ- ξ 
{Ἰνὼ dx = Ῥρίὼ = p@F® = v@ [194 


29. Prove that if p(x) is positive and monotonically decreasing for x 2 a, 
and p(t) -ὉὉ 0 as r—> +, while for some fixed number M and all values of 


@ 
x > a, | Ἵ. f(u) i Ξ M, then J p(x)f(x) dx converges. An example is 


J, (2) dx| = ΓΝ fla) de — [Κῶ ae 


if mm’ > a, so that ie p(x) f(x) dx slam [7 f(x) dx| 3 2Mp(m). 


Then use the Cauchy convergence criterion. 

30. If a is any complex number γέ 0, show that the infinite product 
ΠΩ + x" /a”) converges if |z| < |a|, and diverges if |x| > fal. 

31. Show that, for any real x, each of the infinite products: 


ranted) ONO) 
(1 — “)695] [(1 + “)6 5} (1 - Ἴ ὁ (εν ‘..., and ἅπ(ι- =) 


converges to the same function of z, the first conditionally and the other two 
absolutely, if we regard [(1 - x Inye**! 5] as a single factor of the second. In 


S 2M, 


n 
ΓΞ a ae. Hint: Deduce 
a 


sin 
section 285 we shall show that ‘the common limit is i Hint: For the 


second, from e“ = 1 + u + O(u?), deduce that for any fixed real x the typical 
factor is 1 + O(1/n’). 
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32. Show that if the factors of the first product of problem 31 are rearranged, 
x 


in the following manner: (1 + a(1 +5) ( -- ο(! ΙΕ τὴ ( -Ξ res 
the new product will converge, and its limit will be 27 times that of the original 
product. Hint: Let L(x) be the limit of the first product in problem 31, and 
hence of the second product of that problem, with the factors taken in any 
order. Then for the product of this problem to 3n factors we may write: 


(ἐξ τι εξ τά τες τῷ ἡ, 


where Lj(x) = [ + x)e~*] ( + Ἴ " [i -- x)e7] --- 


(+s) *][(-2)4], 


With the notation of problem 10, the sum multiplying x in the exponent 
IS 82, — Sp, and so has log 2 as its limit by problem 10. Hence, when the factors 
are taken by threes, the limit is εὖ °@ 2Z(2) = 2*L(x). The product always con- 
verges to this limit, since the product of three or fewer consecutive factors 
approaches 1 as we go out in the product. 


1 


qn? 
33. Prove that the infinite product [[ E - (: - τ |, ᾳ > 0 con- 


verges absolutely if |x] < 64, and diverges if |x| > δα, 


CHAPTER X 
PARTIAL DIFFERENTIATION 


The application of the process of differentiation to functions of a single 
variable obtained from functions of several variables by keeping all 
‘except one of these fixed, leads to the notion of a partial derivative. 
After defining partial derivatives and studying their fundamental 
properties, we discuss certain results on implicit functions and functional 
_ dependence related to the expressions known as Jacobians. 

210. Partial Derivative. If f(x,y) is a function of the two real — 
variables x and y, for each particular value of y it defines a function of x 
to which we may apply the process of differentiation: 


li f(x ἘΝ hy) = f(x,y) 
n ———————————— 


h—>0 h 


(1) 


If this limit exists for a particular value of z, it defines the derivative of 
f(x,y) with respect to x, for the particular values of x and y considered. 
To emphasize that x is not the only variable, we call the limit the partial 
derivative of f(z,y) with respect to x, and denote it by 
of ; | 
| Ἐπὶ δ [(α,ν). | (2) 
211. Total Differential. When y is kept constant, and 2 is subjected 
to an increment Az, we have a partial differential, 


of ,; 
d,f = = Ax. ; (3) 
Similarly, if y is subjected to an increment Ay, 
| of , 
d,f=— a 4 
vt ay Ay (4) 
The sum of these two partial differentials, 
of of | 
aa ee T ny, 6 
df = df + ἀν] on Δ’ + 5, AY (5) 
is the total differential of f. 
We may write | 
Af = df + afjAz| + [Ay], (6) 
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where α is determined by this equation. If, when Az and Ay both 
approach zero, a approaches zero, the function f(z,y) is said to be 
differentiable in x and y. 

We shall now prove that: 

If both partial derivatives of f(x,y), af/dx and af/ dy, are continuous 
tn the two variables x and y at (2x0,yo), then the function S(x,y) ts 
differentiable for these values. 


We have, for h and k sufficiently small, 
ΔΓ -Ξ- [ὦ -Ὁ ἢ, ν -Έ 1) — f(xy) 
=f@thytk)—f@ytk)+fey+k)-—fey) (7) 
= hf,(x + Oh, y + k) + kfy(x, y + 60k), (8) 


by the law of finite increments for functions of one variable, since the 
assumption that the partial derivatives are continuous at a point implies 
that these derivatives exist in some two-dimensional region including the 
point in its interior. 
Moreover, if we write: 

"(ὦ + Oh, y +k) = [ω(α,}) + a1, (9) 

and 
fy (a, y+ 62k) = fy (x,y) Ἔ €2; (10) 

it follows from the assumed continuity that εἰ > 0 and ες ~> 0, when 
h—Oandk—0. But, from equation (5) and the last three equations, 
if τ Δα and k = Ay we have: 


Af = Aclfz(z,y) + ει] + Aylfy (x,y) + €] (11) 
= df + εἰ Ar + ες Ay. (12) 
A comparison of this with equation (6) shows that 
_ jerk + ek] eal |h! lea! [1] : 
απ ἌΓΕΙΝ Sait ΜΗ Tare Sal + lol (8) 


This shows that a — 0 when ἢ and k, or Az and Ay — 0, which proves 


the theorem. 
We might have deduced that 


S(x,y +k) — f(x,y) = kf,(2,y) + e, (14) 


where ¢2 — 0 when k — 0, from the mere existence of the partial deriva- 
tive df/dy, or f,(z,y) at the point. Since this could have been used to 
transform the last two terms of equation (7) into the terms of equation 
(11) involving Ay, it was unnecessary to assume the continuity of 
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f,(z,y). It follows that it is sufficient for the differentiability of f(z,y) 
to have both partial derivatives exist at a point, and one of them be 
continuous there. 

We also note that, if the function f(z,y) is differentiable, so that the 
relation (6) holds with a— 0, the relation (12). may be written with 
[εἰ = [εαἱ = |a|. Since these values of εἰ and ες approach zero with a, 
they each approach zero with Ar and Ay. Thus relation (12), with e | 
and ες each approaching zero when Az and Ay both approach zero, is a 
consequence of the condition that f(x,y) be differentiable. Such a 
relation is an alternative condition for differentiability, since by the 
relation (13) differentiability may be deduced from it. 

212. Composite Functions. If x and y are each functions of a third 
real variable ¢, we have: 


ΔΓ df Ax Ay 
At at) Ὃ Δεῖ 2 δι᾽ (16) 


as a consequence of equation (12). If the functions z(f) and ψ() each 
have finite derivatives with respect to ἔ: 
dx . de dy . AY 
--: —, —= lim—;. 16 
ἢ waht dk  μνο Δι" (10) 


and when At — 0, Az and Ay will also approach zero. Thus, in equation 
(12), or (15) εἰ and eg will approach zero. It follows that: 


Sin Af. de, af dy a 
dt At dx dt dy dt 
Also, for the differential as defined in section 70, 
d af (dx of (2 
df = |— = — {| — —|{—d 
7 (=) 7 Ox ( it) ai dy \dt ) 
ὃ ὃ 
=e σὰ + a, (18) 
Ox Oy 


This shows that, if x and y are each differentiable functions of ¢, and 
f(x,y) is a differentiable function of x and y, the differential of f, when ¢ is 
the independent variable, has the same form as the total differential 
when 2 and y are the independent variables. 

If x and y are each functions of two real variables, s and ¢, and we keep 
s constant, the same reasoning shows that 

of ofox δ ay 


— 
——~ oe 


19 
ot Ox dt dy οἱ (19) 
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In this equation, for the ¢ derivatives, sis constant; for the x derivative, 
y; and for the y derivative, x is constant. When this may lead to con- 
fusion, we indicate the variable held fast by a subscript, and write the 
last equation as: 


ωτ- τῶ ὦ ὦ 


213. Higher Derivatives. We may form partial derivatives of par- 
tial derivatives, as | 


ΕΣ - “(2 
fua(o) = $5 = (2), (21) 
or 
of δ (8 
fry(@y) ~~ ay δ᾽ oy 9 (2). (22) 


We shall now prove that, if the first partial derivatives exist in some two 
dimensional region including (%o,yo) and the derivative fz,(x,y) is con- 
tinuous at (x9,Yo), then the derivative fyz(%o,yo) exists, and Suz (Xo,Yo) = 


Szy(X0,Yo). 
We use A as an abbreviation for the mixed second difference, so that: 


A=f(athyt+tk)—feth y) -—fa,y+hk) +f(a,y). (23) 
Then, if we write . 

F(x) = f(@@,y +k) — fy), (24) 

A= F(x +h) — F(z). (25) 

From the law of finite increments, we have: 
A = F(x +h) — F(x) = ἈΡ' (x + 6h) 
= Πρ + 6h, y + k) — fa(a + Oh, y)] 

= μενα + 6h, y + 6’k). (26) 

_ Hence we have: 


A_f@thyth)-fethy f@yt)—few 
k ke k 
= hfey(z + Oh, y + 0k). (27) 


Let x and y be the 29,yo of the theorem, and take the limit as k -- 0. 
Then for a sufficiently small h the first partial derivatives exist and we 
have: 

fy@+h,y) —fy@y) = ἜΠΗ μεν + Oh,y+6’k). (8) 
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Next divide by ἢ, and take the limit ash—> 0. Recalling that f;,(2,y) 
is continuous at the point considered, we have 


lim lim fry(u + Oh, y + 0k) = fey (x,y). (29) 
h—>0 k—>0 


This shows that the limit of the left member of equation (28) divided 
by h, exists, and 


Suz (x,y) = lim 116 ὉΠ wel 


= fey (X,Y); (30) 


which is the conclusion of the theorem. 

It follows from the theorem that, in any higher derivative, say of the 
nth order, we need not distinguish between the orders in which the vari- 
ables are taken, provided that all the derivatives of order equal to or less 
than n exist and are continuous. Thus, with this continuity assumption, 


dx dy? ~ Oy Ox dy 7 ay? ax (31) 
: a? (2 83 (2 
pene Ox OY z) 7 OY OX Ξὴ (32) 
85 2 ( δ 
and oy = (=. [- dy \oy =) (98) 
214. Functions οὗ n Variables. If [(11, Χ15," 5), Xn) is a function of 


n variables, the partial derivative of/dz,; is defined as the derivative 
taken with respect to x; when the remaining variables are held fast. The 
total differential is 


a= de = EH ae, (34) 
i=1 O02; i=1 O2; 
and as for two variables, we find that 
Af = df + Le; Axi, (35) 
i=l 
or Af = df +a, [Axi, (36) 
i=1 


where the e; and a approach zero with all the Az;, if all the partial deriva- 
tives are continuous at the point considered. 
From the relation (35) we may deduce that, if the x; are each differen- 
tiable functions of m variables y;, then 
of " of Ox; 


—_—= 2,=-—"* 37 
OY; Σ ans ay; (5) 
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Also, the relation 
n of 
df = > — dz; 

f Σ, ax, Lj (38) 
holds whether the x; are regarded as independent variables, or dependent 
on the new set of variables ψ;. For, if the x; are functions of y;, we have 
for the total differential expression: 


n ὃ - Of δ᾿ δα; 


df = > -: dz; = dy;, 39 
] Σ an, ( ἐπὶ OF; j=10Y; e 5) 
since 
= Ox; 

dz; = Σ — dy;. 40) 

Σ ay; Yj ( 

A comparison of equation (39) with equation (37) shows that 
ae 

df = Σ — dy;, 41 
if Σ ay; Yj (41) 


which has the same form as equation (38), and so is valid when the y; 
are the independent variables. 
215. The Mean Value Theorem. If we abbreviate the function of 


m variables f(21, t2,°+*, 2m) by f(z), and write 
ας = a; t+ th, (42) 
we have: 
S(t.) = fit thi) = FQ, (43) 
a function of the single variable ¢. 
Also | 
f(a;) = FQ) and f(a; + hi) = F(1). (44) 
By the law of finite increments for functions of one variable, 
F(1) — F(0) = F’(0), 0<@<1. (45) 
And, from equation (37), we have: 
dF m of 
— = — h;. 46 
ἀν ea; " (46) 
Hence we may conclude that: 
idle 6 
fla: + hi) — f(a) = EI a, (47) 
j=1 0%; 


where the partial derivatives with strokes are to be evaluated at the 
point: 
“= at 6h;. (48) 
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If we put 
αἰ τ ας and 2x;'=a;+ hi, (49) 


we may write the relation in the form: 


Of 


fet’) -- f@) = LI" -- «ἢ, (50) 


jJ= 
where the derivatives are to be evaluated at: 
a; = αἱ + O(xj’ — x), (51) 


that is, a suitable point on the straight line segment joining 2; and 2;’. 
The equation holds if all the partial derivatives exist and are continuous 
for all values on this line segment. 

We may deduce from the mean value theorem that: 


A function of several variables, f(x;), 18 constant in a connected region if 
all the partial derivatives df /dx; = 0 throughout the region. 


For, if the points can be joined by a straight line segment lying wholly 
in the region, the condition on the partial derivatives, combined with 
equation (50), shows that: 


10} — fai) = 0, and faz’) = f(z). (52) 


But, by the definition of a connected region, any two points of it can be 
joined by a broken line lying wholly inside the region. It follows from 
this that the function has the same value at any two points of the region 
and is therefore a constant. 

216. Taylor’s Theorem. With the notation of the last section, we 
may deduce Taylor’s theorem for the function of m variables f(z;) from 
that for the function of one variable, F(¢). We have for F(t): 


2 
FO = FO) + FOt+ PMO S +2 + PMO) Τὶ | + R(t), (88) 


where R(t) has any of the forms given for R(h) in section 91. 
We find from equation (37) as in equation (46): 


dF = ὅπ of 


dt j=1 Oz; τ (54) 


and by repeated application of equation (37): 
ἊΝ 
-(Σ»)}» (55) 
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where the power is to be expanded by the multinomial theorem, and the 
terms finally reduced by such relations as: 


a \? a\2 ΔΤ optatre 
hy — —) (hg —) f = 8} 18}: Ξ 5 
( : τ (1: 5) ( ὶ sn) J ve aak aah ax) 68) 


We may combine the equations (43), (53), and (55) to give Taylor’s 
theorem for n variables. The result is: 


m m 2 
f(a; + hi) = f(a) + (= ἡ (Σὰ Ἃ f+--- 


1}: 0 \” 
+ (Ewe) s+ Ra. (7 


If we use Lagrange’s form of the remainder, we have: 


1 Be Oe 
R(1) ~~ (E 5") f, (58) 
where the derivatives are to be evaluated at the point 
αὶ = a; + Oh, Q0<6< 1, (59) 


where @ is a suitably chosen number between zero and one. 
217. Implicit Functions. In section 38 we formulated a theorem on 
the implicit function defined by the equation 


LY, v1, %2,°"",; Tr) = F(y,2;) = 0. (60) 


The theorem stated that, if f(y,x;) is continuous in the k + 1 variables 
in some k - 1 dimensional region including yo,%; in its interior, 
f(yo,%o:) = 0, and the function f(y,z;) is an increasing (or decreasing) 
function of y, for x; fixed and y,x; in the region, then the equation (60) 
uniquely defines a continuous function: 


y = (αι, %2,-++ 2) = F(a). (61) 


We may replace the condition that f(y,z;) is an increasing (or decreas- 
ing) function of y by the condition that the partial derivative of/dy 
exists and is continuous and different from zero at the point yo,%o;.__ For, 
if the derivative is positive at the point, from the continuity it will be 
positive in some & + 1 dimensional region including the point, and in 
this region f(y,z;) will be an increasing function of y, for x; fixed. Simi- 
larly, if the derivative is negative at the point, there is some k + 1 
dimensional region in which f(y,z;) is a decreasing function of y, for 2; 
fixed. 

If all the partial derivatives of f(y,7;) exist and are continuous at the 
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point (yo,to:), we may apply the mean value theorem, equation (47), 
to f(y,z;) and obtain: 
a 2 az 


k 
{ + Ay, τὶ + Ax) — [(ν,1) = = oe 5 2 on, Az;, (62) 


where the derivatives with strokes are to be evaluated at the point 
y+ 6Ay, x + 6 Ax, (68) 


for a suitably chosen value of θ between 0 and 1. 

If y is related to the x; by the functional relation (61), the function 
f(y,x;) is identically zero, so that the right member of equation (62) is 
zero. If we put all of the Az; = 0, when ὁ γέ 1, and divide by Ani, 


we find: 


δ 
—— few —_f == 0, —— — om ἢ 
OY Az, Ox} ad Ax, Of (64) 
ὃν 


Since the function F(z;) is continuous, and we have put all the Az; 
except Az, equal to zero, when Az; 0, Ay—>0. Also the point at 
which the derivatives are to be evaluated, (63), approaches y,z;. Hence, 
if of/dy is not zero at this point, and the partial derivatives of/dy and 
af/dx, are both continuous at this point, we may deduce from equation 
(64) that: 


i 
oy Ε Ay OX) 
— = lim — = -—. 65 
Ox) Az,—>0 Az} Of ( ) 
oy 


That is, if f(y,7;) has continuous first partial derivatives at a point, 
and of/dy ~ 0 at the point, the equation 


f(y,2;) = 0 defines an implicit function y = F(z;), (66) 


and this implicit function also has continuous first partial derivatives at | 
the point, given by: 


ΚΙ 

δι: Oi 

τ ΕἸ (67) 
oy 


For we may take any value of i in place of 1 in the discussion. 
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If the function f(y,z;) has all its partial derivatives of the first n orders 
continuous, the same is true of the function F(z;), and the higher 
derivatives of this function may be calculated by repeated partial 
differentiation from the equation (67). 

It may be practically simpler to apply repeated differentiation to the 
relation f(y,z;) = 0 on the assumption that y is a function of x;, possess- 
ing continuous partial derivatives, and performing certain eliminations. 

218. Sets of Implicit Functions. Consider a set of n functions, each 
of n + k variables, 


Sp(yizj) where Ὁ, ὁ = 1,2,---,n and j = 1, 2,---,k. (68) 


Under certain conditions, the system of πὶ equations 


Sn (yist;) = 9, (69) 
implicitly determines a set of n functions, 
{ει = F’;(a;). (70) 


To help us guess the form of one set of sufficient conditions, let us 
assume that each of the functions f,(y;,2;) possesses first partial deriva- 
tives with respect to any of the n + k variables, and that each first 
derivative is continuous in the set of n+ k variables at a particular 
point (y:,2;) = (Yo:,%;). This implies that the functions themselves 
are continuous, and in fact differentiable at this point. We also assume 
that 

Sp (Yoistoj;) = 0. (71) 


Further, let us temporarily assume that the system of equations (69) 
may be solved by a set of n functions F;(x;) such that yo; = F;(%9;), 
and that these functions have first partial derivatives, with respect to 
each of the k variables z;, which are continuous in the set of k variables 
at the point (z9;). 

Then, at the point considered, by equation (37), we have: 


Fn _ Fp Fp Yq (72) 
OX; OX; qulOYy OX; 


where 
ρα) = SplFi(z;),23). | (73) 


Since the implicit functions F;(z;) are solutions of the equations (69), 
the functions f,(z;) are identically zero, so that the left member of 
equation (72) is zero, and hence the right member is also zero. Conse- 
quently we have: 

Sn My δ, 


= — ΟΣ 74 
g=1 OY, OX; δ; ue) 
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For any fixed j, and p = 1, 2,---, n, this system of n linear equations 
in the n partial derivatives dy,/dxz; may be solved for these quantities 
provided that the determinant of the system, 


a ah ah 
OY dYe Yn 


OY; dYe2 oy n 


dy1 ὃψ2 OYn 
is not zero. 
The determinant (75) is called the Jacobian of the n functions fp 
with respect to the n variables y,. We abbreviate it by 
O(f1, 72... °° y Fn) : (76) 
ay, Μ25.. Yn) : 
when we wish to indicate the functions and variables. 
When the Jacobian is not zero, the solution of the system of equation 
(74) for ἃ particular derivative dy,/dx; may be written: 
0(f1, fo, aa ta Ak stn) 
OY _ OY 1; Yay “7, Yn) (77) 
Ox; O(fi, fe, : -+ fn) 
ϑίψι, Y2,* >) Yn) 
This calculation suggests the theorem: 


Let the n functions fp(y;:,x;) each possess first partial derivatives with 
respect to the n variables y; and the k variables x;, each derivative being con- 
tinuous in all n + k variables for a particular value yo:,29; such that 


Sr(Yo:,Xoj) = 0. (78) 
Then, uf the Jacobian is not zero, 


O(fi, fo; as Jn) 
ϑίψι; 25. 7) Yn) 
So(yi,2;) = 0, (80) 


may be simultaneously satisfied by n functions, 
¥i = F,(z;), (81) 


J 


~ 0, at Yos)%03; (79) 
the n equations, 
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such that 
Yor = F;(2o;). (82) 


These functions are uniquely defined and continuous in some k-dimen- 
sional region including x; as an interior point, and in this region possess 
first partial derwatives with respect to the x;, continuous in these k variables, 
determined by equations (74) or (77). 

We proceed to prove this theorem, using mathematical induction. 
We have already proved that the theorem is true for n = 1, and all 
values of k, in section 217. Thus we need merely show that the theorem 
is true for πὶ and all values of & if it is true for all smaller values, namely 
1,2,---,”— 1 and all values of k. | 

Let us use Cp, to denote the co-factor of the element of the determi- 
nant (75) in the pth row and qth column, or df,/dy,. Then, by expand- 
ing the determinant in terms of the elements of the last column, we have: 

ΤῈΣ 22¢ (88 
p=1 9Yn al ) 

Since J is not zero at the point considered, not all of the Cp, can be 
zero. By a change of notation, if necessary, we may arrange that 
Can τέ 0. We assume this done, and note that 


d(f1, fe; as » 7...) 
----:-Ξ----.--.....ὄ..--..---- 84 
d(y1, 52... 5} Yn—1) ( 


the Jacobian of the first ἡ — 1 functions with respect to the first n — 1 


variables. 
We also recall the theorem that a determinant with two columns 


identical is zero, from which it follows that: 


Can aa 


n ὃ : 
Σ ee οὖ; r=1,2,-:-,n—1. (85) 


By the hypothesis of the induction, the theorem holds for n — 1 
dependent variables and αὶ + 1 independent variables. Hence, if we 
consider only the first n — 1 equations 

Ss (yi;2;) στ 0, 8. ΞΞ 1, 2, σὴ, ἢ πα 1, (86) 


and consider y,, r = 1, 2,---, ἢ — 1 as the dependent variables and 
Yn); 88 the k + 1 dependent variables, we may deduce the existence of 
n — 1 functions F,(x;,yn) such that 

Yor = F r (%03,Yon); (87) 


and furthermore if 
yr = F r(Xj,Yn), (88) 
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then f 8 (yi;2;) or f Alf r (25,Yn); Yn) x3] = 0. (89) 
It follows from the last equation that: 
Ν 8. n—1 of. oF. 


(90) 
OYn r=1 OYr OYn 


Let us next use the equations (88) to eliminate the y, from the last 
function fn (y;,2;), and denote the resulting function by: 


Fn (Yn;2;) aa ἈΠ, (23,Yn), Yn; 27}. (91) 
Then we have: 
f Ofn ya n F, 
fn =n fn + fn ΘΕ, ‘“ (92) 
ὃν ὃν  r=10Yr OYn 
Let us now multiply each of the n — 1 equations (90) by C.,, with 
8 corresponding to the equation used. Let us also multiply the equation 
(92) by Cr» and add the corresponding members of the n equations just 
constructed. In view of equations (83) and (85) the result may be 
written: 


Can Le J. (93) 


Since J ¥ 0, this shows that of,/dy, γέ 0. Consequently, either by 
the hypothesis of the induction for one dependent variable, or the theo- 
rem of section 217, the equation 


In(Yn)%j) = 0 (94) 
uniquely determines a function _ 
Yin = Fr (2;) | (95) 
such that 
Yon = Fn (X03) and δ, (x), x;] = 0. (96) 


Furthermore, the function F,,(z;) has continuous first partial derivatives. 
Finally we consider the n equations: 


yr = F,(a;) = Ρ ἴα, Fn(z;)], and yn = Fa(z;). (97) 
From equations (87) and (96), we have: 
Yoo = Fy(%0;), 4 -Ξ 1,2, -.., ἢ. (98) 
And, from equations (89) and (96), we have: 
FoYats) = 0, if yg = Βα"), p = 1, 2,---, ἢν (99) 


Again, the functions F,(z;,y,) and F,(z;) all possessed continuous 
first partial derivatives, so that the functions F,(z;) also possess con- 
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tinuous first partial derivatives. And, since F,(z;,y,) and F,(x;) were 
uniquely determined, the functions F,(x;) are uniquely determined. 
Finally, the conditions assumed to derive equations (72) and (77) are 
satisfied, so that these equations follow. This completes the proof of 
the theorem. 

As in the case of one independent variable, if the functions f,(2;,y;) 
possess continuous partial derivatives of the first n orders, the same is 
true of the F,(x;), since in this case the equation (77) may be differen- 
tiated m times, m S n, with respect to any combination of m of the 2;. 
The higher derivatives may also be obtained by differentiating the 
equations (99) suitably to obtain a series of equations, of which equa- 
tion (74) is the first, and by performing certain eliminations. In each 
case, the determinant of the system of equations in the derivatives of 
highest order reduces to the Jacobian which is distinct from zero by 
hypothesis. | 

For example, if 

filys, Yas Ys, “ιν 22) 38) = 0, and ὁ = 1, 2,3, (100) 


then, for 8 fixed as any one of 1, 2, or 3 andz = 1, 2, 3, the system of 
equations af; 3 δ; 81}, 
an, p=1 ay δα, 
determines the first derivatives dy,/dz,. Again, for ¢ fixed as any one 
of 1, 2, or 3, the system of equations 
ΟἿ; Bo 95); ὃψ» 9Yq 3 Of; 07 yp 
OX, O24 g=1 p=1 9Yp Dg Ox, A, p=1 dy p Ox, Ox; 


=0 | (101) 


3 2. 8 2Ρ. ὃ 
+ Th op oF: Up _ 9 (102) 
p=19Yp OL, OX~ = p= 1 Yn OX; OTs 


determines the second derivatives 07y,/d2z, 0x; in terms of those already 
determined. 

219. Jacobians and Functional Dependence. In the last section we 
defined the Jacobian determinant of n functions f, with respect to n 
variables y, as the expression (75). This definition and the abbrevia- 
tion (76) apply whether the functions f, are functions of the y, only, or 
of these together with other variables, like the fp(y,,7;) which occurred 
in the theorem on implicit functions. That theorem involved as one 
condition the non-vanishing of the Jacobian for a particular value. We 
shall now discuss certain theorems involving the vanishing of the 
Jacobian identically for all values of the variables. 

We first observe that if one of the functions, say f;, is a constant, 
each derivative df,/dy, = 0. Hence each element of the first row of the 
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Jacobian is zero, and the Jacobian itself is zero. If the value of the 
constant is k, the equation 


fi-—k=0 (103) 


holds, so that the f; satisfy a functional relation. This is a trivial case 
of the more general result: 
If the n functions of n variables, fy(y;) satisfy a functional relation 


o(fi, fe, aia Jn) = 0, (104) 


and the fp(y:) as well as ¢(fp) have continuous first partial derivatives, 
then the Jacobian of the functions f, with respect to the y; vanishes 
tdentically. 


It is understood that the functional relation (104) holds identically 
in the y,, and that the function ¢(f,) is not identically zero in the fy, so 
that it actually involves at least one of the f, for all the values considered. 

The equation (104) together with the conditions of differentiability 
have as a consequence the equations: 

EOD: 0. (105) 


p=1 Of δὺς 
If the Jacobian were different from zero for any one set of values of the 
variables under consideration, this system of linear equations in 0¢/0fy 
would have a determinant distinct from zero, and therefore would admit 
only one solution for these quantities, namely 0¢/df, = 0. 

Since the Jacobian is a continuous function, if it were different from 
zero at any one point, it would be different from zero in some k dimen- 
sional region including this point in its interior. Hence in this region 
we would have 0¢/0f, = 0, so that by the result at the end of section 215, 
the function ¢ would be constant in this region. This contradicts the 
hypothesis that the function ¢(f,) actually involves at least one of the 
functions f, for all the values considered. 

Since the Jacobian can never differ from zero, it must vanish identi- 
cally for all values of the y; considered. This proves the theorem. 

As a partial converse theorem, we have: 


If the n functions of n variables fp(y;) each have continuous partial 
derivatives, and the Jacobian of these functions with respect to y; 1s identically 
zero, then in any region throughout which some minor of the (n — 1)st 
order 1s distinct from zero, the functions satisfy some relation of functional 
dependence of the type of (104). 


To prove this, we use the notation of the last section given in connec- 
tion with equation (83). If necessary, we so change the notation that 
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Cnn is the minor of the (n — 1)st order distinct from zero. Then, by 
the theorem of section 218, since the Jacobian of the n — 1 functions f,, 


where 8 = 1, 2,+--, ἢ — 1, with respect to the πὶ — 1 variables y,, 
wherer = 1,2,-+-,n — lis Cy, and hence ¥ 0, the equations 
Fs(YrnYn) — % = 0 (106) 
may be solved for the y, in terms of y, and the 2, to give: 
Yr = F,(2s,Yn). (107) 


Also, we may use these equations to eliminate the y, from f,(y;) and 


so obtain: _ 
Sn (Yn,Xy) on ΚΡ, (ρα), Yn); (108) 


analogous to equation (91). We also have, analogous to the relation 
(93): ; 
On ΑΨ 
ὅψη 
Since J = 0, while C,, ¥ 0, it follows from this that 


Can J. (109) 


Hn _ 9, (110) 


Let us now take any particular set of values of y;,yo;, and compute a 
particular set of 7,29, from the equations: 


Sn (Yas) — Lop = 0, p= 1, 2, ree yn, (111) 
It follows from this and equations (107) and (108) that: 
Ton = Fn (Yon,Zor). (112) 


This relation does not explicitly involve the yo,, and the right member 
does not change when we vary yn, by equation (110). Hence the zp, 
or values of the f,(y;) satisfy the relation: 


In — fa(Yout+) = 0, (118) 


which is the relation of functional dependence whose existence is asserted 
by the theorem. The left member can not be identically zero in the fp, 
since its derivative with respect to f, is unity. 

A similar result holds if there are more variables than functions. 
Thus, let there be n functions f,(y:) of the πὶ + p variables y; Suppose 
that in some region each of the Jacobians of the n functions with respect 
to a set of n variables consisting of y1, yo, °° *, Yn; and one other y;, 
selected from Yn, Yn+1, °° * » Yntp, 15 identically zero. Suppose also that 
Can, the Jacobian of the first n — 1 functions f, with respect to y,, the 
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first ἢ — 1 variables is distinct from zero. Then we may proceed as 
before to obtain the equation: u 


Ts (Yx,2r) a ΚΡ, (εν), yx); (114) 
analogous to equation (108) and the equations: 


ce 0, k=n+1n+2,:--,n+p, (115) 
analogous to equation (110). 
We may then take a particular set of values yo: and deduce that if 


Lp = So(Yor)s (116) 
then ton = Tn(You%r)- (117) 


It then follows from the fact that only the yo, occur explicitly, and the 
partial derivatives of the right member with respect to all the y, are 
zero, by equation (115), that the right member does not change when we 
vary the y;, in consequence of the result of section 215. Hence the 
Top, or values of the f, satisfy the relation: 


n — In(Yorsfr) = 0. (118) 


The statement of the result for ἢ -+- p variables, as well as the original 
theorem for n variables, is incomplete without some condition that 
insures Ο, γέ 0. However, in any case where the Jacobian vanishes 
identically, we may find restricted regions in which n functions of n 
variables are functionally dependent. For, if the Jacobian vanishes 
identically, and the functions are not all constants, some minor is not 
identically zero. If N — 1 is the order of some minor of highest order 
not identically zero, we may find some region in which this minof is never 
zero. We may then take the N — 1 functions which appear in this 
minor, and any other function of the set as a set to which the second 
theorem may be applied. However, the functional relation need not 
be the same in two different regions, and some points may not be included 
in any region in which there is a functional relationship. 

220. Integrals Containing a Parameter. If the function f(z,w) is a 
continuous function of z and u for u = u anda Ξ z Ξ ὃ, then 


b 

Fu) = [Πρ αν (119) 

is a continuous function of u, for the value up. In fact, for any value of 
Xo in the interval, there is a 5.q such that 

If(v,u) — f(xo,%)| << e ἢ [ὦ — uel <8, |z — xo] < δ... (120) 


We make the usual modifications for the end points. 
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Thus each point considered is the center of a square of side 26.9, which 
determines an interval of length 25.9 on the x-axis, in the xu plane. By 
the Heine-Borel theorem, there is a finite subset of such intervals which 
cover the closed interval a,b. If 5 is the least of the finite set of numbers 
5.9, then 


lf(w,u) —f(ajuo)| <e if [ -- μοὶ <5, and asS2zsb. (121) 
It follows from this that 


< ε( — a), (122) 


[κω dx -- ΠΣ dx 


and hence 
[F(w) — F(uo)| « e(b—a) if ju — ul « ὃ. (123) 


This proves that the function F(u) is continuous at up. 
Suppose next that the function f(z,u) admits a partial derivative with 
respect to u, 


of 
= — 124 
fala) = της (124) 
which is a continuous function of x and u for u = uw, anda sz Ξ ὃ. 


Then, reasoning for this function as we did for f(z,u) before, we find, 
analogous to equation (121), with u + h, ὦ in place of τ, uo: 


lfu(z, w+h) —fu(zu)| <e, if [Al «ὃ and asa2zsb. (125) 
Next form the difference: 
b 
Fu +h) — Fu) = f (f@,ut+h) —f@wlde (126) 
By the law of the mean, 
f(z, uth) —f(r,u) = hfu(z,ut+ 6h), 0O<6<1. (127) 
Consequently, for 0, the appropriate function of x, u, and ἢ: 


F(u +h) — F(u) 


b 
; = f fale, α Ὁ 6h) de. (128) 


This leads us to suspect that the limit, when h approaches zero, might be 


{ δα (129) 
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To verify this conjecture, we subtract (129) from the integral on the 
right in equation (128), and find: 


b 
f fale, wt on) de — [πω de 
a a δ 
ff ue, w+ 0h) = fuleu)] ἀν 


δ 
sf fale, α Ὁ 6h) -- fulewu)|dz, (180) 


Although, for the value of u considered, θ is a function οἱ z and ἢ, 
0 < 6 «1,580 that |@h| < ὃ, if [h{ <6. Consequently we may apply the 
relation (125) and so deduce that the expression (130) < ε(ὃ — a), if 
|h| <6. Hence, from equation (128), 


b 
FO DFO) frou ds 


- <«(b—a), if lhl <6. (181) 


This proves that the difference on the left approaches zero when 
h— 0, so that F(u) has a derivative, and 


= = J fu(zu) de. (132) 


This is known as Leibniz’s rule. 
Finally, if a and ὃ are differentiable functions of u, we have from sec- 
tion 214, with n = 3, that 


aqdF oF OF da . OF db 
du du, da du’ abdu. oa 
From section 129, dF /ab = f(b,u). And, since 
oF 
Fu) =- f feuds, = - few. (80) 
δ α 
For the first term, we may use equation (132). Hence: 
dF ᾿ db da 
Ten [ fem) det fou τς — Same (138) 


This rule for differentiating the function F'(u) defined by equation 
(119), when the limits a and ὃ are functions of the parameter u, is a 
generalization of Leibniz’s rule. 
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EXERCISES X 


1. If ὦ is a function of z, y, z, and t, while 5, y, and z are each functions of ¢, 
show that: 
do _ dw , dw de ϑὼ ἂν ϑὼ de 
di δὲ ὁ: dt dy δὶ ὃς dt 


2. If w = f(x,y) and y = g(z,z), show that 


ΠΤ. 


3. Let F(z,y) = 0 be the equation of a plane curve, equivalent to y = f(z) 
for values of x near xp. Prove that 


F'x(%0,yo) (% — 19) + Fy(20,40)(y — yo) = 0 


is the equation of the tangent line at 20,yo as defined in problem 11 of Exer- 
cises IV. 

4. In n-space, x; = f;(t), 1 = 1, 2,---, πὶ are the parametric equations of a 
curve. Suppose that στὸ = fi(to), and that the f{(to) are not all zero. Show that 
if the tangent line is defined to be the limiting position of a secant line, the 
equations of the tangent line may be written 2; = τὸ + uf;(éo), where u is the 
parameter. 

δ. The equation of a hyper-surface of πὶ — 1 dimensions in n-space is 
F (21, %2,°++,2,) = 0, or F(z;) = 0. This will contain the curve of problem 4 if 
Fi f,(t)] = 0 identically int. In particular, F(xio) = 0, and aj is a point of the 
hyper-surface. The tangent line of problem 4 is called a tangent line to the 
hyper-surface at xio. Show that all such tangent lines lie in a hyper-plane whose 


equation is 
- {OF 
2 (37) (ti — Zio) = 
i=1 \Ox;/ 0 


This is called the tangent hyper-plane to the hyper-surface at the point xo. 

6. In 3-space F(z,y,z) = 0 is the equation of a surface, and it follows as in 
problem 5 that the tangent plane to the surface at x9,yo,z0 or plane containing 
all the tangent lines at the point is: 


( — 20} 2(x0,Yo,20) + (Ψ — Yo)F y(x0,Yo,20) + (ὦ — 20) F, (X0,Yo,20) = 0. 
Show that if z = f(x,y), the equation of the tangent plane may be written: 


tae (2) ω -- πὸ + (2) ῳ -- νὼ. 


7. In n-space, the numbers a; determine a direction, that of the segment from 
the origin O to the point A with codrdinates a;. The directions a; and b;, or the 


n 
segments OA and OB, are defined as perpendicular if and only if }> a,b; = 0. 
jel 


nr 
If the lengths of the segments are defined by the equations |OA|? = X αξ, 
ἐπὶ 
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n 


n 
[0813 = Σ 5), [48}3 = X& (0; — αὐ, show that the definition just given is 


t=1 i=l 


consistent with the Pythagorean relation, AB? = OA? + OB’. 


Bs ihe OF 
8. Using the definitions of problems 5 and 7 show that the direction (=) 
iJo 
is perpendicular to the direction 2; — τὸ or uf; (to), that is to any tangent line to 
the hyper-surface at the point zi. Since it is perpendicular to any segment in 
the tangent hyper-plane, it is considered perpendicular to the hyper-plane, or 


oo tee OF\ . 
to the hyper-surface at the point στο. Hence the direction (=) is called the 
i/o 
normal direction to the surface F(z;) = 0 at zo. 
9. If a; and b; are any two directions in n-space, as in problem 7, the only 


definition of the angle between them consistent with the law of cosines, 


Lad; : 

2 = |OA|? Bl? — 2IOA}|OB! cos 6, makes cos @ = ——=—_-— with 
|AB|? = [0415 + 108] |OA||OB| VEaV Si 
ifrom 1toninallsums. When |OA| ¥ 0 and [08] ~ 0, this will determine a 
real angle θ with 0 S$ 6S 7, if |cos@| Ξ 1. Prove that this last relation must 
hold when a; and ὃ: are real. Hint: Since Σ᾿ (ας — αὐ}, as a function of τ, 
cannot change sign, the quadratic equation ().b?)z? — ΖΙΣ α:δὸὴὺΣ + Dia? = 0 
can not have distinct real roots. Hence (ὩΣ α,0.)}2 — Δ(Σ ΡΟΣ αἢ) Ξ 0. 

10. Let w = f(z,y) be a function of x and y to be considered for values near 
%,Yo. Let x = g(t), y = A(t) define a smooth curve through 2o,yo so that 
to = g(to),Yo = h(t). Then, if s denotes the arc length of the curve, measured 
from some fixed point in the direction of increasing ἐ, along the curve w is a 
function of s. The derivative of w at x0,yo in the direction of the curve is defined 
as dw /ds at t). Prove that this directional derivative is the same for all curves 
having the same tangent line. Also show that it is a maximum when the 
direction has components dz [45 and dy /ds which are proportional to (df /dz)» 
and (df /dy)) with a positive factor of proportionality, a minimum for the oppo- 
site direction, and zero for the perpendicular direction. Hint: If constants R 
and a are determined from the equations R cosa = (Of /dx)) and R sina = 
(Of /dy)o, and 


= cos ¢, ὧν τε sing, then oe = R cos (¢ — a). 
ds ds 


11. Let w = f(z;) be a function of n variables to be considered for values near 

zo. If a; defines a direction and a length [04 as in problem 7, the directional 
n : 

derivative of w in the direction of a; is defined as bes = ae of - Using 

ds j=1|OA| \dz;/o 


problem 9 to define the angle Οὐ between the directions of and ας, and 
Te 
. 5 af : 170 
putting R? = >> (3) » show that dw/ds = R cos C. Hence show that it 
i=1 iJo 
is 2 maximum RF and a minimum -- in opposite directions along the normal 
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to the hyper-surface f(x;) = f(xi) at 2, and is zero for any direction in the 
tangent hyper-plane to this hyper-surface at 2jo. 

12. A function of n variables σι, f(x,), is said to be homogeneous in the 2; of | 
the kth degree if f(tz;) = ¢*f(z;). Prove the theorem of Euler that for such a 
function 


Hint: Differentiate the fundamental relation with respect to ¢, and then put 
t= 1. 
13. With the assumptions of problem 12, prove further that 


(Eu; yi nal fed) 


Hint: Differentiate the ΓΎΜΕΝ relation with respect to ¢ m times, and then 
putt= 1. Note that we must not put y; = 2; until after the differentiations 
are completed, and it is incorrect to write the left member with the operator 


“ ON 2 
(= τι =) as is done in many texts. In fact, 


(= ὅς al f(ai) = kf (x), 


=k(k — 1) -τ (ὦ — m+ 1)f(a). 


Ξε; 


by repeated use of problem 12. 

14. By section 78, if a partial derivative exists in an open interval, and 
approaches a limit as we approach one end point, the one-sided partial deriva- 
tive exists at this point and equals the limiting value. Use this to prove that 


f2(z,y) = lim κα ΞΕ h, y) 
h->0 


and 
fuz(z,y) τ πῆς, fyz(z Ἔ h, y) Ξ τὴν να + h, Y); 


in case the limits on the right all exist, and for the last term, if the mixed deriva- 
tive is continuous in the open interval. Similar results hold for more variables 


and other partial derivatives. 
22 


z 2 
15. If f(x,y) = (x? + y*) tan-“(y /z), then fey = [γε = Τα when x and y 


are not both zero. From this and problem 14, show that f,-(0,0) = 1, 
7 zy(0,0) =, 
y? 

16. If f(z,y) = jo aa - , then, when z and y are not both zero, fry = fyz = 
«ἢ — 2 

“5 Ὁ y? 
ἐπι ἢ Use this and problem 14 to show that f,.(0,0) = 1, f2,(0,0) = --Ἱ. 

17. If x = r cos@ and y = r sin @, find the partial derivatives Or /dz, Or /dy, 


00 /Ox and 06 /dy by considering these equations as implicitly defining r and @ as 
functions of x and y. Check by solving the equations, and then differentiating. 


5 + A(z,y), where Α -- 0 when z—0 and y— 0 successively in either 
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18. Let f(z,y,z) = 0 and ¢(z,y) = 0, with both the functions f and ¢ differen- 
tiable. If d¢ /dy ¥ 0, the second equation defines y as a function of x, and the 
first will then define z as a function of x if Of /dz τέ 0. Under these conditions, 
find dz/dx. Hint: Use the relations f, dx + f,dy+f,dz=0, and $: dz + 
¢, dy = 0, and eliminate dy. The result is dz/dz = ($zf, — dyfz) /(byfz). 

O(u,v,w) A(r,s,t)  A(u,v,w) | 

+8. Prove {δαῦτο τς) δία,ν,}) O@y,2) ” 

plying determinants, |a,;||b;;| = [Zasab A similar result holds for n vari- 
Ῥ 


Hint: Use the rule for multi- 


ables. 


Oz Ox ὃν 
20. If f(z,y,z) = 0, prove that ( =) (=) (2) τ --ἰ, 


21. Similar to problem 20, show that if f(z;) = 0, where there are n variables, 
; τς OL, 02, O42 = OX n-1 Ε 

the product of the n partial derivatives on, aon ae (—1)", where 

each derivative is computed with the n — 2 variables not involved kept fixed. 
22. If F(z,y;u,v) = 0 and G(z,y;u,v) = 0, define uw and v as functions of z 
aaah (5) O(F,G) / O(F,G) 

eae eens Vy a Azx,v) /  A(u,v) 

23. If F(x,y,z) = 0, G(z,y,z) = 0, prove that 


O(F,G) OF,G) a(F,G)° 
O(y,z) δίῳ.) (x,y) 


dz O(z,y) / O(x,y) 
24. If x = f(u,v), y = g(u,v), 2 = h(u,v), then (2) = a(up) 7 δ : 

25. Prove that a necessary condition for a differentiable function of 1 vari- 
ables to have a maximum (or a minimum) at Zio is that each partial derivative 
(Of /x;)9 = 0. Hint: It must be a maximum when each variable 2; varies, the 
rest being fixed. Sufficient conditions may be obtained in terms of the higher 
degree terms in the Taylor’s expansion. Such conditions are practically useless, 
and it is generally simpler to investigate the sign of f(x) — f(x:) directly. 

26. Show that z = (y — x”)(y — 2.2) does not have a maximum or minimum 
for x = y = 0, although it has a minimum for t = 0 along every straight line 
x=at, y= bt. Hint: z is negative for (small) values of z,y for which 
a? << y < 2.3 (Peano). 

27. Lagrange’s Multipliers. Let x; be n = p-+q variables subject to the 
gq relations F,(z;) = 0, k = 1, 2, ---, q. For the values considered, let the 
Jacobian of the functions F;(z;) with respect to some set of ᾳ σε, which we take 
as the first g, be different from zero. Then a necessary condition for the func- 
tion of the restricted variables f(z:) to have a maximum (or a minimum) at 74 is 

| : of 4 OF, 
that for some set of constants x, the relations (2) + Dr» (=) = 0 
are satisfied for? = 1, 2,---,. Hint: For any differentials dz; which satisfy 
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= 0, where all the 


OF, 
the g equations x aa * dx; = 0, we must have Σ - 
=1 ‘ +=] 


partial derivatives are evaluated at zi. For an ae choice of the last 
p dz;, the first set of equations may be solved for the first q dz;. By section 218, 
the dx; so found correspond to possible sets of τς satisfying F,(x;) = 0. Next 
we may find constants dz, for k = 1, 2, ---, q such that the equations 


4 
Of /dx; -ὉΘΠΣ δι OF, δας = 0 hold for i= 1, 2, ..-,4. For the dz; and ἂχ 
k=l 


n ᾳ 
determined, το αν Σ᾽ ar ἰϑας + Dd rx OF; jac] dz; = 0. But, from the choice 
i=1 k=1 


of the ἃ», the coefficients of the dr; fori = 1,2,---,qarezero. And, as the last 
p dz; are arbitrary, we may take all but one zero and that one distinct from zero. 
Hence the last p coefficients must also be zero. This gives the necessary con- 
ditions, which in general have only a finite number of solutions, since there are 
q given equations F,(x;) = 0, and n conditions, to determine the n x; and the 


ᾳ Nee 
28. Inverse Transformations. If u;(x1,72,%3), 1 = 1, 2, 3 are three functions 
‘ : ᾿ς  9(U1, U2, Us) Bus 
of z;,7 = 1, 2, 3, with the Jacobian -—- or _ |-—| ¥ 0 for some range of 
O(21,%2,23 ) Ox; 


the z;, then for some range of the u;, the +; are determined as functions of the u;, 
Ox 
2 ;(u1,Ue,Us). Show that the Jacobian of the inverse transformation, Eat is the 


reciprocal of that for the direct transformation. Hint: Use problem 19. 
29. Curvilinear Codrdinates. If in problem 28 the z; are Cartesian coérdinates, 
3 


the element of arc length is ds? = Σ, ἀπ). Show that in the curvilinear 


3 8 8 ὃ ΡῈ 
codrdinates u;, ds? = ἜΣ y= ass ai 


jel p=l gui WUp OUg 

30. Orthogonal Codrdinates. In the notation of problem 29, the equations 

ui(z;) = Uio represent three surfaces through a point wip, or x7. Show that the 

normals to the surfaces for : = land? = 2 are epee according to the 
defi f prob (5) (53) - 0. When Σ ““ΞΦ 2% _ gs 

efinition of problem 8, if Σ δε, )ϑε, en Σ᾿ 32; δ: or 

all choices of p and ᾳ  p, and all points considered, the soordinates are said to 

be orthogonal. 


ὃ 2 
31. For the orthogonal coérdinates of problem 80, let us put 3) "(ὦ ᾿: ὴ = 
7 


> dup dug. 


j=1 
: ὃ ὃ 
ze: Deduce the relations h? Ss A ene = Σ h2 duz. Hint: 
hp Ox Vk δι 
Ot, δὶς Oxy 
Oa: = I 
Bu, ὃ; ὭΣ, " or 0ifj~ kandlifj =k. Multiply by 5 e = and sum for 7, 


1 OLE Ou OUp 
using the relations of problem 30, to get -- ne Qu, ae since the terms on the 


left vanish unless g = p, and those on the sieht vanish unless 7 = k. From this 


EXERCISES X 355 


8 δι; ὃ 3 δι OU 
j= 7 
problem 29. 


$2. The Laplacian. The expression x ἼΣΟΝ called the Laplacian of the 
dn; 
function f(x;). It occurs frequently in ee and matheniasiee: physics. 


Prove that in the orthogonal coérdinates with ds* = x h2, duz, discussed in 
problems 30 and 31, the Laplacian is: 


1 |e (ἘΣ δ ἡ. (ΕΝ of "ἜΣ "(ΟΞ of iN. 
hahghs ἰδαλ Oui) | Oua\ he Oued | Ous\ hg dus/J 
of OF dup μα FF yp OF δ᾽, 


Hint: By direct differentiation, — = a 
sa ᾿ Ox; La, = δι) “ Guy O23 


1 af 
ἜΣ Gua 


Of ϑιι;, Oty 
pq Op OUg Ox; OF; 


83 
τ᾿ Το 


3 
From this, Σ, oe = =r es 


2 


ὃ 
transform the coefficient of ΕΑ » rewrite’ the relation of problem 31, τ 


OUy ve 


1 OF (A) in the form h3—~2 = 274, and deduce aay ὩΣ a t δ, ee Ὁ (ἢ = 


h2 dup ? δα; a Ox; an; 

δ; 9 
ὃ ὁ (8 ani => eels Bhs 1S By the relation (A), the second term on the left is 
δα; \Oup q Οἱ ᾿ Oz; 
605: GG h2), or — pe (h2) when we sum forj. The right member is, by 
h? Oup 81; he = 
δ, 1 O02; i ὃ ($3 


the relation (A): 2 
ey © Bin δι Hy uy τ Σ σῆς ou, 


au δῖος hy Alogh? 
meee Cadi, Cee eae oa} Σ a τ, : 


ὃ Ι hyhahs | 


a) - When summed 
OUg 


= ——lo 
up he 
33. For cylindrical polar codrdinates, x = r cos 6, y = Υὶ sin θ, 2 = Ζ. 


2 2 192 2 δ' = nf 
Show that ds? = dr? +- τὸ dO? + dz”, and the Laplacian, = tia “hl -Ξ-Ξ 5, 
Ζ 


2 2 
transformed to - E(t 2) + κ᾿ ἜΣ Ἢ 9 J - Hint: Use aos 32. 


34. For spherical polar codrdinates, x = r sing 6059, y= Τὶ sing sin 8, z = 
r 608 φ. eu! that the arc length is ds? = dr* + r? sin? φ ἀθ5 + 1* dd’, and the 


] fe ee Ἴ βς, Ἐπ τς eee 2 ΕΝ of \, : 
Lap acian is τῷ (r x) v2 = 2 3 52 7 ᾿ “ (sin φ Hint 


Use problem 32. 


CHAPTER XI 
MULTIPLE INTEGRATION 


The notion of multiple integration arises when we extend the opera- 
tion of integration so as to apply to functions of several real variables 
taken over regions of more than one dimension. We shall give a detailed 
discussion for functions of two variables, and two-dimensional regions. 
The modifications necessary to extend the argument to functions of 
more variables in regions of higher dimensionality will then be briefly 
indicated. We then consider certain geometric quantities, such as sur- 
face area and volume which are expressible as multiple integrals. We 
also give a few theorems on the transformation of multiple integrals of a 
type mucb used in physical applications. 

221. Definition of a Double Integral. Let f(x,y) be a function of the 
two real variables z and y, continuous throughout the closed rectangle ΚΕ: 


aszsb, cSy8d. (1) 


To define the double integral of f(z,y) with respect to z and y over R, 
we first divide the closed interval a,b into n subintervals by a system of 
intermediate points: 


2@a=%2%S%8% 8°: Say = b. (2) 


Similarly we divide the closed interval c,d into m subintervals by a 
system of intermediate points: 

στε ψο Ξ γι 3 γε Ξ "3 γώ Ξ α. (3) 
We then divide the rectangle into N = mn smaller rectangles, by lines 


parallel to the axes, x = x; and y = y;._ Let δα; and éy; be the dimen- 
sions of the 17) rectangle, so that 


6x; = Ti — σι and dy; = ψ; — yj-1. (4) 
Let 5A y denote the area of the pth, or 1) rectangle, so that 
6A p= 62; ὃψ;. (5) 


Next select a point £,,7, in each closed pth rectangle, and form the 
sum 


N 
S= Σ f (én) δΆ,. (6) 
᾿ 356 
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We shall prove that, for any sequence of sums for which 
lim 64 = 0, where ὃμ = max 62;, dy;, (7) 


the sum S approaches a limit, and that this limit is the same for all such 
sequences. 

Since f(x,y) is continuous in the closed rectangle R, it is uniformly 
continuous so that, for any positive quantity e, there is a 6, such that 


If(weye) — f(tiyi)| < ε, (8) 


[1 — τι] < de, ly2 — νιἱ < δε. 


Now consider the two sums S, given by 
equation (6) and S’ given by 


age 
S! = LS (ξ»η4) AQ, (9) 


where 
bu < bye and 64 « δι, with 64 = max δας, yj; — (10) 


If we draw all of the parallels to the axes for the first sum, and all those 
for the second sum not already drawn, we will form a new subdivision of 
R into small rectangles. If we denote the area of a typical small rec- 
tangle of this set by δά, we shall have: 


Σ δά, = (ὃ — a)(d -- ο). (11) 
The difference of the two sums S and S’ may be expressed in the form: 
S— S’ = LIS (Een) Ὧν S(&m)] δά, (12) 


where &,7, is 8 point of one of the rectangles used in forming S, and 
tin, is @ point of one of the rectangles used in forming S’. Moreover 
these rectangles have points in common, Thus we have: 


l& — | < Qiu « δὲ and |n, — nl < 2ὸμ < 6. (13) 


Consequently, from the relation (8), the terms in brackets in equation 
(12) cannot exceed ¢ in numerical value, so that, from equations (11) 
and (12) we find: 


[5 — 3] S$ eX 64, S ε( — a) (d — ο). (14) 
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As this relation holds for any two sums satisfying the conditions (10), 
by the Cauchy convergence criterion it follows that any sequence of sums 
satisfying the condition (7) approaches a limit. That the limit is the 
same for all sequences follows directly from the relation (14), since we 
may take S as a sum from one sequence with limit J, and S’ from another 
sequence with limit J’, and deduce that: 


1 -- ΠΊΞ ε -- αγᾷ -- ὁ). (15) 
Hence, since ε is arbitrary, it follows that 
I-l'=0, οὐ I’ =I. (16) 


We call I the double integral of f(z,y) taken over the rectangle R and 
write: 


7: [ flay) aA. (17) 


222. Discontinuities. Most of the discussion of Chapter VII could 
be extended to’ double integrals. We shall not do this in detail, but 
instead shall indicate certain types of discontinuities which do not vitiate 
the results of the last section. 

By the area of a rectangle, we mean the product of the length times 
the breadth. By the total area of a finite set of rectangles, we mean the 
sum of the areas of the separate rectangles. We may now define the 
outer content of P, a set of points in two dimensions, as the greatest 
lower bound of the areas of all finite sets of rectangles including the point 
set P. 

We assume that the function f(x,y) is bounded, and define its oscilla- 
tion in any rectangle, or two-dimensional region, as the excess of the least 
upper bound over its greatest lower bound for the region. The oscilla- 
tion at a point is the greatest lower bound of the value of the oscillation 
for all two-dimensional regions including the point as an interior point. 
Since we may also define the oscillation at a point in terms of 

JS (x0,Yo), lim f(z) and lim f(x,y) (18) 
T,Y—>Fo,Vo Z,Y—>X,4o 
analogous to the definition for functions of one variable given in section 
150, the oscillation at a point may be obtained by using rectangles, or 
even rectangles with sides in given directions, say parallel to the z and y 
axes. The oscillation of a function is zero at points of continuity. 

Now consider a function f(7,y) which may be undefined at certain 
points U of the rectangle R, but such that the values for all points at 
which it is defined admit an upper and a lower bound, |f(z,y)| < Καὶ. We 
may form a sum S by arbitrarily assigning any values not exceeding Καὶ 
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in numerical value to the points U. If P, is the set of points of the 
rectangle R at which the function is either undefined or has an oscillation 
greater than or equal to ε, any positive number, and the outer content of 
every set P. is zero, then any sequence of sums S, given by equation (6), 
which satisfies the condition (7), approaches a limit, and this limit is the 
same for all sequences. 

To prove this, select any positive e << 1. Since the outer content of 
the set P, is zero, it may be included in a finite set of rectangles F of 
total area less than «. Let the sum of the perimeters of the rectangles 
of F, increased by 4Ne, where N is the number of the rectangles F’, be L. 
Then, for any subdivision of the rectangle R with 54 < min (e,e/L) the 
total area of all the small rectangles which include points of P, will not 
exceed the total area of all the small rectangles which include points of F, 
and therefore will be at most 

€ 


81, (+) =e (19) 


Now consider any two subdivisions for which the sums are S and S’, 
with 


Su, 54 each < max (3. ε, *) . (20) 


Then, for the subdivision obtained by combining the two original sub- 
divisions, we shall have a sum which we may consider as made up of two 
parts, one over rectangles R, including points of P,, and the other over 
the remaining rectangles Ro. 

For the rectangles R,, we shall have: 


\f (&e,nn) "" 7Ζ(ξύ 0} = 2K, (21) 


while the total sum of the rectangles R, is at most 2e. 

Over the remaining rectangles R the sum may be treated in a manner 
similar to that used for the right member of the relation (12). Thus, in 
the present case, we shall have: 


[5 — 51} Ss e(b — a)(d — c) + 4K. (22) 


We may apply to this the same argument we previously used in connec- 
tion with the relation (14). This establishes our contention. 

223. Repeated Integrals. Let the function f(z,y) be bounded in the 
rectangle R, and such that the set of points of R, P,, where either f(z,y) 
is undefined, or the oscillation is greater than or equal to e, any positive 
quantity, is of outer content zero. As in the one-dimensional case, we 
may use the phrase content zero in place of outer content zero for the 
reasons given in section 149. We avoid the necessity of considering the 


360 MULTIPLE INTEGRATION [(Cuap. XI 


points at which the function is not defined by arbitrarily defining the 
function on these points in any way that does not disturb the bounded 
character of f(x,y). Thus we might take the function equal to its 
upper bound on these points, or equal to zero. However it is convenient 
to be able to vary the choice in different applications. 

In particular, the conditions imposed on f(x,y) will be met if the func- 
tion is continuous in the closed rectangle R. 

For each value of y in the closed interval c,d the function f(z,y) is a 
bounded function of z, and so has an upper integral with respect to x, by 
section 147, 


Ρῳ) = f: f(ay) de. (23) 
Since the function f(x,y) is bounded, 

f@y)| = K, | (24) 

it follows that for each, and hence for all values of y considered: 
IF(y)| S Kb — a). (25) 

Thus the function F (y) is bounded, and so has an upper integral, 

—sd —d -ἶἰςἤἌὭ 

ley =f Fu)dy =f ay f sey) ae. (26) 


Now consider any subdivision of the rectangle # into N = mn smaller 
rectangles, as in section 221, defined by the points of subdivision (2) and 
(3). We may define an integral similar to that given by equation (26) 
for each pth or 1) rectangle, namely, 


1; fia vf f(e,y) de. (27) 


Vous z;. 1 


From the additive property of single upper integrals, we may conclude 
that: 
i, = pe T;. (28) 
4] 


Again, if m;; and M;; are respectively the greatest lower bound and 
least upper bound of f(x,y) in the 77 rectangle, we have for each y in this 
rectangle: 


mi Sf(ay) S Mi, (29) 
and γι} 6x; S f ‘f (x,y) dx S M,; δα;, (30) 
Tey 


so that: Mij OX; SY; - L;; < Μ;:; 6x; by;. (31) 
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Next form a sum S, given by equation (6) and satisfying the condition 
(20). Separate this sum into two parts as we did at the end of the last 
section. For those rectangles R; containing points of the set P,, the 
difference between any term in S and the corresponding term [;; will be 
numerically at most 2K δα; δυ;. Since the sum of all the rectangles Ry 
is less than 2e, the total difference for this part of the sum will not 
exceed 4Ke in numerical value. 

For the terms corresponding to rectangles Re, since the oscillation of 
f(z,y) is less than e, we shall have: 


Μι:; -- mz <e and mi; 3 7(ξ2) Ss Mi. (32) 


Thus the difference for any rectangle 17 of Se between the term of S and 
the corresponding term /;; will be numerically at most ε δα; éy;. For all 
these terms, the total difference will not exceed e(b — a)(d — c) in 
numerical value. 

Thus we have finally: 


[3 — Ly] S εὐ — a)(d — c) + 4Ke. (33) 


Since the limit of S for any sequence for which 6y, — 0 is I, the double 
integral, we may deduce from the inequality just written that: 


1 — [3 «(6 — a)(d — c) + 4Ke. (34) 


Since ¢ is arbitrary, this has as a consequence the equation: 


Tay = I. (35) 


The argument which rested on the inequality (29) would have been 
equally valid if in equations (26) and (27) we had replaced either or both 
of the upper integrals by lower integrals. This proves that the function 
F(y) is integrable. It also shows that the repeated integral is the same 
as I, the double integral, if we replace the upper integral in equation (23) 
by the lower integral, or any value intermediate between these two. 

We may use the same reasoning with the order of x and y interchanged, 
and thus find that: 


jena a (36) 


We may summarize our results as follows: 


If the function f(x,y) 1s bounded throughout the closed rectangle R, and is 
such that the set of points of R, P., where f(x,y) 15 either undefined, or the 
oscillation is greater than or equal to ε is of outer content zero, then, if we 
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arbitrarily assign values, bounded as a set, to the points where f(x,y) was 
originally undefined, we shall have: 


J f(ey) dA = J “ae f teow dy = Jf “ay f few dz. (37) 


In this equation, the upper integrals may be replaced by lower integrals, or 
any value between the upper and lower integrals. 

In particular, of f(x,y) is continuous throughout the closed rectangle R, 
we shall have: 


J f(xy) dA = { τ, { “fey) dy = J ty J “S(ey) dx, (88) 


If the function f(x,y) is integrable in zx for all values of y, we have: 


J f(xy) dA = rf “de J ρα ῶν (39) 


We may also use this equation if f(x,y) is integrable in y for all values of x 
except a set of one-dimensional content zero, regarding the function to be 
integrated a second time as undefined on this set. However, our con- 
ditions on f(x,y) do not necessarily imply that f(x,y) is integrable in y 
for all except a set of values of x of content zero. Thus, let f(z,y) = 0 
for all irrational values of z, as wellasz = Oorz = 1. For any rational 
value of x, 0 < x < 1, p/q in its lowest terms, let f(p/q,y) be zero for y 
irrational, or 1/q° < y < 1, but let its value be 1/q for y rational and 
0<yK i/¢. 

Consider this function on the rectangle R, OS 751,085 y 81. 
The only points of R where f(z,y) is at least 1/n are on the lines x = p/g, 
qin. Fora particular g, since 0 « p < q, there are g — 1 lines, and 
the points on each lie upon a segment of length 1/¢*. Thus, for a given 
n, the total length of the segments is: 

Eq-)3< Va-k, (40) 
q=2 q 
since the series is convergent by section 192. Thus the segments may be 
enclosed in a finite number of rectangles of arbitrarily small total area 
by including each segment in a rectangle of width e/(Z + 1), and length 
so near that of the segment that the sum of the lengths of the rectangles 
does not exceed L + 1. 

Since the function f(z,y) is between 0 and 1/n on R except for a set of 
content zero, it follows that each set P, has a content zero. Thus the 
function does have a double integral and equation (37) holds. However, 
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f(x,y) is not integrable for any rational value of z, a set of one-dimensional 
outer content unity. 

224. Other Domains. Let D be any two-dimensional region of the 
plane, all of whose points are points of some finite rectangle R, and such 
that each straight line through any interior point of the region cuts the 
boundary in exactly two points. Let the boundary have two-dimen- 
sional content zero. Consider a function f(z,y) defined at all points of D 
and its boundary, continuous at all interior points of D, and bounded on 
the closed region D. 

We note that if the boundary consists of a continuous curve with an 
arc length it will necessarily be a set of two-dimensional content zero. 
For, since the boundary has an arc length, we may write z = f(t) and 
y = g(t), where f(é) and g(t) are each continuous functions of bounded 
variation. Let us make a subdivision of the ¢ interval by points ¢,, into 
intervals t;_,; S ¢ < t;. If εἰ and εἰ denote the oscillation of the functions 
f(t) and g(é) in the ith interval, all the points of the 7th arc may be 
included in a rectangle with sides parallel to the axes, and less than 
4e;e, in area. Thus the sum of the areas of all such rectangles will be at 
most 


Lec; S tem Le, (41) 


where ey is the maximum of the e,. Since f(t) is continuous, for any 
positive quantity ε, ey < «, when the maximum ὁ subdivision is less 
than a suitably chosen 6,. Again, since g(t) is continuous and of bounded 
variation, by section 173, the sum Sie; approaches Vg, the variation of 
g(t). Thus the two-dimensional content of the boundary is less than 
4eVg, and thus must be zero since e¢ is arbitrary. 

If f(x,y) is any function, continuous at all interior points of ἢ), and 
bounded on the closed region D, we may define: 


g(x,y) = f(x,y) for x,y an interior point of ἢ (42) 
and | 
g(x,y) = 0, for z,y a point of Κα not interior to D. (43) 


The double integral of g(x,y) over R exists by section 222. We define 
the double integral of f(z,y) over D as equal to that of g(x,y) over R: 


fseu aa = f oey) aa. (44) 
D R 


Suppose that, for values of y between y; and y2, a parallel to the z-axis 
cuts the boundary in x:(y) and ze(y). Then, since g(z,y) 1s equal to 
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f(x,y) in the interval x1 (y), x2(y), and is zero outside this interval, we 


have: 
b (y) 
ff au) da = [ΓΝ ae (45) 
a ay(y) 


Let us further suppose that all interior points of D have a y for which 
4:1 Sy S ye. Then from this and equation (88) we may conclude that: 


Ue είν) 

fsteen ad = [ody [ fey) ae (46) 
D νι a1(y) 

Similarly, if for values between x; and 22 4 parallel to the z-axis cuts the 

boundary in y;(#) and y2(zx), while all interior points of D have an x for 

which 2; Ξ x S 2, then: 


J teu aa - { "de { ΜΠ dy. (47) 


As in the last section, we may allow f(x,y) to be discontinuous at certain 
points of D, provided that the set of points P,, at which its oscillation is 
greater than or equal to e, any positive number, forms a set of zero con- 
tent. In this case, when making the reduction to a repeated integral, 
we may have to replace the first integral by an upper or lower integral, 
or some value between these, as in equation (38). 

We may also extend the definition to any domain D’ which may be 
decomposed into a set of points of two-dimensional content zero, 
together with a finite number of domains ἢ); of the type previously used, 
putting: 


[Πρ 44 -ἶὑς [Πρ aa. (8) 
D’ D; 


In certain cases, if the integrals over the D; are written as repeated inte- 
grals, some of them may be combined. 

Finally we may consider domains D’’, generated by removing from 
a domain of type D’ those points which make up some sub-region of 
type D’. The integral over a region D’’ is defined by an expression 
similar to that in equation (48) with minus signs before the integrals 
corresponding to domains D; made up of removed points. 

Certain domains D’’ may be generated from domains D; without any 
additional sets of two-dimensional content zero. We designate by D* 
these domains, generated by addition and subtraction from a finite 
number of regions each of type D. 

225. Area. If the domain D is a rectangle R with sides parallel to 
the axes, the integral of f(x,y) = 1 over D or R reduces to the area. 
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Any domain G whose boundary consists of a finite number of segments 
parallel to the axes may be decomposed into a finite number of rectangles 
R, and so for it 


Area G = { dA. (49) 
G 


For any domain D of the type described at the beginning of the last 
section, we may find two domains of type G, G’ and G’’, such that all 
points of G’ are interior points of D, and all points of D are interior points 
of G’’, and furthermore: 


f i=l Ghee (50) 
ee Gq’ 


where ¢ is any given positive number. 


Since we have: 
dA sf aA sf dA, (51) 
σ' D qv 


we are lead to define: 


Area D = f dA. (52) 
D 


That area, as here defined, is independent of axes follows from the fact 

that the definition gives the correct value for a triangle or rectangle with 
sides not parallel to the axes. Or we may note that the area is the 
outer content of the set of points of D, which was defined in section 222 
in a manner independent of axes. 
- 226. The Mean Value Theorem. Suppose that the function f(z,y) 
is continuous in a closed domain D. Let D be connected, that is, have 
the property that any two points of D can be joined by a curve consist- 
ing entirely of points of D. 

Then, since f(z,y) is continuous in a closed region, its values are 
bounded, and the greatest and least values are taken on, say 


Sey’) = Mm, Sey”) = M, (53) 
where 
mS f(x,y) Ξ M. (54) 


Since the double integral is the limit of a sum of products of values of a 
function by positive multipliers, if the integrand is increased, the sums 
and the integral will either remain unchanged or increase. Thus, it 
follows from the relation (54) that: 


f mdA Ξ f flay) dA < f MdA, (55) 
D D D 
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If we write A for the area of D, 


A= f aA, (56) 
D 
we have: 
mA < f flay) dA < MA. (57) 
D 


This shows that the average of the function f(x,y) over D, or 
1 
zp fea) 44, (58) 
D 


lies between m and M, the values at P’ = (2’,y’) and P” = (zx’"y’’). 
Since the domain is connected, we may join these points by an arc, with 
parameter ¢ varying from ¢’ to t’’. Since f(z,y), regarded as a function 
of ¢ along this arc, is continuous, it takes on every value between m and 
M. In particular, there is a point of the closed region D, (£,n), such that 
S(&) is equal to the expression (58). Thus: 


J fey) dA = Af(en). Ὁ (59) 


This is the mean value theorem for double integrals which holds for 
integrands continuous on closed, connected domains. 

Whenever the integrand f(x,y) admits lower and upper bounds m and 
M, the inequality (54) holds, and we may deduce from it the relations 
(55) and (57). Thus, for any bounded function admitting a double 
integral over D, of area A, we have: 


mA < f f(ey)dA < MA, (60) 
D 


where m and M are bounds for the function in ἢ. 

227. Other Subdivisions. Instead of using a subdivision of R into 
rectangles with sides parallel to the axes, we may use any subdivision of R 
into small domains of type D* of section 224 to form asum S. For any 
function satisfying the condition of section 222, the limit of any sequence 
of sums of this type for which dy — 0, where dy is the largest diameter 
of any subdivision will be the integral, as we shall now show. 

We note first, that our condition that the boundary of a domain D be 
met by any line containing an interior point of D in exactly two points 
has, as a consequence, that if we superimpose the subdivision into 
regions of type D* on any subdivision into rectangles of type R, the two 
subdivisions will divide the fundamental rectangle FR into only a finite 
nurober of domains of type D*. 
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As in section 222 these may be divided into two groups, in one of which 
the oscillation of f(x,y) is less than ε at each point, and such that the 
other group has a total area at most 2ε, provided that the rectangular 
subdivision is sufficiently fine. If, now, we take dy sufficiently small, 
so that none of the regions of type D* includes more than four contiguous 
rectangles, we may deduce a relation for the difference of the two sums 
similar in character to the relation (22). It then follows that any 
sequence of sums with dj — 0 will have the integral as its limit. 

228. n-tuple Integrals. The discussion of the integral of a func- 
tion f(z,), where k = 1, 2,---, mn may now be carried out in a similar 
manner to that used for n = 2. 

We define the volume of an n-dimensional rectangle as the product of 
its n dimensions, and hence define the outer content of a set of points in 
the space of the z;,. 

For any n-dimensional rectangular interval, we may form a subdivi- 
sion on each axis, and a sum: 


N 
S= Σ f Eee) δῇ, (61) 
p= 
where 
ὃ, = i 5x p (62) 


the n-dimensional volume of the figure with edges S24. That is δχκ» is 
the subdivision of the interval on the kth axis, used in f orming the pth 
n-dimensional rectangle. 

If any sequence of values of S, corresponding to subdivisions for 
which the maximum 6z;y, or dy — 0, approaches a limit, the same for all 
such sequences, we define this as the n-tuple integral of f(t). We 
denote it by 


J ΓῺ dV, (63) 


where the subscript n on R and V which denotes dimensionality may be 
omitted if it is clear from the context that these refer to n-dimensional 
figures. 

Whenever the function f(x,) is such that, for every positive quantity 
ε, the set of points P. where the oscillation of the function is greater than 
or equal to ¢, or the function is undefined, has an n-dimensional outer 
content zero, the n-tuple integral exists. 

Moreover, in this case it may be calculated as a repeated integral, 
where if any of the intermediate integrals fail to exist, we use the greatest 
limits of sums, or upper integrals, instead of integrals. 
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We may replace the rectangular region of integration by other 
domains, provided these can be decomposed into a finite number 
of domains of type ἢ. A domain, in n dimensions, is of type D if it is 
such that each straight line through an interior point cuts the boundary 
in exactly two points, and if this boundary is a set of n-dimensional outer 


content zero. The volume of a domain of type D is f dV, or the 
D 


outer content of the set of points of D. 
If f(x.) is continuous in a closed connected domain, we have a mean 
value theorem similar to equation (59), namely: 


᾿ fe) Vn = Vnf (&), (64) 


for some choice of & as a point of the domain D,. 
Whenever the integral exists, if m and M are bounds for the integrand, 
we have: | 


mV, Sf f(z) ἀν, 5 MVo. 68) 
D; 
Finally, we may use subdivisions into domains of type D*, instead of 
n-dimensional rectangles with sides parallel to the axes, in forming the 
sums. An n-dimensional domain is of type Dx if it may be generated 
by addition and subtraction from a finite number of regions, each of 
type Dn. 
229. Change of Variable. Consider a set of n equations: 


tk = Sky), | ky t=1,2,°--,n, (66) 


for values of y in some n-dimensional rectangle R,. Suppose that, in 
R,, the functions f;,(y;) have first partial derivatives, continuous with 
respect to all n variables, and that the Jacobian: 


O(f1, fe, sty fn) 2s OX p 
0(y1; Y2,°" "4 Yn) 9Yq 


Then, since the equations may be written: 
Selys) — te = 9, (68) 


and the terms 2; have no effect on the derivatives of the left members 
with respect to the y;, the Jacobian of this system referred to in section 
218 is the same as that written in the relation (67), and by the theorem 
of section 218, the equations may be solved in the form: 


Yi = dix); | (69) 


> 0. | (67) 
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at least in some region including each point z,, obtained by equations 
(66) from a point ψι of Ry. However, if our conditions hold in the 
closed region R,z, by the Heine-Borel theorem we may select a finite set 
of regions surrounding points y;, corresponding to the regions surround- 
ing points ἀκ, which cover Ry. These separate functions may be pieced 
together to give solutions of the type (69), defined for a certain range of 
the x;, which lead to values of y; in R,. While the resulting relation 
may be selected so as to be continuous for all values considered, and one 
- to one in a suitably chosen region including any point, it is not neces- 
sarily one to one for all values considered, since the original equations 
(66) may give the same value of the set 2, for two distinct sets of 
Uk in Rp. 

We shall consider only values of y; in Dj, a region of type D in Ra, 
which may of course be R, itself. We make the further assumption 
that under the equations (66), the region D, is carried into Dn, a region 
of type D in the x, space, and also that the region D, is transformed into 
regions of type D in certain other spaces to be introduced presently. 

If g(x;) is any function of the x;, continuous in D,, it will determine a 
function G(y;), continuous in D/ in view of equations (66). Under the 
assumptions made, we may show that: 


J oe) ΑΥ̓͂, =f 


a 


G(y:) dV, (70) 


OLp 
dYq 
where dV, is the element of integration as in equation (63), which recalls 
that the sums involved the elements of volume given by equation (62) 
for the 2,-space, and dV, has a similar meaning for the y,-space. 

We first note that if this rule is valid for a transformation from a set 
of variables z; to a set y;, and also from the set y; to a new set z;, the rule 
will hold for the transformation from the 2; to the z;, provided that: 

O(%1, 22, °**, In) O(Y1, Ya, ν Yn) 0(21, T2,°** 5 Ln) (71) 


a ..͵.-Ὁ τ ἌΓ. ι.-.- ὕέᾺ31,ιι.....᾿--. AP 
— ° 


d(y1, Y2,°"", Yn) 0(21, 22, 51) Zn) O(a, 22, °° "45 Zn) 
But it follows from section 214 that: 


OX, n OX, OY; 
a ἘΞ palatal Al γ᾽ 
02; Σ OY; 02; ( 3) 
and this may be combined with the rule for multiplying determinants to 
prove the equation (71), as in problem 19 of Exercises X. 
Consequently it will be sufficient to prove the equation (70) when we 
change the variables one at a time, since we may proceed from: 


Ty, %2,%3,°°*; to Y1, To, 3». 5) to Yi, Y2, 73, °° * 4 etc. (73) 
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The Jacobian for each of these intermediate transformations must differ 
from zero, since their product is that of the original transformation. 
And, by changing the order of the variables in the intermediate trans- 
formations, if necessary, we may make all these Jacobians positive. 

We note that, for n = 1, the equation (70) holds since it reduces to 
equation (92) of section 133. 

For the first transformation (73) we have: 


αι = F(y1, 72, 43, °° + Xn), tg = %2,°°*, tn = Xn, (74) 
so that the Jacobian is: 
a(F, 12) 18, ,) tn) _ OF (75) 
O(Y1, 12, %3,°**,A%n) Oy 


We now write the n-tuple integral as a repeated integral, using D,_ to 
denote a domain in the z;-space with the first axis suppressed. We have: 


b 
fae) avn = [ ἀν, f acon) aes (76) 
Dna Dn-1 a 


where a and ὃ are functions of 22, 73, °° +, In- 
By equation (92) of section 183 we may write in place of the inner 
integral: 


4 oF 
f g(F, U2, Ὑ3), 5, Tn) Ou dy1, (77) 
a’ Y1 
where a’ and δ΄ are functions of 29, #3, ° ++, Zn such that: 


a = F(a’, ta, +++, Xn) and ὃ = F(b’, %2,+++, Xn). (78) 


These equations show that the n-dimensional domain D,, determined 
by a,b on the 2;-axis and D,_; in the space of the τ; is that which corre- 
sponds to the domain D’’ determined by a’, δ΄ on the y-axis and D,_1 in 
the space of ψι, %2,°--,2%n. Thus the integral of the expression (77) 
over the domain D,_ is equivalent to: 

{ g(F, 72) 3») " "4 Ln) kai dV, . (79) 
Di ὄψι 
Since this is equivalent to the first integral of equation (76), and the 
factor in equation (79), dF /dy1, is the Jacobian of the transformation by 
equation (75), we have proved that the equation (70) holds when the 
first variable only is changed. 

In a similar way the equation (70) holds for the other transformations 
(73), and so is valid in general. 

The above discussion only applied to domains in which the trans- 
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formation was one to one, and the Jacobian preserved its sign. How- 
ever, the formula of transformation may be applied to any domain which 
is the sum of a finite number of parts, in each of which the transformation 
is one to one and the Jacobian preserves its sign, together with certain 
boundary points, provided that the boundary points form a set of zero 
content in all the spaces considered. This follows by applying the 
formula of transformation to each part separately, and summing the 
results. : 

If we regard the original transformation as a change of codrdinates, the 
volume of the domain D, is: 


ae, 


[..-| 
ps, |9Yq 


dV,. (80) 


If the x; are Cartesian codrdinates, dV, is the element of volume as well 
as the element of integration. For the curvilinear codrdinates y;, 
dV! is the element of integration, but |dz,/dyq| dV, is the element of 
volume. ᾿ 
230. Surface Area. Consider a portion of a surface having as its 
equation 
z= f(x,y), (81) 


where the function f(z,y) is single-valued and has continuous partial 
derivatives throughout some domain D in the z,y plane. 

We subdivide the domain D into small areas, and denote by 6A 
either a typical such small area, or its area. Let 5S be the part of the 
surface which projects on the x,y plane into 6A. For any point of 6S, 
Po = (%0,Yo,20), the tangent plane to the surface will have as its equation: 


&— £9 = fro(x ΞΞϑ Zo) + fyoly c= Yo); (82) 
where {= (=) -and fyo = (=) ᾽ (83) 


by problem 6 of Exercises X. Let us recall the definitions of problems 8 
and 9 of Exercises X, and denote by γ the angle between the z-axis and the 
normal direction. Here we take this direction normal to the surface, 
or to the tangent plane, in the direction of increasing z. Then we have: 


1 
δΟΒ Ὺ ΞΞ᾿ ΞΞΞΞΞΞΞΞΞΞΞΞΘ': (84) 
f κ᾿ τ Spo ἘΝ 1 
Consequently | 
secy = νῷ ἘΠ +1, (85) 


and sec γ is a continuous function of z and y in the domain D. 
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If 57 denotes the portion of the tangent plane at Po which projects 
into 5A, we shall have 


6A = οο δ, and 67 = secy dA. (86) 
The sum of all the 5T is: 
LX 6T = Σ sec y OA. (87) 


When the maximum dimension of the δά, dy approaches zero, for any 
sequence of subdivisions, the corresponding sums will approach a limit, 
the double integral: 


S = f sco y dA = {Vfit H+ idd. (88) 


We define this to be the area of the surface. From its form, it is 
independent of the choice of codrdi- 
nates in the τῷ plane. To show that 
it is independent of the direction of 
the z-axis, we consider a new set of 
axes x’, y’, 2’ with the same origin. 
The z’- and z-axes may have arbitrary 
directions. We use such coérdinates 
that the y- and y’-axes coincide with 
the line where the planes perpendic- 
ular to the 2’- and z-axes intersect. 
Then, if the angle in the z’x’ plane 
from the z2’-axis to the z-axis is 6, we 
have: 


α΄ = 2 c08 0 + 2 sin 8, 


; (89) 
yY -Ξ.ο ἡ, 
d(x’,y’) [6080 Ὁ 9. 588, 7 Βι θ 
so that: aay) 0 a 
= cos # + f, sin @. (90) 


By the definitions of problems 7 and 9 of Exercises X, the direction ratios 
for the normal at Po are 


—fz, —fy, 1 (91) 
and those for z’ with respect to the first axes are 
—sin 6, 0, cos θ. (92) 
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Hence, if γ΄ is the angle between the z’-axis and the normal, we have: 


. , ἢ 
, _Jf2sind+cosé_ a(x y) (93) 


-------------.--.-. 


= OS Ύ, 
sia {353-13 - δια.) i 


by equations (84) and (90). From this and the rule for transforming 8 
multiple integral established in the last section: 


/ 7 

sec γ΄ dA’ = {see op Oe) ΙΑ - sec y dA. (94) 
D’ D 0 (x,y) D 

This proves that, as defined, surface area is not dependent on the 

coordinates used. 

231. Intrinsic Definition of Surface Area. An alternative definition 
of surface area, which from its nature is independent of codrdinates, is 
the following. We first define the approximate area of a surface element 
as the area of its projection on the tangent plane at any one of its points. 
We then consider any subdivision of a surface into elements, and define 
the approximate area for this subdivision as the sum of any approximate 
areas of each of its elements. Finally we consider a sequence of sub- 
divisions of the surface into elements, such that dy-—0, where dy 
denotes the maximum dimension of all the elements for a particular 
subdivision. We shall show that for any such sequence, the approxi- 
mate areas approach a limit, the same for all such sequences. This limit 
is defined as the surface area. 

To prove that the limit exists, and that the present definition is equiv- 
alent to that of the last section, let us consider a particular subdivision 
of the surface into elements. For any one element, let 5S be the area 
as calculated by equation (88), and 7 be the tangent plane used for the 
approximate area. Denote the projection of 5S on the plane T; by 67; 
and use the plane 7; as the xy plane in applying equation (88). Then 


ὃ = sec y dA = sec ¥ 67, (95) 
aT 
by the mean value theorem, where sec 7 is the value of the integrand at 
P, a suitably chosen point of ὃ, and so is the value corresponding to the 
angle 7 between the z-axis and the normal at P. 

Since f, and f, are continuous throughout the closed domain D, they 
are uniformly continuous throughout this region. If we divide the 
direction ratios for the normal given by equation (91) by the square 
root of the sum of their squares, we obtain the direction cosines 


mE =f : (96) 


l= eS m = oo 2, = OS. 
Vfitsit+1 κπνβιεῆιι νει 
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These will also be uniformly continuous in D. Hence, when the maxi- 
mum diameter ἀμ of the elements 6S is less than a suitably chosen ὃς; 
the oscillation of these direction cosines will not exceed ε, an arbitrarily 
chosen number which we take less than unity. Let l, m, n be the direc- 
tion cosines of the normal to the plane 7, and I, 7%, n those at P. Then 
if we write 


l=l+am=m+br7=nt+e, (97) 
we shall have a, b, c all numerically at most «. Since 
2 +m? +n? =1 implies {{|, {ml, |n| < 1, (98) 


it follows that: 
cos y = [1+ a) + m(m+4+ δ) + πίη - 0) 


= 1+ 30, where [0] < 1. (99) 
But, from equation (95), 67, = cos 7 5S, so that 
5T, — 6S = (cos 7 — 1) 6S = ὅθε 6S. (100) 


Thus, for the sums approximating the areas under the two definitions, 


we have 
Σ δὃΤ' — Σ 6S = 36’e 5S, where [07 <1. (101) 


But, for a sufficiently fine subdivision, dy < 6’, if S is the integral 
defined by equation (88), the approximating sum 2) 6S satisfies: 

IS — LdS| « ε, (102) 

so that: 

ΙΣ 67, — S| <e + 3e(S +1) Ξ €(3S + 4). (103) 


Since this holds for arbitrarily small ε, when dy is sufficiently small, it 
follows that when dy — 0, the sum 7’; approaches S as a limit. Thus 
the definition of this section leads to a unique result, and is equivalent to 
the definition of the preceding section. 
232. Intrinsic Codrdinates. Suppose that, in a certain u, v domain, 
the equations: 
t= F (u,v), y= G(u,v), = H (u,v) (104) 


are such that each of the three functions has first partial derivatives, 
continuous in ὦ and »v, and that 


a(x,y) 
ΤῊΣ > 0. | (105) 


Then, by the theorem of section 218, the first two equations may be 
solved for ὦ and »v in terms of z and y, at least in a restricted range. On 
substituting these values in the third equation, we obtain an equation 
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of the form (81). Thus, in a suitably restricted u,v domain, the equa- 
tions (104) represent a portion of a surface. The area of this surface is 
given by equation (88). But, as in section 218, we find: 


Oz J ys 02 J ex 

-- Ξ - ) at ae πε aes 1 

Ox J xy oy J cy (100) 
where 

0(y,z) 0(z,2) 0 (x,y) 
a , 2a zy 10 
t= Stu0) a(uy) AM Y= sayy OP 
Thus, by equation (85), 
a/ 2 2 2 
sec y = VI + See + Sey, (108) 


J cy 


Here Jz, is positive by the relation (105). 
By applying the rule of transformation (70) to the expression for area 
of a surface given by equation (88), we find: 


S= ff sec 7 dAzy = f sec Y Jay dAuy, (109) 


where the subscripts indicate the space in which the elements of integra- 
tion are to be formed. We may deduce from equations (108) and (109) 
that: 


= [VIEF IEF FR bay (10) 


This is the expression for surface area in terms of the parameters u and v. 
We shall next consider a curve in the surface. Since the equations 


u= u(t), ν = v{t) (111) 


may be combined with equations (104) to give xz, y, and z as functions of 
t; if suitable restrictions as to differentiability are imposed on the func- 
tions u(t) and v(t) they will determine a smooth curve in space, which 
also lies in the surface. By section 184, for the arc length of such a 
curve, we have: 


dx\? dy\? (Ξ Ξ 
= — — —) dt. 112 
J ΝΘ εἴ (2) δὲ a {512) 
To express this in terms of wu and v, we use subscripts to denote partial 
derivatives, and use the equations: 


dx du dy 
a 7 tq + tea or dz = τῳ du + τὺ dv, (113) 
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together with 
dy=y,du+y,dv and dz =z,du-+z,dv. (114) 
We find from these that 
dx? + dy? + dz? = Ε du? + 2F dudv + G de’, (115) 
where, with sums ranging over 2, y and z, 
E=¥22,F =Z2,2, and G = Σ 3. (116) 


This enables us to replace equation (112) by: 


es f VE (=) 4 OF (=) (=) +G (=) dt. (1177) 


We abbreviate this by writing 
ds = VE du? + 2F dudv + G dv?. (118) 


By expanding the determinants, and making use of equation (116), 
we find that: 
Je,+ Jn 4+ Jz, = EG -- F*. (119) 


Thus, we may write in place of the equation (110), 
S = [VEG — FP? dAw. (120) 


We abbreviate this by writing 
dS = VEG — ΡΞ du dv. (121) 


A comparison of this with equation (118) shows that the element of area 
on a surface is completely determined by the expression for the element 
of arc in terms of the parameters u and v. 

This fact could be used in place of the direct argument of section 230 
to show that the definition of surface area there given did not depend on 
the choice of axes. 

233. Signed Elements. So far we have taken the elements of arc or 
volume in two or more dimensions as positive. This necessitated certain 
restrictions. For example, in section 229 we took the Jacobian of trans- 
formation as positive. This ruled out such a transformation as 


a’ τεῳ, y =2. (122) 
For this transformation, which interchanges the rdles of x and y, 
a(2',y’) 
= —I, 123 
a (ey) sy 


We seek now to broaden our point of view. 
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For the integral on an interval, we took the elements as positive at 
first, and then, if a < ὃ, considered the integral from ὃ to a as the nega- 
tive of that from a to b. We may proceed similarly for the line integrals 
of section 180. Thus for ordinary or line integrals the sign depends on 
the limits, or boundary points. 

Now consider a two-dimensional domain, bounded by a smooth closed 
curve. At each point of the curve, P, points near P on the normal to 
the curve at P are separated by P into an inner segment and an outer 
segment. If we arbitrarily select a direction along the curve as posi- 
tive, at any point the angle from the tangent to the curve in the positive 
direction, and the inner normal to the curve will either be 90°, or —90°, 
and will preserve its sign for the whole curve. Since the sign of this 
angle depends on the orientation of the axes, for a particular set of axes 
we may define a positive direction on the curve as that for which the 
angle is 90°, or such that the relation of the positive direction on the curve 
to the inner normal direction is the same as that of the positive z-axis 
to the positive y-axis. We regard this direction as bounding the area 
of the curve taken as positive. Similarly we regard the curve, tra- 
versed in the opposite direction, as bounding the area of the curve con- 
sidered as negative. 

Similarly, for a closed surface in three dimensions, which bounds a 
volume, we may determine at each point a direction of an inner normal, 
and a direction of an outer normal. In a portion of such a surface, we 
may have u,v codrdinates which are determined by curves such that 
any u curve cuts each v curve at a non-zero angle. Let us assign posi- 
tive directions to the u and v curves, for example taking the direction 
in which v increases as the positive direction along all curves w equals 
constant. Then, if the orientation of the tangents to the u,v curves and 
the inner normal is the same as that of the z-, y- and z-axes, we consider 
the portion of the surface taken as positive for the u,v codrdinates to be 
associated with the volume bounded taken as positive. 

If we are working in a two- or three-dimensional space, we consider a 
particular set of axes for this space as positive. We then regard any set 
of axes with the same orientation as a positive set, and any set obtained 
from a positive set by reversing one axis as negative. In calculating a 
multiple integral, we take dV, as the positive product, or the negative 
of this according as the axes are a positive or a negative set. With this 
convention, we may extend the equations (70) and (80) as well as the 
formula for the element of volume given in connection with the latter 
to transformations where the Jacobian is negative throughout. 

When we are working at the same time with integrals of different 
orders, we begin with the definition of a positive orientation for the 
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largest dimension used. We then use this, and the association of the 
inner normal with the last codrdinate, to determine the positive orien- 
tation in a figure of dimension one lower, which bounds a surface or 
volume. Thus, from a set of axes in three dimensions regarded as 
positive, we can determine when a set of codrdinate curves on a surface 
which bounds a volume is to be taken as positive. From this, we can 
proceed to determine when a curve on the surface which bounds an area 
is to be taken as positive. 

Our conclusions persist if the bounding curves or surfaces are made 
up of a finite number of smooth pieces. We call such curves or surfaces 
plecewise smooth. 

234. Green’s Theorem in a Plane. This theorem asserts that, if P 
and Ὁ are any two functions of x and y for which the partial derivatives 
dP/dy and δῷ δὲ are continuous throughout the area A, of suitably 
restricted type, then 


J P dx + Qdy Ξ [Ε- 2 =) dAzy; (124) 


where the first expression is a line integral as defined in section 180. 
It is taken about C, a closed piecewise smooth curve bounding the area 
A. We assume that the area A is of type D* defined at the end of sec- 
tion 224. Both C and A must be taken with a positive orientation in 
accordance with the convention of the 
preceding section. 

We note that, if x and y are inter- 
changed, and P and Q are interchanged 
in equation (124), a minus sign is in- 
troduced. This is because we must 
now reverse the direction along the 
curve, or else reverse the sign of the 
element of area, to make the two posi- 
tively related for the axes taken in 
reversed order. 

To establish the relation, we first consider the case where the area is 
such that every straight line through an interior point and parallel to 
either coérdinate axis cuts the boundary in exactly two points. Then 
if the line with codrdinate y cuts the boundary in the points “1 (y) and 
xe(y), we have: 


Fig. 19. 


είν) 
[Sax = Qteay) -- ler). (125) 


iy) OF 
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Since the segment 21,72 consists of inner points of the area, our con- 
vention is such that the direction of increasing y is positive for x2 and 
negative for σι. Thus, if y’ and y’’ are the least and greatest values of 
y, we Shall have: 


J ean ἂν - [ Oe ἂν = fen av. (126) 


If the curve contains a whole segment with y = y’, or y’’, this contri- 
butes nothing to the line integral on the right. 

Similarly, if the line with codrdinate z cuts the boundary in y(z) 
and yo(x), we have: 


w(x) gp 

[ὅν = Pew) - Pew). (127) 
yi(z) y 

But, from our convention, the positive direction on the curve is now 

that of increasing z at y; and that of decreasing z at yz. Thus we have: 


Jl Plow) de — [ Pleu)de = - Pew de 028) 


We may conclude from the last four equations that 


2(Ψ) re} Yo(x) 
[Pact Qay -f yf ὅς. [ὦ 5, (129) 
ay) yr(x) 


y 


But the repeated integrals may be replaced by double integrals over A, 
so that the result (124) follows. 

The equation may be applied to any area A which is the sum of a finite 
number of pieces of the kind described, if the right member is taken over 
the total area, and the left over the entire boundary, which may consist 
of one or more closed curves. If any of the curves bounding parts of A 
have ares in common, these will be oriented oppositely for the two parts, 
since the inner normal of one part will be the outer normal of the other. 
Thus these arcs may be neglected, since the integrals for them cancel. 

235. Exact Differential Expressions. If P and Q have continuous 
partial derivatives 0P/dy and 6Q/dz, and these are equal in a domain D, 
then for any area A consisting entirely of points of D the integral in the 
right member of equation (124) will be zero. Hence the line integral 


f Pdz+Qdy (130) 


will be zero over every closed path C in D which is the boundary of an 
area Ain ἢ. If M and N are any two points in ἢ), joined by two arcs Ly 
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and 1.5 which together bound an area A in D of simple type, then 
fPac+Qdy - f Pdr +Qdy=0 (131) 
qy Ly 


For the difference is the integral over a closed curve, proceeding from M 
to N along the first arc and from N to M along the second arc. Thus the 
integral along 1.1 equals the integral along Lo. 

If Ly and Lz do not bound an area of simple type, for example if they 
intersect an infinite number of times, we may find a third arc Ls in ἢ, 
which bounds a simple area with Z;, and a simple area with Lo. In this 
case the preceding argument shows that the integral over L3 equals that 
over 1.1 and also equals that over Le, so that the latter two are equal, and 
again the integral over 1.1 equals that over Lo. 

To describe the hypothesis stated, we say that the differential expres- 
sion P dx + Q ἂν ἰδ“ exact’ in D. If xo,yo is a fixed, and x,y a variable 
point in D, we may write 


oY 
[Pac τ Qdy = Fey), (132) 
anVo 
at least in a suitably restricted portion of D. For, in such a restricted 
neighborhood, it will be possible to join 29,yo to x,y by paths related like 
the 1.1 and Lz mentioned above, and we use paths of this type in calcu- 
lating the left member of equation (132). Let us take x,y and x + Az,y 
in the restricted portion of D, and use two paths differing by a straight 
line segment parallel to the z-axis. If x,y is an interior point of the 
restricted region, for Ax sufficiently small, the line segment will lie in the 
restricted region. Then we have: 


c+Ax,y 
F(a + Az,y) — F(x,y) = f P dz. (133) 
τι 


Since y is constant, this is an ordinary integral, and by the mean value 
theorem is 
Az P(z',y), (134) 


where x’ is a suitably chosen value between x and - Az. Thus 


F(z ns Az,y) me F (x,y) 


“ἢ = Ρᾳ'" ,"). (135) 


From the fact that x’ is between xz and z + Az, and that the function 
P(z,y) is continuous, we may deduce that: 


— = Ρ. (136) 
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In the same way we may prove that 


ὃ 
oF gy (137) 
oy 
Thus we have 
oF oF 
= — — dy = Pd dy, 1 
dF ΝΎ a+ Qdy (138) 


so that when P dx +- Q dy is an exact differential expression in the sense 
of this section, there is a function F (x,y) for which P dz + Q dy is the 
total differential as defined in section 211. 
We observe that, if G(x,y) is any second function which has 
P dx + Q dy as the total differential, we have: 
δ(Ρ -- αὐ o(F-—G) | 
ὃ 


Ξ ᾿Ξ 0. (139) 


d(F —G)=0O and 


Hence by section 215, the function F — G is a constant in some suitably 
restricted portion of D. Thus: 
F—G=k and F(a,y) = Gay) +k, (140) 
so that 
F(a,y) = F(x,y) — F(o,yo) = G(z,y) -- G@oyo), (441) 


and by equation (132) 


fi Pas + οἷν = Gey) — G(20,0). (142) 


Zo¥o 
Let us next suppose that we start with the function F(z,y), and form 
its total differential, which we set equal to P dx + Q dy, as in equation 
(138). Then, if the partial derivatives of P and Q exist and are con- 
tinuous, by section 213, 
ὃΡ a°F δ ὃρ 
Oy oyox <Oxdy dz 
Our discussion shows that, if the derivatives 0P/dy and 8Q/dzx both 
exist and are continuous functions of x and y, the condition 


(143) 


—- = (144) 


is both necessary and sufficient for the existence of a function F(z,y) 
which has P dz + Q dy as its total differential. 

When the condition holds, we call P dx + Q dy an exact differential 
expression, and the integral in equation (132) is independent of the path 
of integration for x,y in a suitably restricted region. 
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236. Stokes’s Theorem. If a portion of a smooth surface in three 
space is bounded by a piecewise smooth closed curve C, there is a relation 
analogous to equation (124), namely: 


[Pact Qdy + Rae = 
σ 


δὴ δᾳᾷ ὁὃΡ OR ὃῶ. ὁ6Ρ 

LG 2 a) (= - = δὲ ῷ- 4 n as. oa 
In this equation the integral on the left is the line integral taken over the 
curve C, while that on the right is the surface integral taken over the 
area A bounded by C’. Each of these is to be taken with a positive orien- 
tation in accordance with the convention of section 233. The numbers 
l,m,n are the direction cosines of the normal, or more precisely of that 
direction on the normal used as the analogue of the z-axis in determining 
orientation. As in equation (96), they may be obtained by dividing 
the appropriate direction ratios by the positive square root of the sum 
of their squares. 

For example, if the smooth surface is the z,y plane, the normal to be 
used is the positive z-axis, so that the direction cosines are 1 = m = 0, 
n = 1 and the equation (145) reduces to equation (124). 

The right member of equation (145) is easily recalled if it is written in 
symbolic determinant form: 


l m nN 
ὃ ὃ δ 

J 91 ay Oz dS, (146) 
P Q R 


where the determinant must be expanded in products of elements ordered 
according to rows, so that the operators of the second row act only on the 
elements of the third row. 

To establish equation (145), it will be sufficient to show that: 


[pe [(ζ5-Ξ ΑΜ, (147) 


since the equality of the terms in Q and R will then follow by permuting 
the letters. 

If ὦ and v are parameters in the surface, as in section 232, so chosen as 
to give a positive system, we may express the integral in the left member 
of equation (147) in terms of wu and υ, 


[pa- fp Zau+ PZ a, (148) 
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If A’ is the area in the u,v plane bounded by the curve in that plane 
which corresponds to C' on the surface, we may apply Green’s theorem, 
equation (124), in the u,v plane and so transform the last expression to: 


0 Ox 6 Ox 
J | | = (ρ x) -Ξ (P =) | dA,,. (149) 


— —— — (150) 


The integrand is 


since the term in the mixed derivative cancels when the surface is such 
that 07z/du dv and 0°x/dv du exist and are continuous, which we shall 
assume to be the case. 

If we use the relations: 


oP oP dx . OP dy . OP dz 
—<— = at gaat ae ee 
Ou xO0u dy du dz OU 


151 
dP oP dx , OP dy , OP a eo 
dv dx dv | dy ὃν dz dv 
we may reduce the expression for the integrand (150) to 
oP oP 
— Jay + — Jez, 152 
ay “5: aaa (152) 
where we use the notation of equation (107). 
This shows that 
oP oP 
{ Paes " ote eas ἰὴ 
σ 02 a’ ὃν 


If we recall equation (70) for transforming multiple integrals, we may 
rewrite the right member as 


oP 
f 44. wa [a4 (154) 
ΟΖ OY 


where the integrals are taken over areas in the zz plane and in the 
zy plane which correspond to A’. 
But because of our convention as to orientation we have: 


1 
dS = sec BdA,;z = dA zz (155) 


and 


1 
dS = sec y dAzy, = ᾿ dA zy. (156) 
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Here equation (155) is obtained from equation (156) by permuting the 
letters, and equation (156) is obtained from equation (88) and equation 
(96). We took the positive sign for the radical in equation (88) because 
the positive area was associated with the standard orientation of the 
x- and y-axes. 

From equations (153) through (156) it follows that: 


fre-fE m — =n) ds, (157) 


which is the equation we were seeking to prove. 
By using equations (155), (156) and the third equation obtained from 
them by permuting the letters, we may write 


aR 80 = [2 
J (= x) dn + f dz or) tee + f ὃ: Oy dA sy 
(158) 


in place of the right member of equation (145). The symbolic form 
analogous to equation (146) is: 


dAyz Ag, ΔΑ. 
f τὰ Ὁ 2 ἢ (159) 
Ox oy Oz 


In the expression (158) the elements of integration must be given proper 
algebraic signs, determined by the relations: 


ΔΑ... -- 148, dAg = mdS, dA -- π 48, (160) 


so that for actual calculation the form (145) is more explicit. 

237. Green’s Theorem in Three Dimensions. If P, Q and BR are 
three functions of x, y and z which, with the partial derivatives 0P/dz, 
dQ/dy, and dR/dz, are continuous in all three variables in some domain, 
D, we have: 


f(E+3+3 35) 4 v=— [τ Qm+ Rn) ds, (161) 


where the triple integral on the left is taken over a volume V, and the 
double integral on the right over a closed surface S which bounds the 
volume V. We assume S and V lie in D, and the orientations are so 
taken that the z-, y-, z-axes have the same orientation as the parametric 
directions for u and v in S, followed by the direction of the inner normal 
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to the surface, 1, m,n. We also assume that V is a domain of type δ", 
defined at the end of section 228, and that its boundary, S, is a piecewise 
smooth surface. 

We proceed as in section 234, assuming at first that every straight line 
through an interior point of V and parallel to one of the codrdinate axes 
cuts S in exactly two points. Then, for x and y fixed, if the points in V 
form the segment 21,22, we have: 


J Sp = κῳνοὺ — Reva), (162) 


Thus, since the triple integral equals the repeated integral in any order 
when the integrand is continuous, we have: 


fav = {τπῶνιὸ -- Reyer] de dy 


Ξ f πὰ δ (\dAgy| — f R(2,y,21) 44... (163) 


Our conventions make the inner normal at z, in the direction of increas- 
ing 2, while that at z2 is in the direction of decreasing z. Moreover, parts 
of S with normals parallel to the zy plane have a projection on the 
xy plane of zero area. Hence we have: 


[Ξ3ν- - [Rade = — [Rnas, (164) 


by equation (156). 

Similarly, the terms in P and Q in equation (161) may be shown to be 
equal. 

If we use the signed elements given by equation (160), we may write 
in place of equation (161): 


(εξ εξ =) ive =| Pad t foddat [Rada |, 


(165) 


The minus sign in equations (161) and (165) disappears if we replace 
the direction cosines by those for the direction along the outer normal, 
and modify the signs of the elements to conform with equation (160). 

The result applies to any volume V which is the sum of a finite number 
of pieces of the kind already discussed, as we may show by an argument 
similar to that used at the end of section 234. 
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EXERCISES XI 


1. Prove that, when f(x,y) is continuous, and a < ὃ 


J “dy J tears f ic [ *pla,y) ἀν. 


2. Show that, if f(x,y) is continuous, and for all χο,ψὸ in some two-dimen- 
sional domain, 


2) Yo 
f dx f f(x,y) dy = F(xo,yo), then 
a b 


er 
Conversely, show that if the second condition holds, then 


[ dat {ote dy = F(xo,yo) — F(a,yo) — F'(x0,b) + F(a,b). 


3. Show that the area bounded by the linesz = a,x = b, y = Oandy = f(z), 
where f(x) = 0, is equal of f(x) dz, of y dz, ifa< ὃ. 

4. Show that the area of a domain of type D of section 224 equals the line 
integral — [ y dx, taken over C’, the boundary of D, in the positive direction. 


Hint: Take a new x-axis below the points of C, and use problem 3. Check by 
using Green’s theorem. 


5. Deduce f x dy and 1 [2 { (x dy -- y dx) as alternative expressions for 
Cc Cc 


the area of the domain of problem 4. 

6. Using a procedure similar to that of section 225, with comparison areas 
G’ and G” made up of sectors, and noting that the definitions given of content or 
area make area G” = area G if G” includes all points of G, show that the area of 


ὃ 
a sector is given by 1 /2 f 7? dé, with r = f(6) the equation in polar codrdinates 
a, 
of the curve bounding the sector, together with 6 = a, 6 = ὃ. 
7. Identify 1/2 [ (x dy — y dx), taken along the arc bounding the sector, 


with the integral of problem 6. Hint: Either decompose the sector into tri- 
angles and areas like that in problem 3, or else note that x = r cos 6, y = rsin 0 


implies that x — dy — y— a Ξε" τς 
dt dt dt 


8. Deduce from problem 6 that in polar coérdinates the repeated integral 
f dé f r dr represents area. Hence the same is true of the double integral, or 
repeated integral in reverse order. For the double integral, verify directly by 
applying the transformation formula of section 229 to f dA = f dx dy. 
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9. Show that in the transformation to orthogonal curvilinear coérdinates 


O(21,22,23) 


2 
of problem 32 of Exercises x,| | = ΣΙ, Hence show that 


O(u41,U2,U3) 
[ dx, dre dx3 = f hyheh3 du; dug dus, taken over corresponding volumes, with 
proper signs given h;,he,h3. Hint: Use the rule of multiplication of determinants 


of problem 19, Exercises X and the relations of problem 31 of Exercises X. 
10. For the spherical polar codrdinates of problem 34 of Exercises X, show 


that the integral for volume is f rsin φ ἀν ἀφ dé. Hint: Use problem 9. 


11. Let z = f(x,y) represent a portion of a surface, and let the projections in 
the x,y plane of the curves for which Ὑ is constant befound. If the area bounded 
by one of these curves alone, or with a fixed boundary independent of the curves 


is H(y), show that the area of the surface may be expressed as [ H'(y) sec γ dy. 


Hint: If AH is the area between the curves for y and y + ΔΎ, the corresponding 
part of S, the area of the surface is AH sec 7, where Ὗ is a suitable value between 
vy and y + Ay. 

12. Ifr? = 2? + y?, z = f(r) is the equation of a surface of revolution. Show 


that the surface area between two values of r may be written 27 f r ds, where 8 


is arc length. Hint: Use problem 11. 

13. If one nappe of a cone with vertex at the origin cuts off a surface area Q 
from a unit sphere, Q is called the solid angle for the vertex. If the cone cuts off 
a simple closed curve on any surface, bounding a surface S, show that the solid 


angle ἢ = fuse as- [5:35 dS. Here r? = 27+ y? +2, 


(r,N) means the angle between the radius drawn from the origin, and the normal 
N to the surface. The direction cosines of N are l, m, n. 
14. Prove Gauss’s theorem, that the integral over a simple closed surface, 


f cae AA, oe dS, is ἀπ if S includes the origin as an interior point, 27 if the origin 
T 


is a boundary point of S at which S has a tangent plane, and 0 if the origin is an 
exterior point. Hint: Use the interpretation of problem 13. 


15. If P, Q and R are such functions of x, y and z that [ Pdx+Qdyt+ 
Cc 
R dz = f(x,y,z) — f(X0,Yo,20) is independent of the path joining Ap = (20,40,20) 
and A = (z,y,z), show that P = = »Q= of and R = of - Also prove the 
x 


oy Oz 
converse. 


16. Show that if r= V2? + y? + ζῇ, then f o(r)(e dx + y dy + z dz) 18 


independent of the path. In particular evaluate the integral when g(r) = γῆ. 
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δῷ 
17. The ee ὃ: ἈΠ... By ae fa 
that f (Pl + Qm + Rn) dS should equal zero when taken over any closed 


surface. An example is P = f(y,z), Q = g(z,z), R = h(z,y). 


= 0 is a necessary and sufficient condition 


aC OB 0A OC 0B OA 
18. "αἰ 9 Ge oe 
0Q 
δ; oy er 


Conversely, if this last condition holds, there are functions A, B, C for which the 
first three equations hold. Hint: If A is any function, and B is determined to 
within an additive function of y and z by the third relation, then C is determined 
to within an additive function of z from the differential, exact in x and y | 


dC -(# dx AG a2 ἃ 
PY dz -ο + + ae Y. 


0 
19. The τ. — Ἐπ; 30 ἜΣ: -τ- = (is a necessary and sufficient condition 


that f (Pl + Qm + Rn) dS taken over a portion of a surface bounded by a 


simple closed curve 1, should depend only on the boundary, L. Hint: For the 
necessity, note that two surfaces bounded by Οἱ together make a closed surface, 
and use section 237 or problem 17. For the sufficiency, use problem 18 and sec- 


tion 236 to reduce the integral to the line integral { (A dx + Β ἂν + C dz). 
L 


20. If V is the volume bounded by a closed surface S, N denotes the outer 
normal, and otherwise the notation is as in problem 13, 


v= 1/8 f+ 00s (7,N) dS = 1/8 [ὦ + my + ne) a8. 


21. If P, Q, R are homogeneous second degree polynomials in z, y and z, and 
S is a closed surface bounding a volume whose eenter of gravity is at the origin, 


show that J (Pl - Qm + Rn) dS = 0. 


22. Show that: 
Ou Ov ou ὃν 
fused f (224% so) dy - ie ΜῈΝ “δ 
: : δὲν ὃν dy 
where Οἱ is a closed curve bounding A, A» = 313 += ὃγῖ᾽ ὃ P aN is the diree- 


tional derivative of y along the outer normal to the curve C. Hint: Apply 


; : Ov Ov 
Green’s theorem with P = τ haat all 
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23. With the notation of problem 22, show that: 


fi wa Au) dA f oa 
ue vA u) w= [ΔῊΝ aN 8. 


This is often called Green’s theorem. 
24, With the notation of problem 22, show that: 


{ Δ w+ f a te ΑΥ̓͂ = BGs 
exe V dc be) Oy Oy © OV OY " 5 dN ; 


where S is a closed surface bounding the volume V, Av = 313 + aye + a2 


dv 
and ἽΝ is the directional derivative of v along the outer normal to the surface S. 


ὃ ὃ 
Hint: Apply Green’s theorem in three dimensions with P = u = ,9=4 = ἢ 
R Ov 
= Ἡ ay e 


26. With the notation of problem 25, show that: 


ΠῚ 
τῷ yv—vAu) Ξ-. ΜΝ ΙΝ . 


27. With the notation of problem 25, show that: 


{ AudV τι dS 
yo hg dN 

28. We may form multiple Duhamel sums by replacing each y; in F(y;) by 
f(a, 22, -+-*, tn) and otherwise proceeding as in section 164. Show that, when 


all the functions are continuous, and we use a sequence of subdivisions for which 
the maximum diameter, 54,—> 0, the Duhamel sums approach the multiple 


integral f F [f,(2p)] dVn, where dV, = dx; dxz--- dtp. 


CHAPTER XII 
SEQUENCES OF FUNCTIONS 


Similar to a sequence of numbers approaching a limit, we may have a 
sequence of functions approaching a limiting function. When the func- 
tions of the sequence are continuous, the condition that the limiting 
function is continuous reduces to the condition that two operations of 
taking limits give the same result regardless of the order in which they 
are applied. An important sufficient condition for this is related to the 
notion of uniform convergence of a sequence of functions. We accord- 
ingly introduce this notion and apply it to other problems involving 
two limit operations. In connection with the integral of a limiting 
function we discuss sequences of functions which converge in the mean. 

We also investigate certain conditions under which it is possible to 
select, from an infinite set of functions, a second infinite sequence of 
functions which approaches a limiting function. The conditions involve 
& property known as equi-continuity. We discuss this property, and 
develop certain simple conditions on a sequence which guarantee that it 
is equi-continuous. 

238. Limiting Function. Consider a variable function, f;(x), defined 
over some range of the real variable x for an infinite succession of values 
of ¢. As in section 17, this succession may be discrete or continuous. 
As an example of a discrete succession of functions, we have the sum of 
the first n terms of an infinite series of functions, 


8, (z) = Σ μκ(α), () 
or the product to n factors of an infinite product: 
pn (@) = TE [1 + w(2)). (2) 


A continuous succession of functions of the variable x may be obtained 
from any function of two variables g(x,y), defined for 


asxsb, cSySd, | (3) 


by the following procedure. Select a particular value of y, say yo, in 
the open interval c,d and for any continuous sequence of values of ¢ in 
390 
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the interval c,d with t — yo, define: 
Siz) = g(,t), (4) 


so that each function of the sequence is defined fora S z S ὃ. 

Let us return to the consideration of a particular sequence of functions, 
f:(z). Suppose that there is a function F(x) such that, for a particular 
value of x, say Χο, we have: 


lim f:(%o) = F(2o)- (5) 


That is, for zo, corresponding to any positive quantity εν there is a point 
in the succession of values Τ (ε,.0), such that 


\f:(to) — F(xo)| < ε, for ἐ beyond T(e,29) (6) 


in the succession of values of ἐ. 
If the relation (5) holds for all values of xo in a given range, say the 
closed interval a,b, we write: 


lim fi(z) = F(z), agszsb, (7) 


and say that in this range the sequence f;(z) approaches the limiting 
function F(z). 

239. Uniform Approach. As we have indicated in the notation 
T (€,£9), the values of T for which the condition (6) holds will presumably 
depend on 2o, as wellasone. In fact, it may be impossible to find any T 
that will serve for a given efor all values of xin the range. For example, 
if 

tx 
tr +1 


where ¢ steadily increases through all positive values from 0 to +, 
and the range for z is O S$ x S 1, we have 


F(x) = 1, 1ξ « #0; and F(O) = 0. (9) 


f(z) = (8) 


For 2 > 0, the condition (6) becomes: 


1 
|F (to) — fr(to)| = tefl «ε. (10) 
For ε < 1, this will hold if and only if: 
τῶν 
€ 
t> (11) 
Το 


Thus we may take the right member of the inequality (11) as Τ (ε,20). 
Any larger value may be used, but no smaller value will serve. 
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Since F(O) — f:(0) = 0, for all ¢, (12) 


we may take 7'(e,0) = 1 for all values of ε. 
However, for values of zp near 0, the values of 


1 
=~] 


min T(¢,29) = eee (13) 
0 


are unbounded, since for ε fixed and 2 — 0, the expression on the right 
becomes infinite. 

Thus in this example for any ¢ with 0 < ε < 1, no value will serve asa | 
T (e,2o) for all zp in the range 0 < x S 1. 

For some sequences f;(x), for any positive ε, there is a value which will 
serve as a 1 (ε,10) for this ε and all zo in the range considered. Thus, if 
we consider the sequence of functions defined by equation (8) for all 
values of x in the range 1/2 S x S 1, it follows from the relation (11) 
that 2/e will serve as a 7'(e,x9) for all xo in this latter range. 

To describe the second situation, we define: 

A sequence of functions f,(x) approaches a limiting function F(x) uni- 
formly in x for a certain range, if, for any given small positive quantity ε, 
there is a value t., independent of x, such that 


F(x) — fr(z)| « ε, for t beyond t,, (14) 


for all x in the range considered. 


We use the phrase uniform convergence, to indicate that the limiting 
function is uniformly approached, and non-uniform convergence to 
indicate that this is not the case. In particular, we say that an infinite 
series or product whose terms are functions of x converges uniformly in a 
certain range, if the partial sums s,(zx), or partial products, p,(z) 
approach their limits uniformly for this range. 

As the example (8) shows, we may have approach to a limit non-uni- 
form in one range, but uniform in some smaller range. 

240. The Cauchy Criterion. If a sequence of functions converges 
uniformly for a certain range in 2, for any given positive quantity ἡ, 
we may take e = 7/2, and find at’ equal to a¢, for which the relation (14) 
holds. If then, ὦ and » are any two values which follow ¢’ in the succes- 
sion of values, we may put ¢ = u, e = /2 or ¢ = υ, ε = 7/2 in the re 
lation (14). From this, as in section 26, we may conclude that: 


[fuz) — fo(e)| « η, for u,v beyond ?’, (15) 


and all x in the range considered. Thus, when the convergence is uni- 
form, the Cauchy condition holds uniformly throughout the range, in 
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the sense that there is a ¢’ for which equation (15) holds which depends 
on ε but is independent of z. 

Conversely, if the Cauchy condition may be satisfied for a sequence of 
functions f;(x), for every positive value of ε, uniformly throughout a 
certain range, then the sequence of functions f;(x) approaches a limiting 
function F (x) uniformly for this range. 

For, by the result of section 26, for any 2 in the range, the sequence 
of values f;(z9) approaches a limit. We define the function F(x) at 2 
as the value of this limit. 

For any positive quantity 1, select ἡ ’ with 0 <7’ <7. Then there is 
at! independent of x, such that the condition (15) holds for η΄. Thus, 
for any Zo in the range: 


Ifu(to) — fo(o)| « η΄, for u,v beyond ¢’. (16) 


Since this relation holds for all v beyond ¢’, we may let » run through the 
sequence of values of ¢ beyond t’. Then, since under these conditions 
fr(to) — F(x), we may conclude from the relation (16) that: 


\fu(to) — F(2o)| Sn’, for ὦ beyond ¢’. (17) 
Since η΄ < η, and the value of t’ is independent of 29, it follows that: 
f(z) — F(x)| <1, for t beyond ¢’, (18) 


which is the condition for uniform approach to a limit. 

Our result may be formulated as a theorem: 

A necessary and sufficient condition for a sequence of functions f(x) 
to approach a limiting function F (x) uniformly is that the Cauchy condi- 
tion (15) can be satisfied for every positive ε, uniformly in x for the range 
considered, that is, by values of t’ independent of x. 


241. Interchange of Order of Limits. Consider the values of F(x), 
near x = a, where F(z) is the limiting function of a sequence f,(x). If 
these values approach a limit, it is 


iim F(z) = = im fule)| (19) 


Again, if the limits exist, we may take the limits on x and ἑ in reverse 
order and consider: 


tim| tim f(e) | (20) 
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Even when all the limits exist, the results of (19) and (20) may be 
different. Thus, for the sequence defined by equation (8), and a = 0, 
we have: 


ΜΝ τ 
Him | im tx + | a) 
whil F | ae | 0 (22) 
e im = VY. 
es z—>0 lx + 1 


However, for some sequences f;(x) the two combinations of operations 
given by the expressions (19) and (20) do have the same value. We 
give a sufficient condition for this in the theorem: 


If lim f,(x) = F(x) exists, and the approach is uniform for some range 
t 
in x including the value x = a, and lim f,(x) = G(t), for all t beyond a 
--»α 


certain one t’’ in the sequence, then: 
lim im fi @) | and lim [ tim Si ) | (23) 
I—>a t t mPa 


both exist and are equal. 
From the assumed uniform approach, for any positive quantity ε, 
there is a ἐξ such that, for all values of x in the range: 
f(z) — F(x)| « εἰ for ἐ beyond ἐς. (24) 


We take ¢. beyond ¢’”. Then, for u and » each values of ¢ beyond ἐς, 
we have: 
lfu(x) — fy(x)| < 2e, for u,v beyond ἐς. (25) 


Since this relation holds for all x in the range, we may let x — a and 
deduce that 
IG(u) — G(v)| S 2e, for u,v beyond ἐς. (26) 


This is the Cauchy convergence criterion and since it holds for any value 
of ε, with a suitable ἐς, we may conclude that, as ¢ runs through its 
succession, G(t) approaches a limit. Let A denote this limit. Then: 


A= lim G(t) = lim im fue) | (27) 
Let us now select a particular value of ἐ beyond ἐς for which G(é) is 
within ¢ of its limit A. We denote this by w. Then 
ΙΑ — G(w)| « ε. (28) 
But by the relation (24) which holds for ἑ = W, 
Ifw(z) — F(a)| « ε. (29) 
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Again, since f,,(z) approaches G(w) when z — a, there is a ὃ such that: 


IG(w) — fo(z)| « εἰ, for [ὦ -- al <6. (30) 
From the last three relations we may conclude that: 
if |x — αἱ «ὃ, ΙΑ — F(ax)| < 3e. (31) 
This proves that: 
ane Ὁ) = Ay (32) 
or A= tim | tim fue) | (33) 


Equations (27) and (33) together show that the two repeated limits 
each exist and have equal values. This is the conclusion of the theorem. 

242. Two-Dimensional Limits. The theorem of the last section holds 
when z— a is replaced by x > a+. In this case it is sufficient if the 
range of uniformity includes a as a left end point. Similarly we may 
have ᾧ ~a—, or z—> +, or —x». With these extensions, z and ¢ 
play coédrdinate réles. Thus we are led to write g(z,t) in place of fe (x). 
If we replace ἐ by y, and for definiteness consider the case where t — a 
and y — ὃ, the theorem shows that if for all x in some interval includ- 
ing 4, τα. g(x,y) exists and if lim g(z,y) exists for all y in some interval 

yo --"»α 


including ὃ, and if one of these limits exists uniformly in the variable 
held fast for all values in its range, then the repeated limits both exist 


and are equal: 
lim Ε ate) | = lim [ tim ate) | ᾿ (34) 
z—ra Ly—>d y—>b L2—>a 


A related, but not identical question, is the existence of the double or 
two-dimensional limit: 
lim g(x,y) = A. (35) 
z,y—>a,b 
We define this by a method analogous to that used in section 35 to 
define a continuous function of two variables. That is, we write the 
relation (35) if, for any positive ε, there is a ὃ such that: 


if [να -- αἱ <6, ἰν -- ὃ] « δ, [4 —g(ry)| « ε. (36) 


As in section 35 we may show that this is equivalent to requiring that 
for every discrete sequence of points (rn,yn) for which z, > α, yn — ὃ, 
we have lim g(Za,yn) = A. 

We may prove that, if one of the repeated limits exists and if the inner or 
first limit exists uniformly with respect to the second variable throughout the 
range used for it in the repeated limit, then the double limit exists. 
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For, if when y— ὃ, g(x,y) approaches F(z) uniformly in y, for 
[κα — αἱ < h, we have for some δ΄: 


F(x) — g(a,y)|<e¢ for [ἰν -- ὃ] <8’, [5 -- al <A. (37) 
And, if the repeated limit exists, 


A = lim | im a(ew) | = lim F(a). (38) 
--»αἱ, y—>bd t—Pra 
Thus, there is a 8’’ < ἢ such that: 
ΙΑ — F(x)|<e for |x—al <8”. (39) 
We may conclude from the relations (37) and (39) that: 
IA — g(z,y)| <2, if [ὦ -- αἱ « ὃ, [ν -- δ] « ὃ, (40) 


where ὃ is min (5’,5’’). This is essentially the relation (36) which defines 
the double limit, so that the double limit exists, and equals the repeated 
limit under the assumed conditions. 

Since the conditions of the theorem of section 241 include the uni- 
formity and imply the existence of the repeated limit, when these con- 
ditions hold, the double limit exists and equals the common value of the 
two repeated limits. 

However, the theorem just proved may apply when only one of the 
repeated limits exists. Thus, 


_ 1 
if gry) = y sin» ὦ 0, g(0,y) = 0, (41) 
and if we take 0,0 as the a,b of the discussion we have: 
lim | lim g(z, = Q, 42 
tim tim 9(@) (42) 


with the limit for y uniform in z, so that the double limit exists and 
equals zero. However, when y ¥ Oand x — 0, g(x,y) does not approach 
a limit, so that the repeated limit in the reversed order does not exist. 

We also note that the double limit may exist, without either repeated 
limit existing. An example, with a,b = 0,0, is: 


g(0,y) = g(z,0) = 0, 
1 1 
and g(x,y) = («3 + y?) sin ᾿ sin 7 ifx0, y ¥ 0. (43) 


243. Continuous Limiting Function. The equations (8) and (9) 
show that the limiting function may be discontinuous on a range even 
if all the functions of the sequence approaching it are continuous on the 
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range. However, if all the functions f;(2) are continuous at the point, 
and the sequence approaches F(z) uniformly in z for some range includ- 
ing the point a as an interior point, then F(x) is continuous at a. For, 
by the theorem of section 241, we have: 


lim [ fu | = lim ti fle) 7. (44) 
2a t t za 
But each function f;(x) is continuous at a, so that: 
lim fi(z) = fi(a). (45) 


From this and the fact that: 
lim file) = F(x), (46) 


we may deduce from equation (44) that: 
lim F(z) = lim f;(a) = F(a), (47) 
r2—>a t 


which is the condition that F (x) be continuous at a. 
The same result holds for a range, and consequently we have the 
theorem: 


The limiting function F (x) of a sequence of functions f,(x) 1s continuous 
in any range in which the separate functions f,(x) are all continuous, and 
the sequence approaches F (x) uniformly. 


Since elementary operations do not disturb continuity, if the terms 
of an infinite series are each continuous on a range and the series con- 
verges uniformly for this range, then the sum of the series is continuous 
on this range. 

Again, if the factors of an infinite product are each continuous func- 
tions on a range and the product converges uniformly for this range, 
then the function given by the infinite product is continuous on this range. 

In all these results the range may be a closed interval, the result hold- 
ing for the end points by our conventions as to continuity at these 
points and the fact that our basic theorem holds for x a+ or z— b— 

244. Improper Integrals. Let 


P(e) = f glu) du (48) 


be a convergent improper integral for all values of the parameter x in ὃ 
certain range. Then, for x in this range 


F(x) = hm [ σίω,:) du. (49) 


398 SEQUENCES OF FUNCTIONS [CHap. XII 


Thus we have a sequence of functions: 
t 
ula) = flu) du, (50) 


converging to a limiting function. By the Cauchy criterion of section 
240, the sequence will converge uniformly if, for each positive ε, there is a 


¢, such that: 
δἰ 
fo (un) da 
{ 


[7[υ(α) — 17.» ()} = 

In case g(u,x) is a continuous function of u and z for all values of 
u > a and all xin the range, the integral in equation (50) is a continuous 
function of x, by section 220. Hence, if this is the case and if we have 
uniform convergence for z in the range, by the theorem of section 243, 
the limiting function or the improper integral in equation (48) will be a 
continuous function of x. 

With slight modification the discussion applies to improper integrals 
of the second kind. 

We may define improper repeated integrals as the limits of proper 
repeated integrals. If the repeated limits 


<e for #,t’ >t. (51) 


Ψ 
lim Ι lim du f f (u,v) av (52) 
-ονὸὸ Yr D Vg b 
and 
x 7] 
lim | tim du { f(u,v) av (53) 
yrs LITO VG b 


both exist, we may not deduce from the fact that: 


fuf du f(u,v) = f ἂν seu) du (54) 


that the improper integrals 


[ iu fo dv f(u,v), and f ἂν f seus) du (55) 


exist and have the same value (see problem 27). 

If either of the integrals in (55) exist when f(u,v) is replaced by 
g(u,v) where |f(u,v)| S g(u,v), then both the integrals exist and are 
equal as we see by considering the double series of positive terms 


n+1 m+1 
EEaen where Gua = f du f — g(up) dv. (86) 
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245. Weierstrass M-test for Uniform Convergence. An important 
and useful test for uniform convergence of a series is contained in the 
following theorem: 

If $M; is a convergent series of positive terms and if Liuz(x) ts a series 
of functions, and tf for all k, and all x in a certain range, 

[ux(w)| = Mi, (57) 
then the series τὰκ (4) converges uniformly in x for the range in question. 


Since the series with terms M; converges, by the theorem of section 
188, for each positive quantity ε, there is some positive integer N., such 
that, for any integer k  Ν., and all positive integers p 


[Muss + Mere +-++> + Mitpl « ε. (58) 
But it follows from the condition (57) that: 


Pp Pp Pp 
Σ Ux+r(Z)| S Σ, [κ..«(4}} S Σ Myx4+. (59) 


Since the M; are all positive, the last sum is the same as the sum in the 
left member of the relation (58), and: 


Σ Uk+r (x) 


That is, the partial sums of the series with terms u;(x) satisfy the 
Cauchy convergence criterion uniformly in x for the range considered, 
and therefore by section 240 the series converges uniformly in x for this 
range. This proves the theorem. 

The condition of the theorem is sufficient but is not necessary. In 
fact, for some uniformly convergent series there may not be any series 
of constants M; for which the condition (57) holds with M;, the terms of 
a convergent series. 

For example, let the range be 0 $ x Ξ 1, and let 


<«, if k>N,. and p>0O. (60) 


uzp(x) = 0, if x ae, and wUz (;) = 7 (61) 
The remainder after N terms of the series will be less than ε, if N > 1/e, 
so that the series converges uniformly. However, any M, satisfying the 
condition (57) for the entire range will have M; 2 1/k, so that the series 
~M, will diverge. 
In place of using a convergent series of positive constants, we could 
use a series of positive functions of x, m,(x), uniformly convergent in z 
for the range in question and such that, for this range: 


[ωκ(4}} S mx (2). (62) 
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In this case, we deduce from section 240 that for some N,, 


«εἰ ΚΝ, and p> 0. (63) 


x m, (x) 


We may use this in place of the relation (58), and complete the argument 
exactly as before. 

We describe the relation (62) by saying that the function m,(z) 
dominates the function u,(z). To indicate that this holds for all k, 
we say that the series 'm,(x) dominates the series }.u;,(z). Thus the 
result just proved may be stated as follows: 

An infinite series of functions converges uniformly in x for a range if it is 
dominated by an infinite series of positive functions which converges uni- 
formly in x for the range. 

In this and the preceding theorem, since the argument applies equally 
well to the series }’|ux(2x)|, it follows that the series converges absolutely 
for any z in the range. 

We may extend the considerations to improper integrals and prove 
that: 


The improper integral 


J g(u,t) du = lim f g(u,z) du (64) 


converges uniformly in x for a range if, for all u = a, and all x in the range, 
lg(u,x)| 5 ΜΆ), (65) 


where M (u) is a function, necessarily positive or zero, for which 


f M (u) du (66) 


converges. 
The proof depends on the fact that the relation (65) implies that: 


[ g(u,x) du 
{« 


This enables us to proceed from the Cauchy criterion for the sequence 
of integrals approaching the integral (66) to the Cauchy criterion for 
the sequence of integrals approaching the integral (64), as expressed in 
equation (51). Since the latter then holds uniformly in z, the uniform 
convergence of the improper integral follows. A similar result holds for 
an improper integral of the second kind. 

We have stated the result for a function M(u) independent of z, 


t’* t’? 


< J ig(u,z)| du 5 J M(u)du. (87) 
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because this is the most important case in practice. A more general 
result is: 

The improper integral of g(u,x) with respect to u converges uniformly in x 
for a range X, tf, for all values of uin U, the range of integration, and all x 
in the range X, the function g(u,x) is dominated by a function m(u,z), 
necessarily positive or zero, for which the integral with respect to u over the 
range U converges uniformly in x for xin X. For any xin X, the improper 
integral of g(u,x) converges absolutely. 


This is proved by similar reasoning, using the relation: 
lg(u,z)| S$ m(u,x), win U, xin X, (68) 
to prove that: 


[ g(u,x) du 
{ 


The range U of τὸ may be a, © as in equation (64), or a,c for an 
improper integral of the second kind. 

The Weierstrass M-test depends on the application of the comparison 
test for convergence. Any other test for the convergence of an infinite 
series, improper integral, or infinite product may be used to establish 
convergence uniform with respect to 2 if the test determines a place in 
the sequence, independent of z, beyond which the difference between the 
approximation and the limit is small. 

246. Integration of Series. For a sequence of functions, the limit of 
the sequence of integrals, as well as the integral of the limiting function 
of the sequence, may both exist without being equal. An example is: 


πᾷ) = e™ tx. (70) 


” 


< J Ig(u,z)| du < J m(uje) du. (69) 


Here we have: 


1 1 
f on ote dx = —e~ | = 1 — ert (71) 
0 0 
so that: : 
lim [ ete de = 1. (72) 
t—>-+0 Ὁ 
But: 
lim 6 ἐπ΄ 2tz = 0, (73) 
t—»-+0 


so that: 

1 

{ lim (6 μ᾽ 22) dz = 0. (74) 
0 


fom>=}- 00 
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However, we may prove a result of somewhat similar character to that 
of section 241, namely: 

If each of the functions f,(x) 18 continuous in x for the rangea Sx Xb, 
and if f,(x) approaches a limiting function F(x) uniformly in x for this 
range, then: 


b b 
ee f Dae aia f hin ΤΠ ἂς (75) 


each exist and the two have the same value. 


By the theorem of section 243, the limiting function F(x) is continuous, 
so that it has an integral. Thus: 


ὃ ὀ 
f ἴα Hee f F(x) dz, (76) 


exists. | 
From the assumed uniform convergence, for any positive e, there is a 
ἐ.. such that: 


IF(x) — fi(z)| <e, for tbeyondi, as<zsb. (77) 
It follows from this that: 


[τῷ tte [ Οὗ ἧς 


ὃ 
=| fe - μοὶ a 


b 
sf WF) -- ΜΟῚ] ἀν 


< [ὃ -- ale. (78) 
This shows that: | 


b ὃ 
ἽΝ { ΓΤ f F(z) dz, (79) 


so that the limit on the left exists. A comparison of equations (76) and 
(79) shows that the two limits are equal, as stated in the theorem. 
Corresponding to a series of integrable functions }-u,;(x), we may form 


Ζ 
a series ), f ux(x) dz, which we refer to as the integrated series or the 


series obtained by termwise integration. For a finite sum, we have: 
Σ { u(x) dx = { Σ τκ() dx. - (80) 
k=1 a . a k=1 


If the τς (2) are all continuous functions, the partial sum of the series to 
n terms, 


5.) = Σ un(e) (81) 
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will be a continuous function. If the series converges to s(x) uniformly 
in a range a S x S b, we may apply the theorem just proved to s,(z), 
and deduce for any Ζ in this range: 


πὰ Reece ee f ae (82) 


As the integral on the left is the series obtained by termwise integration, 
it follows that under the conditions stated the series converges to the 
integral of the sum function of the original series. 

Furthermore, for 

asbsB, (ὃ -- α)ε Ξ (B— ale. (88) 
Thus the inequality (78) holds with right member (B -- a)e, for all ὃ 
satisfying the relation (83). This proves that the convergence of the 
first integral of (75) is uniform in ὃ. 

These results are expressed in the following theorem: 

An infinite series of continuous functions which converges uniformly in x 
fora sx 3 B toa sum function s(x) may be integrated termuise over the 
range a,x to give a new series which converges to the integral of s(x) from 
a to x. The convergence of the integrated series is uniform in xz, for 
aszsbB. 

We may also apply the first: theorem of this section to improper inte- 
grals. If the improper integral 


f “ σίω,:) du = lim f g(u,x) du (84) 
r t90 Vr 


converges uniformly in z, for x in the range a S z & ὃ, we have: 


J a J ΠῚ Jim J Ἢ: J σία). (6) 


But, for the proper integral of a continuous function of two variables: 


f ae [ ΠῚ du = f du { ere dx, (86) 


so that under the assumed conditions: 


fe ice du = f du fatwa) dx. (87) 


A similar result holds for 


ΠΩΣ ἄν = ΠΡΎΝ oue) ἄχ, (88) 
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where the integrand g(u,xz) is continuous in the two variables for 
c 

asxsbandr S$ u <c, and the integral f g(u,z) du is an improper 
r 


integral of the second kind, which converges uniformly with respect to 
zforaszs ob. 

247. Dominated Sequences. ΠῚ, for all ¢ sufficiently far out in the 
sequence, 


Ife(x)| S σα), (89) 


we say that the function g(x), necessarily positive or zero, dominates the 
sequence f;(x). 

We may prove the result of the theorem given in equation (75) with 
the conditions relaxed near a finite number of points, provided that in 
some interval including each of these points, the sequence is dominated 
by a function g(x) integrable over this interval. It will be sufficient to 
consider one such point, taken as the right-hand end point, and then 
formulate the theorem in detail for this case as follows: 

If each of the functions f;(x) 1s continuous in x for the rangea S$ x « ς, 
Πι(α) approaches a limiting function F (x) in this range and the convergence 
ts uniform in x for each range a ΞΞ x S ὃ, where ὃ is any number such that 
a<b<ce, then if the sequence is dominated in some open interval c’,c 
by a function g(x), integrable in this interval, 


lim fic dx and [τ fila) dx (90) 


each exist and the two have the same value. 


To prove this, we select a small positive quantity e, and a number οἵ, 
such that ο΄ < c’’ < cand 


fia dx « ε. (91) 


We may do this since g(x) is integrable in c’,c. And, since g(x) = 0, 
we may take c’’ > a. 
Since each function f;(x) is continuous in the range a S$ x « ς and 


dominated by an integrable function in c’,c, the integral f fi(x) dz 
exists. Also, ° 
Ἢ c—h 
f ΓΞ f ae ϑῆς (92) 


where 
0] ΞῚ if ec’ <ce—h<e. (93) 
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Again, by the first theorem of section 246, we may deduce the existence 
and equality of 


c—h c—h 
lim { Oe ΣΕ { haya: (94) 


But, since the integrand on the right is dominated by g(x) in c’,c it follows 
that the integral exists with upper limit c and that: 


c c—h 
f lim f; (x) dz = f lim f,(z) dx + 6’e, (95) 


where [01 < 1. 
If we take ἐ such that for ¢ beyond ?’ in the sequence the integral in 
the left member of equation (94) is within ε of its limit and take account 


of equations (92) and (95), we find: 


fim t@ toe [τ da 


Since ¢ is arbitrary, this proves that: 
lim { fi(x) dx = f lim fi(a) dz, (97) 
t Jaq ἃ 2 


and the conclusion of the theorem follows. 

In particular, this theorem holds if the functions f;(x) are all uniformly 
bounded, since in this case we may take g(x) as a constant. 

The theorem may be applied to series, as in the last section, if the 
partial sums are uniformly bounded or are dominated by an integrable 
function. 

We may also apply it to improper integrals. It sometimes enables us 
to reverse the order in a repeated integral where both integrals are 
improper, if for one inner integral the convergence is uniform for the 
modified outer range and otherwise dominated by an integrable func- 
tion. For example, if in addition to the conditions used to justify 
equation (87) we have: 


f 
with G(x) integrable from c’ to », we may conclude that 


f ὯΣ { er n= f di J " Woneyae: (99) 


248. Differentiation of Series. Suppose that the sequence of func- 
tions f;(z) is such that 


< 3c, t beyond ¢’. (96) 


< G(r), εἰ «ἃ, (98) 


g(u,x) du 


lim f(a) = F(a), (100) 
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and that the sequence of continuous functions g,(x), where 
ὃ 
σι() = 5,7.) (101) 


converges to a function G(x), uniformly in z in the range a “Φ x S ὃ. 
Then we may conclude that there is a function F(x) to which the first 
sequence f;(x) converges, and 


F’ (x) = G(z). (102) 
For, if we apply the theorem of section 246 to the sequence g;(x), we find: 


lim [ σι(α) dx = ἢ G(x) de. (103) 
t a a 
We also have: 


Jf 92) de = fo fue) de = fle) -f@), (204) 


so that: 
fle) = fla) + [σι ae (108) 
From this and equations (100) and (108), 
lim fi(z) = F(a) + f G(x) dz. (106) 


Thus the limit on the left exists and equals F(a) forz = a. We call this 
limit F(z). Then: 


F(z) = F(a) + f 6@) dz. (107) 


It follows from this that the function F(z) has a derivative and 
F’(x) = G(z), so that the derivative of the limit exists and equals the 
limit of the derivative, under the conditions stated. 

We note that the condition (100) is necessary, as the example 


2 
file) =t+ = where t{— ©, (108) 
shows. Here 


ne) = = f(a) = =, (109) 


so that in any bounded range for zx, e.g.,0 < x S 1, g:(x) is continuous 
and converges uniformly to the limit 0. However, there is no limit 
function F(x) of which this is the derivative, since for every value of z, 
the sequence {, (2) fails to converge as t— οὐ. 
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Corresponding to a series of functions }-u;(x7), each of which is differ- 
entiable, we may form a series Σ ὃ. 82 u,(x), or Suz(x), which we refer 
to as the differentiated series, or series obtained by termwise differentia- 
tion. We may apply the preceding considerations to an infinite series 
and obtain the theorem: 


An infinite series of functions, each having a continuous derivative, may 
be differentiated termwise to give a new series which converges to the deriva- 
tive of the sum function of the original series, provided that the original 
series converges at some particular point of the interval a S x S ὃ and 
provided that the differentiated series converges uniformly in x for this 
interval. 

These last conditions insure that the original series converges, so that 
there is a sum function and that this sum function has a derivative. 


We may apply similar considerations to an improper integral of either 
kind. For the first kind, the theorem is: 


If the improper integral 
f g(u,z) du (110) 


converges at some particular point of the intervala < x S band the deriva- 
tive ὃ. δὲ g(u,x) ts continuous in the two variables for a S$ x 3 ὃ and 


u >, and such that the improper integral 
οΌ 


J τ σῶμ) du (111) 


converges uniformly in x fora S x 3 ὃ, then the integral (110) converges 
for all values of x in the interval and for x in this interval has a derivative 
with respect to x given by the integral (111). 


The interchange of the operation of differentiation and some limit 
process may sometimes be Justified by establishing the corresponding 
result for integration by the theorems of section 247, or that given later 
in sections 251 and 258, 

249. Convergence in the Mean. A sequence of functions f;(z), is 
said to converge in the mean to a function F (x) over the interval a,b if the 
integral of the square of the error: 


ὃ 
Βι-- [ΡΣ fue)? dz (12) 


approaches zero as ἐ--Ὁ ©. Since the integrand is always positive or 
zero, if [ (x) — f,(x)| > M over one or more subintervals of total length 
L, or a set of content L, 

E, > M°L. (113) 
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Thus EF; can not be <e if [ (x) — f:(x)| > Καὶ on a set of content exceed- 
ing e/k”. This shows that a restriction on E; implies a restriction on the 
size of |F (x) — f;(x)| in the sense of some average, or mean. 

If |F (x) — f:(x)| < ε throughout the interval, we have 


Ε, « &lb — al, (114) 


and it follows from this that if the sequence of functions f;(x) converges 
to F(x) uniformly, then it also converges in the mean over any finite 
interval a,b. However the sequence may converge in the mean without 
converging at any point. To form an example, let us arrange the closed 


intervals 
0,33 3,1; 0,332 4,33 B08 ;4,1;0,3; : (115) 


in order and designate the nth interval by [,. Then define a discrete 
sequence of functions f, (x) by 


fa(z) = 1forzinTI,, 7π(2) = 0 for x not in J,. (116) 


For this sequence of functions, we find: 
1 
f [0 — fa(x)|? dx = length J,. (117) 
0 


As this approaches zero when ἢ — οὐ, the sequence converges in the 
mean to F(x) = 0 on the interval 0,1. However, the sequence does not 
converge for any value of zx in this interval, since for any given 2, say Zo, 
there are functions f,(2) with n arbitrarily large for which f,(%) = 0, 
and also other values of n arbitrarily large for which f, (2) = 

The importance of the notion of convergence in the mean is due to the 
fact that certain processes of integration, when applied to sequences 
convergent in the mean, lead to sequences which actually converge to a 
limit in the fundamental sense. To develop this, we shall need an 
inequality, to which we proceed. 

250. The Schwarz Inequality. Let f(x) and g(x) be real functions 
whose product and squares are integrable on the interval a,b. Then for 
the repeated integral 

f@) 1} 


: -fuf σία) 


we find by expanding the square, reducing the terms to products of single 
integrals, and changing the dummy variable y to z, 


b ὃ b 2 
r=2f y@Par f owe de -- ] f s@0e) 4]. (119) 


dy, (118) 
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Since the integrand in the first form of J, (118) is a square, the value of I 
is positive or zero. Thus we find from the second form of J, (119), 


that: 
[ f sae) 47 < fiver ix f (g(a)? de, (120) 


which is the Schwarz inequality. It states that the square of the inte- 
gral of the product of two functions does not exceed the product of the 
integrals of their squares. 

251. Integration and Convergence in the Mean. We shall make use 
of the Schwarz inequality in proving that, if the sequence f;(7) converges 
in the mean to F(z), if g:(x) converges in the mean to G(x) over the 
interval a,b, and if certain integrals exist, then 


b b 
lim f filx)gi(x) dx = f F(x)G(x) dz. (121) 


We begin by applying the Schwarz inequality, (120), to the functions 
[F(x) — f:(z)] and G(x). We have: 


b 2 b b 
[fre -nmiew ac] s fre -- ποῦ ἀν f eer? a, 
(122) 


if these integrals exist. The existence of the first integral on the right 
is implied by the convergence in the mean of f;(x) to F(x). The second 
exists if we make the further assumption that the integrals converge in 
the mean to functions F(x) and G(x) each having integrable squares. 
If the integral on the left exists as a proper integral when a finite number 
of intervals, each of which may be taken arbitrarily small, are removed 
from the range, as we shall assume, the integral of the left then exists 
as an improper integral because of the domination given by the inequality 
(122) for the modified range. 

We now note that in the right member of the relation (122), the second 
factor does not change with t, while the first factor approaches zero as ¢ 
runs through its sequence. It follows that the same is true of the left 
member, since this is necessarily positive or zero. This shows that, if 
the integral on the right exists: 


jini ἢ Pee d= f ” P(2)G (2) de. (128) 


This is the important special case of equation (121) in which all the 
g:(z) are identically equal to G(x). We may reverse the roles of F(z) 
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and G(x) and so write: 
lim f OHO aes f F(x)G(a) de. (124) 


Now apply the inequality (120) to the functions [F(x) ~ f;(z)] and 
(G(x) — g:(x)]. We have: 


b b | 
sf @ -- ΚΡ ὦ f @@) -g(a)P az, (128) 


where 


ὃ 
T= [ΠΡ -- fu@)IG(e) -- σι] dx 
ὃ ὃ ὃ 
=f F@G@@ ae -- fC rege) de -- [ σωγι() ae 
a a a ᾿ 
+ fo fule)o(e) dx. (126) 


From the assumed convergence in the mean, we see that, when ¢ runs 
through its sequence, the right member of the relation (125) approaches 
zero. Hence the same is true of the left member, since 12 = 0 and we 
may conclude that lim 7, = 0. But the second and third terms in the 


t 
right member of equation (126) approach limits given by equations 
(123) and (124), while the first term is independent of ¢. Consequently, 
the last term must approach a limit, and this limit is given by the 
following: 


ὃ ὃ 
Raa f 5 J F(z)G(a) de. (127) 


This is the result we set out to prove. We have already noticed the 
special case given in equation (123). A further specialization is obtained 
by putting g(x) = G(x) = 1, which gives: 


b b 
lim f fives f F(a) de. (128) 


This shows that, if a sequence of functions converges in the mean to a 
limiting function, the sequence of integrals converges to the integral of 
the limiting function. 

From the positive character of the integrand in equation (112), it 
follows that, if a sequence of functions is convergent in the mean to 
F(z) over a,b then it is convergent in the mean over any subinterval. 
Thus we may replace the limits a and ὃ by any two values in the closed 
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interval a,b in such equations as (123), (127), and (128). In particular 
we may take the integrals from ὃ to x, where Ζ is any point of the interval, 
and the convergence will be uniform. Most of the results also hold over 
infinite ranges, as a, or —«©,0, However, for such ranges uniform 
convergence does not imply convergence in the mean, and we may no 
longer deduce equation (128), since a constant greater than zero is not 
integrable over an infinite range. 
262. Approximation in the Mean. If 


b 
B(f9) = [σὺ -- Ὁ}: (29) 


does not exceed ε, we say that the function f(x) approximates g(x) to 
within ε in the mean, for the interval a,b. If we have three functions, 
f(z) approximating g(x) and g(x) approximating h(x), the following 
inequality exists between the measures of the approximations: 


οὶ < [ECP gl? + EGAN, (130) 


where all the square roots are positive. 
To prove this, put: 


A(x) = |h(z) — g(z)|, Biz) = lg) — f@)I. (131) 
|A(z) — f(z)| Ξ A(z) + B(z). (132) 
Thus the inequality (130) will follow if we show that 


Then, 


4 


J ἽΜᾳ) + Β(6)}" ae} < | { ᾿μωρωὶ =e | J BG)? az} 
(133) 


for any two functions A(x) and B(x). Since both members are posi- 
tive, this will follow from the inequality obtained by squaring both sides. 
When we do this and cancel corresponding terms, our problem is reduced 
to proving: : 


2 f 4@8@ dz <2 if [A (x)]? ad {f° [Β(«}}2 ax} . (184) 


But this follows directly from the Schwarz inequality, so that the rela- 
tion (130) is established. 

The result shows that, if g(x) approximates h(x) in the mean to 
within ε and if f(z) approximates g(x) in the mean to within e, then 
f(x) approximates h(x) in the mean to within 4e. 
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253. Infinite Series and Mean Convergence. We say that an in- 
finite series converges to a sum function in the mean if the sequence of 
partial sums 8, (7) converges to a function s(x) in the mean. It follows 
from equation (128) that, if a series converges in the mean to s(x), the 
series obtained by termwise integration converges to the integral of s(z), 
provided the assumptions as to integrability are satisfied. Also from 
equation (123), we see that the series obtained by multiplying each 
term by a function G(x) with integrable square and by integrating term- 
wise converges to the integral of s(x)G(z). 

264. Equi-continuity. Consider a sequence of functions, f;(z). 
Any one of these functions is continuous at a point 2p if for any positive 
ε, there is a ὃ such that: 


lft(z) —filto)| <¢, if |x — ao] <6. (135) 


The possible values of ὃ will presumably depend on the value of ε, the 
_ value of x, xo and the particular value of ¢ which determines the function 
considered. We have already shown that a function continuous at all 
points of a closed interval, say a < x 335 Ὁ, is uniformly continuous on 
this interval. Thus, if we assume each of the functions is continuous on 
the closed interval a,b for each ε and t, we may select a ὃ independent of z. 

If it is possible to find a 6, for each positive e, which will serve for all 
values of ¢, that is for all functions of the sequence, we say that the 
sequence of functions is egui-continuous. The property of equi-continu- 
ity is thus continuity not only uniform in the variable x, but also uniform 
for the different functions considered. For one, or a finite number of 
functions each continuous on the closed interval a,b the property is 
automatically satisfied. However, for an infinite number of continuous 
functions it imposes a restriction. We may apply it to any infinite set of 
functions, not necessarily ordered, like those of a sequence, and define: 


A set of functions is equi-continuous for the closed interval a,b if, for any 
positive e, there is a value of 5,, such that for every function f(x) of the set: 


f(z) —f(to)| <6 ᾧ |e — 29] <6, (136) 
where x and xo are any two points of the closed interval. 
An important consequence of equi-continuity is given by the following 
theorem, due to Ascoli: 
From any infinite set of equi-continuous functions, bounded as a set, a 
sub-sequence of functions may be selected which converges to a limiting 
function uniformly on any interval of equi-continuity of the original set. 


To prove this theorem, we consider any enumerable set of points 
everywhere dense on the interval a < x < ὃ, that is a set of points which 


— 
— 
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may be ordered 11, 72, 73, °° , and such that every point of the interval 
a <x <S bisa limit point of this set. The points on the interval with 
rational codrdinates form one such set. 

Now consider the totality of values of functions of the set at the point 
γι. Lf there is only a finite number of distinct values, we may select an 
infinite subset of functions 


fir(z), fi2@), fis(e), > °° (137) 


which all have the same value at 7,, F(r:). Otherwise there is an 
infinity of distinct values, in which case there is a greatest limit point, 
since they are all bounded. Accordingly, we may select an infinite 
subset of functions (137) whose values at r; approach a limit, Κ᾽ (1). 

In either case, we have a subset of functions, f1,(z), such that: 


lim fiz(ri) = F(71). (138) 
k—~>00 


We next consider the totality of values of the functions f1;(7) at the 
point re. By reasoning as we did before, we may select a subset of 
these functions, which we relabel as 


fei(x), fee(x), fos(&), ° °° (139) 
such that: 
| hae fox(r2) = F(r2). (140) 


We continue in this way, obtaining an enumerable number of se- 
quences fn,(x), such that: 
a Snk (Tn) = F(rn), (141) 
—>00 


and each sequence fng(x) is a subset of the preceding sequence fri (z). 
Finally we consider the diagonal sequence, 


fir(@), foo(x), 155(5) τ᾿ (142) 


For any particular value of n, all the terms of this last sequence after 
the nth form a subset of the functions fnz(z). Therefore it follows from 
equation (141) that 

Hes κα) = F (rn). (143) 


As this is true for all n, it follows that the sequence of functions (142) 
approaches a limit at all the points of the everywhere dense set of num- 
bers r,. For simplicity, we drop one subscript and write f;,(x) for 
{εκ(4) in the sequel. 

Now select any positive number ε, and a 6, for which the condition 
(136) is satisfied for all x in the interval. We may do this since the set of 
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functions is equi-continuous. Next divide the interval a,b into intervals 
each less than διῶ. Since the points r, are everywhere dense, we may 
select one such point in each of these intervals. Let P be the largest 
subscript for any of these points. Then the finite set of points ee 
with p S P is such that every interval of length 5, anywhere on our 
interval will include at least one point rp. 

Since the sequence f,,(z), or f(x) is such that: 


lim Si (Tp) 7 F(ry), p = 1, 2, aia P, (144) 
k—>0o 


we may select an N such that: 
lfn(rp) — F(rp)| 4ε, for n>N, po SP. (145) 


For, we may do this for each sequence and need merely take the largest 
of the P values so obtained. 

Now consider any value of x on the closed interval a,b. It may or 
may not be in the set r,. For some value of p, p S P, we have: 


rp — οἱ “δ. (146) 
Consequently, from the condition of equi-continuity: 
lfe(r'p) — Se()| << for all k. (147) 


In particular, for any two values n,n’ each greater than N, we have 
from the last relation: 


fn(rp) — fn(z)| < «, (148) 
and 
fn (tp) — fr(z)| « ε. (149) 
But, from the relation (145), 
[fn (tp) — Sn’ (p)| < 2e. (150) 
From the last three relations, we may conclude that 
\fn(x) —Syr(x)| < 4e, forn,n’ > N. (151) 


This relation shows that, for any x in the interval, the sequence of func- 
tions f,(z) approaches a limit for k-—> ©. We call this limit F(z). 
Thus: 
lim f,(z) = F(a). (152) 
k~—>00 


Also, since the N of the relation (151) or (145) is independent of zx, it 
follows that the convergence is uniform. 

_ Finally, since the individual functions are continuous, the limit 
function F(z) is continuous, by section 243. This proves the theorem. 
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In place of the condition that the set of functions be bounded, it is 
sufficient to require that the values of the functions at one point be 
bounded. For, if we select a ὃ corresponding to ε in the condition of 
equi-continuity, and then select a positive integer n so large that 
lb — αἱ < né, we may divide the interval a,b into n equal parts by 
points τ. Then, from 


f@) -—f@u)|<e, if ti Sts %, (153) 
we may deduce that: 
f(z) — [(ω0}} < ne, (154) 


where z is any point of the interval and 2p is the point at which the values 
of the functions are bounded. ‘Thus: 


[f(to)| < M. (155) 
But from the last two relations: 
[f(x)| < M + ne, (156) 


so that the functions are bounded at all points. 

Or, we may merely require that the values of the functions at one 
point contain a convergent sequence, since this leads to a subset of 
functions, infinite in number, with values bounded at one point. 

That some condition of this kind in addition to the equi-continuity 
is necessary may be seen from the discrete set of functions fy(z) = π. 
This set is equi-continuous and in fact any positive number will serve as 
a ὃ of equi-continuity for all positive values of ε. However, no con- 
vergent infinite subset can be found. 

255. Tests for Equi-continuity. In section 128 we showed that, if a 
function had a derivative f’ (x) at each point of a closed interval, uni- 
formly bounded so that: 


lf’ @)| ΞΜ, (157) 
then, for any two points of the interval, 
If(a2) — [(1}} < M|z2 — a4]. (158) 


We called the last relation a Lipschitz condition. Such a condition 
implies continuity, and we may take: 


a as a possible value of 5,, (159) 


in the definition of continuity. 

It follows from this that, if each of a set of functions satisfies a 
Lipschitz condition with the constant the same for all the functions, 
the set of functions is equi-continuous. 


416 SEQUENCES OF FUNCTIONS [Cuap. XII 


Also, a set of functions each of which has a derivative, the derivatives 
all admitting the same bound, is necessarily a set of equi-continuous 
functions. : 

Under certain restrictions, the set of functions 


ὦ" 
fe) -- [Κων σῷ) dy (160) 


give rise to a set of equi-continuous functions. In fact, if the function 
K (x,y) is a fixed function continuous in the two variables z and y for y 
in the closed interval a,b and x in the interval under consideration, and 
if the functions g(y) are uniformly bounded, or at least satisfy the 
condition | | 


δ [ 
[σωᾶν <M (61) 


with the same M for all the functions, then the equation (160) defines a 
set of equi-continuous functions. 
To see this, we write: 


b 
7) -- f@0) = f (Key) -- ΚΜ σῳ) dy. (162) 
We now apply the Schwarz inequality which gives: 
b b 
U@) —JooP s f Kew) — Keo Pay [QP ay. (68) 


From the assumed continuity of K(z,y), it follows that 
IK(z,y) -- Κίον) <e if |e—al «ὃ, ay Sb, (164) 
so that we may conclude from this and equation (161) that | 
[f(x) — f(xo)]? Ξ |b — aleM, if |x — xl <5, (165) 


Since ε is arbitrary, this proves that the functions f(«) are members of an 
equi-continuous set. 

256. Several Variables, Complex Variables. The notion of uniform 
convergence may be extended to functions of more than one variable. 
Thus, a function of several real variables approaches a limit uniformly 
in these variables, on a certain range, if beyond a certain point in the 
Sequence, ἐξ independent of the values of these variables, the difference 
between the limit and the approximation is numerically less than e. 
A sequence of continuous functions of several variables, convergent uni- 
formly in these variables, has a limiting function continuous in these 
variables, Ἐν 
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The theorems just mentioned also hold for functions of one or more 
complex variables. 

Similarly the notion of equi-continuity and convergence in the mean 
may be extended to functions of more than one real variable, or to the 
complex case. In extending the idea of convergence in the mean to 
complex values of the function we must replace the squares of the 
differences by squares of the absolute value of the differences to preserve 
the positive nature of the integrand. 


EXERCISES ΧΙ 


ix? 
1. Let f;(x) = τ τε , and F(x) = πὰς fi(z). Show that the convergence 


is not uniform in any interval including the seein and that F(x) is not continuous 
at the origin. 
2. Let the nth term of an infinite series be 


t 

(1 + nz)(1 + [n + 1]z) 

Show that the sum function s(x) = lim s,(x), where sa(z) = Σὸ ux(z), is dis- 
k=1 


n> 
continuous at z = 0. Deduce that the convergence is not uniform, and verify 
by studying directly the values of s(x) — s,(x). Hint: First show that 


Un(x) = 


~t+n 14m4+)e2 
3. Draw conclusions similar to those of problem 2 if un(x) = ας)" τ Ἢ 
, — _ 1 e 
Hint: Here s,(x) = 1 ( τα)" 


4. If ὠ,(“) = , where m = 2", show that the sum function is 


nae 2m 


ἃ 1 
3 if [2] « 1 and i- 2 if |z| > 1, and show directly that the convergence 


1 


1 
is non-uniform near x = 1. Hint: Show that s,(z) = ———; — 7>—,,,° 


δ. If f,(xz) = = ——— a Pa) = oo fi(x) = 0, ar F(x) dx = 0. Show 


1+ 
that aa [ f(x) dx = π /4, and investigate directly the non-uniformity near 0. 
t—»>-+-o J 0 


6. If f(r) = rt sin riz,0S 2S 1/t, and f(x) = 0, ἴο 0 «ἐ 1}  :ΞῚ1, 
1 
show that f F(x) dx = 0, where F(x) = lim f(x), but that 
0 {--»-ο0 


1 
Jim, J, fila) dx = 2. 


418 SEQUENCES, OF FUNCTIONS [Cuap. XII 


7. Let un(z) = 1 for all z such that n = {1 /Iz/], the greatest integer contained 
in 1 /|z|, and otherwise zero. Show that the series Στ, (α) converges to 1 if 
0 < |z| S 1, and otherwise to zero. Also show that the convergence is non- 
uniform near zero. 

8. Show that, 85 ἐ — +00, f,(x) = |x|'" converges non-uniformly for x near 
zero. 


9. If fi(z) = re, and F(z) = lim fiz), show that [ F(z) dx = 0, 
.--"»ο 0 


but that lim ᾿ f(z) dz = 1/2. Also show that the values remain 0 and 1 /2 
t—>oo 0 


if we replace the upper limit © by p, any positive number. 

10. Show that as ἐ -- 0, f,(r) = x/(1 + tx) converges to 0 uniformly on the 
interval 0 S x S 1, but that g,(z) = 1/(1 + tz) converges to zero, but non- 
uniformly for values near zero. This shows that multiplying in an unbounded 
factor, here 1/2, may disturb uniformity. 

11. Show that in problem 10, g(x) converges in the mean to its limit, and 
verify directly that over 0,1 the integral of the limit equals the limit of the 
integral. Also deduce this result from section 247, with zero as the exceptional 
point near which g;,(x) is bounded. 

12. For x and ¢ positive, show that f,(x) = tz(1 — 2) has a single maximum 
for z= 1/(¢-+ 1) equal to (1 - 1. ἢ, so that as t—> οὐ, the maximum 
approaches 1/e. Deduce that the convergence is non-uniform near zero, but 
that the function is bounded. Hence use section 247 to prove that the integral 
of the limit of f,(z) equals the limit of the integral over the interval 0 to p, any 
positive number not exceeding unity. Also show this by direct calculation. 

13. The behavior of g,(z) = ὅχ(] — z)' may be deduced from problem 12, 


1 
since it is ¢f,(z). Show that for this function f lim g,(x) dx = 0, but 
QO t--»00 


1 
lim σι(α) dx = 1. 
ta VQ 


14, Let 9,(z) be a discrete sequence approaching G(x) as n increases through 
integral values and let the g(x) be uniformly bounded, |g,(x)| « K. Then if 


n 
frie) = DL = gn(p 11), F(x) = lim f,(x) exists. Show that the convergence 
p=1): N— 00 


will be uniform if g,(z) > G(x) uniformly for all values of x. 

16. Let h,(x) be continuous functions with 0 < h,(x) « Καὶ , converging to 
H(z)for—-1S2S1. Let H(0) = 1, and H(z) = 0 for0< [1] < 1. Show 
that if we put g,(z) = hp (sin πα) the sequence fn(x) defined in problem 14 will 


converge non-uniformly near every rational value and hence in every interval. 
n 


A simple example is ha(z) = (1 — 2)", f,(r) = > + cos 2" (p ! ra). 
p! 


p=1 
16. The series with u,(x) = (—1)"/n converges uniformly, since the terms 
are independent of x. Show that it is not dominated by any convergent series 
of positive terms and so the uniformity can not be proved by the Weierstrass 
M-test. 
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17. Draw conclusions similar to those of problem 16 for the uniformly con- 
vergent series with u,(z) = 1/z if 1/(n +1) Ξ 1/2 S1/, and u,(z) = 0 for 
other values of z. 

18. Let u,(z) be the general term of a series proved to be uniformly con- 
vergent by the Weierstrass M-test. Show that if v,(x) form a set of unif ormly 
bounded functions, |vn(z)| « K, then the series vn(xz)un(x) converges absolutely 
and uniformly. An example is ua(x) = 1/(n? + 2”), vn(z) = sin nz. 

19. Show that we may replace the condition on v,(z) in problem 18 by the 
condition that »v,(z) approaches a finite limit, uniformly in x, as τὸ increases 
through integral values. An example is wa(z) = 1/(n? +27), v,(%) = 
a?" /(1 — 22), for the range s = 1 + 7, or the range |x| < 1 — p, where p is any 
positive number less than one. 

20. If for each fixed 2, v,(z) decreases as n increases’ and approaches zero 
uniformly in x, while for all values of n and x under consideration the sums 


nr 
Σ, un(z) are numerically less than some fixed number K, the series with general 


1 
term v,(x)u,(z) converges uniformly. An example is »,(z) = ara U,(z) = 


a? 
sin nz. Hint: Use section 199. 
—1)" 2" 


nm 1--- χϑη 


21. Show that the series with un(z) = converges uniformly in 
any closed interval not including lor —1. Hint: Use problem 20. 

22. In problem 29 of Exercises IV, the expansion of (1 + x)” in a power series 
>” C,.2" was obtained, for |z| < 1. In section 195 we showed that this expan- 


n=0 
sion converged for z = —1, if m> 0, and had all the terms of the same sign 


after a certain point. Show that the series converges uniformly for |z| 3 1, 

and, since it represents a continuous function in this closed interval, must equal 
(1 + 2)” for z = 1, or —1. 

23. Prove that |z| = ΣΟ, (x2 — a)" for -—a Sz S a, the series 
aa 


of polynomials being uniformly convergent in this interval. Hint: Put lz| = 


x2 1/2 
a E - (1 - =) and use problem 22. 


24. A continuous function made up of a finite number of linear segments, or ἃ 
polygonal line, may be expressed as the sum of a linear function and a number of 
functions of the form Al|z — σοὶ, one for each vertex. Also on a finite closed 
interval any continuous function may be uniformly approximated by a polygo- 
nal function. From these facts, and problem 23, deduce that the continuous 
function may be uniformly approximated to within any preassigned degree by a 
polynomial. The theorem is due to Weierstrass, the method of proof here 
suggested is due to Lebesgue. 

25. Let the sequence {ι(5 converge to G(x) uniformly in a closed interval 
and converge in the mean to F(x), on the same interval. Prove that if F(x) and 
G(x) are continuous, F(z) = G(z). 
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26. Let the sequence of functions f;,(z) converge in the mean to F(x) onaclosed 
interval on which F(x) is continuous. Prove that if the functions Μία) form 
an equi-continuous set and any subset is selected which converges at all points 
of the interval, the limit of this subset will be F(x). Hint: Use problem 25. 

27. In the open rectangle a < x < b,c < y < d, let G(z,y) be continuous and 
G(z,y) = 0°F /dx dy. Show that, if the repeated limits exist, 


b 
[ dy f G(z,y) dx = lim | tim Hesnn2eu) | 
c a ye t->a 


Yad “,-»Ὁ 


where H(21,Y1,22,Y2) ac F (x2,y2) ππν F (x2,y1) ἐπὶ F(2x1,y2) Ὁ (αι, νι). This 
enables us to construct improper repeated integrals whose value depends on 
the order of integration. Examples are: F(z,y) = (x — y) /(x + y), G(z,y) = 
2(e — ψ)ὴ [ὦ + ν) or F(x,y) = tan (y/z), G(a,y) = (y? — 22) /(x?y?)? with ὃ 
and d positive and a and ¢ either both zero, or both o. 

28. If for each fixed x, p(u,x) decreases as u increases to © and approaches 


qg 
zero uniformly in z, foraS2z& ὃ, while { f(u,z) duj « M for all positive 
0 
οὐ 


values of g, then the improper integral p(u,x)f(u,xz) dw converges uniformly 
0 


inzforaS α Ξ ὃ. Hint: See problem 29 of Exercises IX. 
29. Ifa > 0, b > 0, and g’(zx) is continuous and integrable from 0 to © so that 


[ σ᾽ () dx = φΠξ(-Ἐ Ὁ) -- g(0), prove that: 


[35Ξ--9 dx = [g(+0) -- g(0)] log ° . (Elliott.) 


μη 


οο 
Hint: Show that f σ΄ (2) dx converges uniformly for a S u S ὃ, and invert 
0 


b oe) 
the order in f du f g (ux) dz. As examples, 
a 0 


b © ob τα 


— 


[ tan—! br — ἰαη “1 az 
0 


a 
- ἀν = log; 


ἌΡΕΟΣ 
πο ες’ 0 ΜΗ 


30. If a > 0, b > 0 show that the order may be inverted in 


08 ia 
7 da { 6 τεῆς dy and deduce that: 
0 0 


fo ee _i, αΞ + δ 
0 Μη ἜΣ b? 
iv a] == az in Ὁ. 
and fo et tt? 
0 x 2 
Ὁ sin bx 


81. Show that [΄ dx = ~ifb> 0,0ifb = 0, and —~ if b< 0. 
0 5 2 2 


Hint: For the first case, take the limit as a— + of the last integral of prob- 
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lem 30, noting that the term in the integral involving e~ is dominated by 


1 
[ e dz = . For the last case, putz = —wu. 


32. Prove that , αθ [ ev rdr = [ ἀχ Jo e~=’-v* dy, and deduce that 
0 0 


00 Vx 
{ e* dx = > . Hint: If we call the first integral with upper limit 0 
0 


replaced by R, Ip, a direct calculation shows that Ip increases with & and ap- 
proaches 7/4. If the second double integral, with both upper limits οὐ replaced 
by a is Jg, the positive nature of the integrand shows that J, increases with a, 
and I, < Ja < Ig, 80 that the second double integral converges and to the same 
value as the first. 
οΌ 2. a? e724 
33. Show that { δ᾽ dy= — . Hint: Hither show that if I(a) 
0 
is the integral, [’(a) = —2J(a); or replace the integral from 0 to» by that from 
1 1 
0 toa’ plus that from a? to 0. Then put z = a/u in one integral, and take 
xz — a/x as a new variable. In either procedure the result of problem 32 must 
be used. a ee = 
34. Show that f se dx = [α] 3. Hint: Either integrate by parts, or 
0 
differentiate the integral with respect to a, and use problem 31. 
35. Ifa >0,b>0, a ) du converges and f(u) is continuous for u > 0 
τὴν a bx 
and has a ΠΕ ἜΤ με Pe u=0, then f Hor) ~ flaz) ) = F(az) dz = f(0) log ; 


w 
(Frullani.) Hint: Deduce 


pe” f0) 1, = fe — #0) 

0 U τ 0 Mv 

[Ξ:ϑ,. [PO a κα f°. 
0 M 7 ag U ag Ὁ 


36. Illustrate problem 35 for f(u) = e~“, sin u, cos τι, and compare the results 
with those of problems 29, 31, and 30. 

37. Assuming that g(u) — g() = f(u) satisfies the conditions imposed on 
j(u) in problem 35, deduce the equation of problem 29. Show that tan”? u 
satisfies these alternative conditions. 


38. Deduce the Schwarz inequality from the fact that the quadratic expres- 
ἱ 


and hence 


sion in 4, f (f(z) — ug(x)}? dx, cannot change sign. Compare the proof of 
a 
the inequality for sums in the hint to problem 9, Exercises X. 


CHAPTER XIII 
FUNCTIONS OF COMPLEX VARIABLES 


So far we have only applied the processes of differentiation and inte- 
gration to functions of a complex variable built up from elementary 
functions. We now wish to consider the more general functions of a 
complex variable to which these operations can be applied. Such func- 
tions are connected with transformations of the plane which preserve 
angles and are also coextensive with the class of functions which have 
power series developments. We call them analytic functions and 
develop several of their characteristic properties. We illustrate their 
use in evaluating certain real, definite integrals. 

A number of processes are described which, when applied to analytic 
functions, lead to new analytic functions. Finally we briefly indicate 
how some of the theorems may be extended to analytic functions of 
several complex variables. 

257. Functions. We have already applied the notion of functional 
dependence to complex values of the variable in section 101. Let us 
again consider two complex variables, or variable complex numbers, 
2=x2+2y and w = u-+ τὺ, with w a function of z. We shall usually 
take as the range of values of z some two-dimensional region of the plane, 
for example a circle or a rectangle, in which the function is single-valued. 

Thus, each value of z, or (x,y) in the region R will determine a single 
value of w, or (u,v), 


w = f(z) = u(z,y) + wia,y). (1) 


Each such function leads to two real, single-valued functions of two 
real variables, u(z,y) and v(z,y). Conversely each ordered pair of real 
functions of this type may be used to define a single-valued function of 
one complex variable. 

The function f(z) is continuous for the value Zo, if 


lim f(z) = f(20), (2) 


2-.--» 29 


where as in section 102 the limit must exist as a two-dimensional limit 

of the kind discussed in section 242. Thus, in particular, the limit must 

equal f(z9) for every discrete or continuous sequence of values z; — Zo. 
422 
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As pointed out in section 102, an equivalent condition for continuity at 
Zp is that there is a number 6, for each positive number e such that: 


If@) —f@o)|<« if jz — 2] <6. (3) 


Also, the function f(z) is continuous at 2 = 2 + 7yo if, and only if, the 

two real functions u(z,y) and v(2,y) are each continuous at (29,Y9). 
258. Derivatives. We recall the definition of the derivative of f(z) 

given in section 110, namely, 

dw Aw 


= lim —»> (4) 


a emia 
J (2) dz As—>0 ΔΖ 


provided the limit exists as a two-dimensional limit. 
Let us investigate the conditions that this imposes on u and v. We 
have: 
Aw Au+zAv 5 
Az Ar+tidy (5) 


If the limit exists as a two-dimensional limit, it will exist for any sequence 
of values of Az— 0. In particular, we may take Ay = 0, and Ar -- 0 
and conclude from equations (4) and (5) that: 

dw δι ὃυ 

& δε δι᾽ 6) 
where the existence of the limits on the right follows from the existence 
of that on the left by section 99. 

Similarly, we may take Az = 0, and Ay — 0, and deduce that: 


dw δ ov 
de oy dy (7) 


ΑΒ u and v and hence their partial derivatives are real, the last two 
equations imply that: 


=e BR. τυ θξι ξο τ τὰ (8) 


These are known as the Cauchy-Riemann differential equations. It 
follows from our discussion that: 


A necessary condition for w=  -ἰ iw =f(z) to have a derivative at 
Zo = Lo + tYo 28 that the functions u(x,y) and v(z,y) have first partial 
derivatives for (xo,yo) which satisfy the Cauchy-Riemann differential 
equations (8). 
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There are no further conditions of this kind imposed on the values of 
the partial derivatives of u and v at the point in question. In fact, we 
shall prove that: 

If u(a,y) and v(z,y) have partial derivatives which are continuous at 
(xo,Yo) and satisfy the Cauchy-Riemann differential equations, (8) for 
(x9,yo), then the function f(z)=u-+iv has a derivative f’(z) at 
Z = Xp + tYo. 

By section 211, the conditions on u and v make them differentiable in 
x and y at 2o,Yo, so that: 


ou du 
δος py ee θἷν (9) 
dv ov 
and Av ago ogee Az + e, Ay, (10) 


where all the e approach zero with Az and Ay, or with Az. 
It follows from the equations (8), (9), and (10) that: 


du Ὁ ἐδυ = (2 +52) (Δα +i Ay) +e’ Δα - ε΄ Ay, (11) 


where 
e =e, +43, and εἴ = eg + te. (12) 
Consequently, 
Aw δι ov , Ax , AY 
--- = — — — —- 13 
Az oOo top ae Az ι19) 
Since |Az| ΞΞ [Δ2] and |Ay| S [Az|, 
Az Ay 
—| <1 —| <1. 14 
and τ -Ξ (14) 


From this and the expression for the ¢« in equation (12), the last two 
terms in equation (13) are seen to approach zero with Az, so that 


lm ---ξ ---Ε--" (15) 


and the function w = f(z) has a derivative at 2p. 
The added condition of continuity, or some condition to insure that 
u and v are differentiable is necessary, as the following example shows: 


u(x,y) =\2|* yl? vey) = 0. (16) 


For (x,y) = (0,0) each of these functions has both partial derivatives 
equal to zero, so that equations (8) are satisfied. However, the first 
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function is not differentiable. The function f(z) = u+ i has no 
derivative at the origin. For, 


Aw m 


Be ἘΠῚ 


if Az = Ax +im? Az, lim 


which varies with m, so that the two-dimensional limit does not exist. 

269. Conformal Transformations. If we represent the values of z in 
one plane with x and y coérdinate axes and the corresponding values of 
w in a second plane with w and » coérdinate axes, we may interpret the 
relation w = f(z) as a transformation of the points in some region R of 
the first plane into certain other points of the w plane. Let us assume 
that the functions u(z,y) and v(z,y) have partial derivatives, continuous 
at some particular point z9,yo under consideration. Let us also assume 
that the Jacobian 


ϑὼ au 
Ox oy 
ἸΌΝ 5. 08) 
o(x,y) Ov ov 
dz ay 


at this point 2,yo. Then, if u9,¥9 is the point into which xo,yo is trans- 
formed, by section 218 there is some two-dimensional neighborhood of 
μο,ῦο in which the equations 


u=u(z,y), v = v(z,y) (19) 
have a solution of the form 
z= χ(ιι,0), y = y(uv). (20) 


These functions will have partial derivatives continuous at u,¥o, and 
by problem 19 of Exercises X, such that: 


a(zjy) 1 
δ) πα oa 
0(z,y) 


Any curve in the zy plane passing through the point 29,yo and having 
a tangent at that point with direction components 


d d 
g’=— and γμ'- “9 


; at (22) 
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will be transformed, at least for some arc including zo,yo, into a curve in 
the uv plane, passing through the point wuo,v9 and having a tangent at 
that point with direction components 


, du 


ares Une’ + uy’, (23) 


dv ; 
y= = vat! + Oy’, 


by the equations (19). Conversely, any curve in the second plane, with 
a tangent at wo,¥o in the direction given by equations (23) will have 
some arc transformed by the inverse transformation (20) into an arc 
through 2z0,yo with the direction given by equations (22). 

As in section 175, we have for the arc length in the w plane 


gl? xe y!2 4 y/2 
= (U2 + v2)x!? 4 2 (uty + vdy)z’y’ + (υἷ + v2)y’, (24) 
The equations (23) suggest the transformation: 
U=u,X +uY, V =0,X + 0,Y, (25) 


from an XY plane to a UV plane, where the coefficients are constants, 
equal to the value of the partial derivatives at 2o,yo for the functions of 
equation (19). If 

X=2Z—2 and Y=y-— yo, (26) 


it follows from the differentiability of the functions that 
U—-U=U+eX + e@Y and v— = Vt eX + «Υ, (27) 


where, as in equations (9) and (10), all the ε approach zero with X and 
Y. Hence, for points near z0,Yo the transformation given by equations 
(19) may be approximated by putting 


U—U = U and v—v9 = V, (28) 


and combining equations (25), (26) and (28) to obtain the relation 
between z,y and u,v. Since the last two of these equations merely 
change the origin to the points under consideration, the character of the 
approximating transformation is given by equations (25). These 
represent an affine transformation, which takes parallel straight lines 
into parallel straight lines. Equally spaced points on any one line in 
one plane go into equally spaced points on some line in the second plane. 
However, while the scale factor is the same for any two parallel lines, it 
will usually differ for different directions. In fact, a circle in either 
plane will go into an ellipse in the other plane, and the transformation 
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may be generated by a combination of a rotation and two changes of 
scale, usually different, along a certain pair of perpendicular axes — the 
axes which are transformed into the principal axes of the ellipse. 

When the two changes of scale are equal, the transformation reduces to 
a, similarity transformation, which may be generated by a combination 
of a rotation about the origin and an expansion out from the origin or by 
the same change of scale in all directions. In this case all lengths are 
changed in the same ratio, and all angles are preserved. The imposing 
of either of these properties on the affine transformation makes it a 
similarity transformation. In fact, if we merely require all pairs of 
perpendicular lines in one plane to go into perpendicular lines, the ellipse 
which is the image of a circle must have all its pairs of conjugate axes 
perpendicular and therefore must reduce to a circle, so that the trans- 
formation reduces to a similarity transformation. | 

When the approximate transformation given by equation (25) is a 
similarity transformation, the transformation given by equation (19) is 
said to be conformal, or to preserve angles, at the point in question. 
Since the equations for directions obtained from equations (25) are 
identical with equations (23), it follows that in this case, two curves in 
the uv plane intersecting at μοῦρ cut at the same angle as the curves in 
the zy plane of which they are the images. 

To find the condition for a transformation to be conformal, we note 
that the circle 

U?+ Vial (29) 


is transformed by the equations (25) into 
(uz + v2)X? + 2(usty + vary) XY + (up Ἔ υ) 75 Ξ 1. (80) 
This will reduce to the equation of a circle if, and only if, 


Ugly + υωῦν = 0, (31) 
and 
uz + δ = εὐ + υἷ. (32) 


Since we have assumed that the Jacobian of equation (18) is not zero, 
v, and v, cannot both be zero. Suppose v, γέ 0, and put 


Uz = ky. (33) 
Then, from equation (31), we find: 
υ; = —kuy,. (34) 


It follows from the last two equations that: 


ue -Εὖ = k?(uz + 3). (35) 
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A comparison of this equation and equation (32) shows that k? = 1. 
Thus, either 

Uz = Vy, Uy = -τυς, (36) 
or Ue = -τῦν, Uy = Vz. (37) 


Hither of these pairs of equations imply equations (31) and (32). 
If a transformation satisfies equations (36) its Jacobian 


Udy — Uys = Ut Uu>O. (38) 
But for a transformation satisfying equations (37) its Jacobian 
Udy — Uys = - ἢ — us < 0. (39) 
The discussion of section 233 shows that in the first case orientation is 
preserved, while in the second case orientation is reversed. In fact, if 
we interchange u and v, which reverses sense, the equations (37) reduce 
to (36). 
As the equations (36) are the Cauchy-Riemann differential equations 
(8), we may summarize our results as follows: 


A transformation given by two functions u = u(z,y) and v = v(z,y) 
with partial derivatives continuous at a point and Jacobian different from 
zero at the point preserves angles as to magnitude and sense at the point if, 
and only if, the Cauchy-Riemann differential equations (36) are satisfied. 


By the preceding section, under these conditions the function 
w(z) = u + w has a derivative given by equation (15), 


or — = Uz + ἴυ,. (40) 


From this and equations (36), 
dw Ξ δίω,υ) | 
dz d(x,y) 

This shows that the derivative is not zero. In fact, from equations 
(24), (86) and (41) we find: 


ul? +? = 


= Up + υ = Udy — Vatly = (41) 


2 
—| (a? + γῆ. (42) 


This shows that the numerical value of the derivative is the factor by 
which the differential of length is multiplied by the transformation. 
This was to be anticipated from equation (41), which shows that its 
square is the Jacobian or factor by which the differential of area is 
multiplied, together with the fact that for differentials the transformation 
has the character of a similarity transformation. 
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Some of these facts could be derived otherwise by noting that, when 
there is a derivative: 


(43) 


Also, if the derivative is not zero its argument is determined to within a 
multiple of 27, by section 96, and for a suitable branch 

: Aw dw 

lim arg Ag MEG, (44) 
That all differential lengths are multiplied by the same factor follows 
from equation (43), while equation (44) shows that the angle between 
any direction and its transformed direction is the same, so that angles 
are preserved as to magnitude and sense. Hence: 

At any point where the function w(z) has a derivative dw/dz distinct 

from zero, the corresponding transformation preserves angles as to magnitude 
and sense and has a positive Jacobian. 


260. Power Series. We have seen in section 112 that for a suitably 
restricted range of the complex variable z, any elementary function has 
a derivative. We wish to show now that a more general class of func- 
tions of a complex variable which have derivatives, is the class of func- 
tions expressible by power series. For this reason we shall consider 
power series expansions in some detail. 

A power series in z is an infinite series whose terms are products of 
integral powers of z by complex constants: 


οο 
Σ, Ont”. (45) 
n=0 
We may also consider power series in z — c, of the form 
i?) 
Σ an(z — c)”. (46) 
n=0 
As these may be reduced to the first form by putting 


Z=Zz-C, (47) 


most of their properties follow at once from the simpler form, and we 
shall chiefly confine our attention to this first form (45). 

Power series form a natural generalization of polynomials, which are 
finite sums of similar terms. A power series may converge for all 
values of z, as 


Στ (48) 
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Or a power series may diverge for all values of 2 except 2 = 0, as 


Ln ! 2". (49) 

Also a power series may converge for some values and diverge for 
others, as | 

2". (50) 


These properties of the examples follow from the test-ratio, which is 
z/n, nz, 2, respectively. Thus we have convergence, when these 
approach a limit numerically less than one, or for all z in the first case, 
and for |z| « 1in the third. Similarly we have divergence, when these 
approach a limit numerically exceeding one, or for all z distinct from zero 
in the second case and for |z| > 1 in the third. 

261. Circle of Convergence. We generally omit from consideration, 
series which converge only for z = 0, as being without interest. For 
series not of this type, considerable information about the points for 
which they converge is given by the following theorem: 

If a power series in z converges for some value of 2, say 2, τέ 0, then it 
converges absolutely for all values of z with |z| < |z;|, and in fact uniformly 
in any range |z| Sr, where 0 <r < |z,|. 

From the assumed convergence of the series, |¢,z2{| > 0, and so is 
less than unity for all terms after a certain one, say the Nth. Hence if 
M is the maximum of the finite set of numbers 1, |a,z?| for p = 0, 1, 2,---, 
N, we shall have for all n, 


[α 21} 5 M. (51) 
For any {z| < |z:|, we may find a positive number r such that: 
lz] <r < fay]. (52) 
If we then put: 
Bes hee, (53) 
|z;| 


Hence, for the value of z under consideration, 


lanz"| = |anz4| ᾿ < Mc". (54) 


Ζ 
Ζ1 
But since c is less than unity, Mc” is the nth term of a convergent geo- 
metric series. Thus, by the Weierstrass M-test of sections 245 and 256, 
the uniform convergence of Σ Λα, ῆ in the range |z| Sr follows. The 
absolute convergence of the series for the z considered, also follows. 
The range |z| S r is the interior and boundary of a circle, with center 
at the origin. We shall refer to such a circle as a ezrcle of uniform con- 
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vergence. ‘The theorem just proved shows that, if a series converges for 
any value not zero, there are such circles. 

Recalling sections 243 and 256, and the continuity of the powers of z, 
we see that the sum of a power series f(z) is a continuous function of z 
at all points inside or on any circle of uniform convergence. 

Suppose that a power series converges for z,, where |z;| = 11, and 
diverges for'z2, where |zo2| = re. Then, by the theorem just proved, it 
will converge for all z with [2] <7r,. Similarly, it will diverge for all z 
with |z| > 72, since the convergence for any such value would imply that 
for z2, contrary to our assumption. This leads to a separation of values 
of r into two classes, one containing values of 7; such that the series 
converges for all z with |z| = r, and the other class containing values of 
rg such that the series diverges for some z with [2] = ro. All the con- 
ditions of section 6 are satisfied and there is a number R such that the 
series converges for all z with |z| < R, and diverges for all z with |z| > R. 
For [2] = R itself the series may converge or diverge. The circle 
|z| = BR is called the circle of convergence of the series. The number R is 
called the radius of convergence of the series. It follows that unless the 
series converges for no values except z = 0, when we put [ἢ = 0, or 
converges for all values of z, when we put R = ©, there is a finite radius 
of convergence. By V of section 193 and section 204, 


i. 2 οἱ _i 
R= lim [αι or Καὶ = lim [a,| *. (55) 


For each of the series 


nr 


[> a) 
a = 


n n=] 


οὐ οο 
ΣΟ Σ (56) 
n=1 
we have R = 1. For the first, we have divergence at all points of the 
circle of convergence. For the second we have convergence at all points 
of the circle of convergence. For the third we have divergence for 
z = 1 and convergence at all other points, by the Abel test of section 199. 
262. Differentiation of Power Series. We shall now prove that: 


For all values of 2 inside the circle of convergence of a power series, the 
function represented by the series has a derivative, whose value is given by 
the series obtained by termwise differentiation. 


To prove this, consider a point z inside the circle of convergence, 
so that if [2] =r, r< R. Select a positive number p such that 
r+p<17r,<R. Then the circle with radius 7; will be a circle of uni- 
form convergence. Hence, in particular, 


Lan” and Yan(r + p)” (57) 
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each converge, so that the series obtained by termwise subtraction like- 
wise converges. Its general term, divided by 9, is: 


(r +p)” — τῷ 
eg 
Pp 
The second form shows that it is positive and decreases if p is replaced 
by any smaller number. 


Now let h be any complex number with |h| < p, and form the series 
for the difference quotient, 


ae (moo ἘΞ κατ ty eer ). (58) 


Seth) - ΤΩ. 


(9) 
The general term is: 
n_ yn | 
a, 5:1" τ = On (ne + at zh +... ) . (60) 


The numerical value of this is less than the term on the right of equation 
(58), which was the term of a convergent series of positive terms inde- 
pendent of ἢ. Hence, by the Weierstrass M-test the series with this as 
its general term converges uniformly in the complex variable h, for 
{h{ <p. The terms are continuous functions of z for these values of A, 
so that the limiting function is continuous, and 
-- 00 

lim "ες τος x naz", (61) 

hA—0 h n=1 
the value of the series for h = 0. 

Thus f(z) has a derivative, and 


οο 
£@) = Σ nage", (62) 
n=l 
the series obtained by termwise differentiation. 
By equation (55), the radius of convergence of the derived series, 
Rp, is given by: 


— = lim |na,|". (63) 
But lim n!/" = 1, so that the upper limit is unchanged if we omit this 
factor and Rp = R. Thus the derived series has the same radius of 


convergence as the original series. 
Hence we may repeat the process any number of times and 


fM@) = Σ n(n εὐ τεῦ ne be (64) 
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263. Integrals. If we wish to define the integral of a continuous 
function of a complex variable f(z) from z’ to z’”’, we first specify a path, 
or curve, C in the z plane joining the points representing z’ and σ΄. 
We must take this path in the region of definition of f(z) and shall usually 
take it as given by two equations 


z=x(t), y= yd), (65) 


where each of these functions is continuous and of bounded variation. 
Thus the curve will have a finite arc length. 

We then form a sequence of points on the path, corresponding to a 
subdivision of the ¢ interval which corresponds to the arc: 


“τ «ἐ «ὦ «---«ἰ. =", (66) 
namely, 


zk = x (tx) + ay (tk), = 20) z= En- 


(67) 
We next select a value in each interval, 
hy tei Stk S th, (68) 
and put 
2, = a(t) + ἱν (ὦ). (69) 
Finally, we form the sum: Fia. 20. 
= {Gx) Az, where Azp = 2y — 2.1. (70) 


We may decompose this into a combination of sums of real terms by 
writing: 
z=a-+ty, Az= Ar+idy, fiz) =utw, (71) 
so that: 
f(z) Az = (w+ w) (Az + 7 Ay) 
= (u Ax — v Ay) + i(u Ay + υ Az). - (72) 


Thus the sum (70) may be reduced to 
> (u(x,Yx) Ax, nay v(Te,YR) Ay;| 
Εἰ Σ [wr,ye) Aye + υ(κε) Are]. (78) 


Each of the terms in brackets is the typical term of the sum for a line 
integral, as defined in section 180. Consequently, when 


ὃμ = max |Az,| = max V Az? + Ay? > 0, (74) 
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these sums each approach line integrals along the path C, and we have 


lim ¥ [60 den = f ude —vdy tif udy + ode. (75) 
1 σ σ᾿ 


ὁμ-»ὸ k= 


We call this limit the integral of f(z) along the path C and write 
fs@ ὦ -- fo ude —vdy ti [ὦ ἂν + ode (76) 
c Cc σ 
The form on the right is easily recalled by formally separating 


f(z) dz = (u+ w) (de + 1 αν). (77) 


264. Integral of a Derivative. If there is a function F(z), which in 
some region including the curve C, has a continuous derivative F’ (z) 
which equals f(z), then by equations (6) and (7) of section 258, 


if F(z) = U(zy) + WV (ay), (78) 
F’(z) = Uz + iVz = Vy ~ iUy. (79) 
And, since F’(z) = f(z) = u + iv, we have: 
u=U,=V, and v=V,= —U,. (80) 
Thus: 
udz -- vdy = 1), ἀν + U,dy = dU (81) 
and 
μάν -+vdzx = V,dx+ V, dy = dV. (82) 


Thus both of the line integrals of equation (76) have exact expres- 
sions for integrands in this case. Hence, by section 235, we may 
express the integrals in terms of the end points and 


ee 


[ toa= farsi fav -ἰσω τινων ἢ, 
= F(z’’) — F(z’). (83) 


This shows that the rule for expressing the integral of a continuous func- 
tion known to be the derivative of another function has the same form 
for compiex variables as that for reals. 

Since the form of the derivatives of elementary functions are the same 
for complex vaiues as for real values, at least in suitably restricted 
regions, it follows that the methods of integrating functions in terms of 
elementary functions given in sections 137, 138, and 139 continue to 
apply when the variables are complex, provided the path of integration 
lies in a region in which the elementary function which expresses the 
integral is continuous and single-valued. 
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Incidentally, the equation (83) shows that if F(z) is single-valued in 
a region R, and F’(z) = f(z) in R, then the integral of f(z) from 2’ to σ΄" 
is the same for any two paths in R joining σ΄ and ζ΄". 

265. An Inequality for Integrals. We may obtain an upper bound for 
the numerical value of an integral of a continuous function of a complex 
variable along a path, in terms of a bound for the numerical value of the 
function and the length of the path. We have: | 


f $@) ἃ = lim Σ 7) Δει. (84) 
σ k=l 


Let L be the length of the path C. Then, by section 174, each portion 
of arc length is at least as great as the corresponding chord, so that: 


L = Σ᾿ As; 2 [Azz]. (85) 
From our continuity assumptions, |f(z)| has a bound on C, say: 
If(z)| = M, on C. (86) 
Consequently, 
Xf (ze) Aze| S Llfex)||Aze] Ξ MR Δα Ξ ML. (87) 


It follows from this and equation (84) that: 


[-ὦ dz 


which is the inequality we were seeking. 

This important inequality enables us to extend the results of section 
246 to functions of a complex variable. For, let f:(z) be a sequence of 
functions approaching f(z) uniformly in z along a path C. Then we 


have: 
dz — t d. 
| J 1@ ? ji ὩΣ ἵ 


Ξ ΜΙ, (88) 


Ξ | J U@ - πῶ ὰ 
Cc 


< J If 2) — fule)| de, (89) 


since it follows from equation (84) and section 98 that the absolute value 
of an integral cannot exceed the integral of the absolute value. The 
right member of the relation (89) will not exceed eL, 


if If@) —fr@)| <¢,onC. (90) 


But, in view of the uniform convergence, this will hold for all ¢ beyond 
some t’ in the sequence, for any positive number ε. Hence, since L is 
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fixed, it follows that: 
lim f fee) dz = [ie dz. (91) 
t C C 


In particular, a power series may be integrated termwise along any 
path inside its circle of convergence, since such a path will lie inside some 
circle of uniform convergence. ‘This result also follows from the theorem 
on differentiation of power series, combined with equation (83). For 
cases where the process is valid when one end point is on the circle of 
convergence, see problem 16 of Exercises XIII, and compare problems 
17, 18, and 19. 

266. The Cauchy-Goursat Integral Theorem for a Triangle. We 
have seen that power series represent functions which in certain regions, 
namely, any circle of uniform convergence, can be differentiated. We 
shall later prove, conversely, that a function which has a derivative at all 
points of a two-dimensional region, may be represented by a power series 
in any circle lying entirely in the region. As a first step toward this, 
we shall now show that, along any triangle all of whose interior and 
boundary points belong to the region in which the function has a deriva- 
tive, the integral of the function is zero. 

Consider then any function f(z) 
which has a derivative at all the in- 
terior and boundary points of a tri- 
angle and is therefore continuous at all 
these points. Let us divide the tri- 
angle into four triangles of the same 
shape and dimensions, half as large, 
by lines through the midpoints of the 
sides. Then, if 7 denote the perim- 
eter of the original triangle, traversed 
in the positive direction as determined 
by the convention of section 233, and Τ᾽, 7 = 1, 2, 3, 4 denote the 
perimeters of the four smaller triangles, each traversed in the positive 
direction, we find that: 


4 
fi@u=% f seu, (92) 
T J=1 VT; 


since each T; has two sides a part of 7’ and a third side which is a side of 
T,, taken negatively, for 7 = 1, 2, 3. 
It follows from this equation that: 


4 
[fied << 
T j=l 


Fig. 21. 


(93) 


f(@) dz 
ΤΊ 
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If we denote by C, that one, or the one with smallest subscript if there 
is more than one, Τ᾽; for which 
= | f f(z) dz 
ΤΊ 


f(z) dz 
αι 
we have: fs dz 4 fs dz 
T C1 


We now treat the triangle C; in the same way we treated the original 
triangle and so obtain a triangle C2, such that: 


! f(z) dz [se dz 


Continuing in this way, we find a sequence of triangles, C,,, such that the 
length of Cy, 1s 1/2 the length of C,, and 


[θὰ 


᾿ (94) 


(95) 


<4 (96) 


<4 f(z) dz 


ὅκα 


Hence the length of C,, is 1/2” times the length of 7’, and 


[ f(@) de J 1 de 


As n— o, the triangles C, close down on a point 2p. For, if we take 
a point in each triangle, we obtain a sequence of points z, which approach 
a limit by the Cauchy convergence criterion, say 29. Since each triangle 
includes all those which follow, any triangle C,, includes all the z, with 
sufficiently large subscripts and therefore their limit point zp. Again, 
since the maximum dimension of the triangle C, approaches zero, there 
is only one limit point Zo. 

Since the point zo belongs to the interior or boundary of the first 
triangle,7’, f(z) has a derivative at 20, and 


f(z) — fo) 


(97) 


= 4" 


: (98) 


lim = f’ (2). (99) 
2-»20 ya 20 
Hence, for any positive e, there is a ὃ such that, if jz — Ζοί < ὃ, 
fe) = eo) — f'(2o) = Ge, where [6] <1. (100) 
— 20 


When n is large enough, all the points of the triangle with perimeter 
C,, will lie within 6 of zo. Thus we may use the equation (100) in calcu- 
lating the integral of f(z) over Cn, and find: 


Jf $@ de = fi 90) + © -- z0)f' Go) + @ -- 20)84 dz, (101) 
Cn Cn | 
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The first two terms give zero, since they are the derivative of 


(2 — 2) 


F(z) = f(o)e+ “τς 1 (ὦ), (102) 


_ which is single-valued for all values οὗ z and the path οἵ integration is 
closed, and so has the same end points, z’ = z’’ in equation (83). For 
the third term, we have: 


if (z — 29)0(z)e dz| S € (length C,)?. (103) 
Cn | 


Consequently, 


J 70 a 


From this and the relation (98) we find: 
Ἵ f(z) i < ε (length T)?. (105) 
T 


2 
Sc (length C,)? s (eet) (104) 


Since the length of T is fixed and ¢ is arbitrary, this proves that: 


| fre dz 


as we set out to prove. 

267. The Cauchy-Goursat Integral Theorem. A connected plane 
region is said to be simply connected if every simple closed polygon 
consisting entirely of points of the region, has all its interior points 
interior to the region. We shall now prove that: 

If a function f(z) has a derivative at each interior point of a simply con- 
nected region R, then the integral of f(z) is zero about any closed path 
consisting entirely of interior points of R. | | 


= 0, and hence { f(z) dz = 0, (106) © 
Τ 


We first observe that every simple polygon may be decomposed into 
triangles, by line segments contained in the closed region made up of 
the polygon and its interior points. The integral of f(z) around the 
polygon will be the sum of the integrals taken around the component 
triangles. It will therefore be zero, if the points of the polygon are 
interior points of R. This result holds for a polygon which intersects 
itself, since the integral may be decomposed into a finite number of inte- 
grals over simple polygons. 

Consider next any closed path of integration, C, which is a continuous 
curve with an arc length and has all its points interior to R. Then each 
point of C is the center of a circle lying in R and since the points of C 
form a closed set, we may select a finite number of such circles which 
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include all the points of C. These circles K together form a closed 
region in R, including C. As f(z) is continuous at all points of this 
closed region, it is uniformly continuous and we may select a 6 for any 
given positive quantity, e, such that for any two points in this region, 
whose distance is less than δ, the function f(z) differs by at most ε in 
numerical value. 

Next inscribe a polygon P in the curve C,, such that each chord ts less 
than 6 and also such that, 


J (Qe ἰδ ie Ss (107) 


where Az; correspond to the sides of the polygon. We may do this 
using, among other points of subdivision, the points where the circum- 
ferences of the circles K intersect C. This will insure that the points of 
the polygon P are all in the closed region consisting of the circles K and 
therefore interior to R. 

For the polygon P, we may form a sum approximating the integral of 
f(z) over the polygon to within ε, using points of subdivision 2; which 
include the vertices of the polygon. Then: 


{ f(z) dz — X f(z) Δε;] « ε. (108) 
P 


Then, from the choice of δ, if z;, is any point of the side of the polygon 
Az;,, we have: 


fee) — SG) « ε. (109) 
Also, since Az, equals the sum of certain Azj, we have: 
[Xf (ex) Aze — LS (e) Azjl S [Le dz;| S eLAzk] SL, (110) 


where L is the length of the curve C. 
From the inequalities (107), (108), and (110), we may conclude that: 


[10 ae— [10 dz| < e(L +2). (111) 
P C 
Since L is fixed and ε is arbitrary, 

ie 0. 112 

fi@e=-fiow (112) 


268. Multiply Connected Regions. A connected region, not simply 
connected, is said to be multiply connected. An example is the region 
consisting of the points inside a large circle and outside a number of 
small circles having no points in common and all lying inside the large 
circle. 
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For a function which has a derivative at all the interior points of a 
multiply connected region, M, the integral around a closed path in the 
region is not necessarily zero. However, if all the interior points of the 
region bounded by the path belong to M, the path is in some simply con- 
nected region to which the theorem of the preceding section applies and 
the integral is zero. 

More generally, if we have a number of closed paths Cj, which together 
form C’ the boundary of a multiply connected region M’, where C’ 
and M’ are interior to M, then the sum of the integrals of f(z) about the 

curves C’, taken in consistent directions, 
is zero. Here the consistent directions 


for smooth curves are determined by a 
convention similar to that of section 233, 
that the tangent in the positive direction 


and the inner normal bear the same re- 
lation as that of the positive z-axis to the 
positive y-axis. For paths C’ without 
tangents at certain points, we may use 
approximating curves lying in M’ which have tangents to determine 
the directions. 

In either case, the multiply connected region may be separated into a 
finite number of simply connected pieces by curves, or cross-cuts, lying 
in M’. The integral of f(z) about the boundary of each simply con- 
nected piece, taken in the positive direction, is zero. In the sum of 
these integrals, the integration along each cross-cut is taken twice, in 
opposite directions and thus cancels, while the remaining boundary of 
the simply connected pieces makes up the curves C’, consistently 
oriented. This proves the more general result. 

269. The Cauchy Integral Formula. Suppose f(z) has a derivative 
at all points of a simply connected region &. Then, if a is any point of 
R, the function f(z)/(¢ — a) has a deriva- 
tive at all points of R except a. Thus we 
may apply the theorem of the last section 
to any multiply connected region bounded 
by a curve C in R including a as an in- G)y σ 
terior point and 8 small circle y with center 
at a and entirely interior toC. The direc- 
tion for C may be taken as positively re- 
lated to the inner direction. Then, since 
the radius of y must be extended to give 
the interior of the region, we must take the integral over 7 in the 
direction negatively related to the inner direction. Or, we may form 


Fig. 22. 


Fic. 23. 
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a sum which is zero by taking the integral along in the direction posi- 
tively related to the inner direction and prefixing a minus sign. Thus 
we find: 


{ f(z) dz - 7(2) dz ἐς Ὁ: (113) 
c2z2- a y¥ *# — a 
But, as f(z) is continuous at a, 

f@) =f@ +r, where [λ] <1, (114) 


on the circle γ, if the radius p is taken sufficiently small. It follows that: 


f(z) dz 5 Ka) dz ἡ f ἐλ (2) ἀφ (115) 
4 2—a 4 ὅ--οκκ 4 ee 
For the first integral in the right member, we have on putting 
z—-a= pe", dz = pie® dé, (116) 
ἃ 2π 
πο τς f f(a)i do = 2wif(a). (117) 
4 *— a 0 


Here θ plays the réle οὗ é in section 263. For the last integral in 
equation (115): 
f ed(z) dz 
4 2-4 


Our equations may be combined to give: 


[{ΞΞ — rif (a) 
c 2-4 


Hence, since ¢ is arbitrary, the left member is zero and 


1 f(z) dz 
271 cz#-—-@ 


< ~Onp Ξ 2re. (118) 
p 


< 2ne. (119) 


f(a) = (120) 

This is Cauchy’s integral formula. It expresses the value of f(z) at 
any point a interior to a region R in which f(z) has a derivative in terms 
of the integral taken about any closed path C in R, bounding a simply 
connected region including the point a. The discussion of section 268 
shows that the formula still holds if we use as the path of integration C’, 
the complete boundary of a multiply connected region including a in its 
interior and lying in R. 
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270. Taylor’s Series. Let the function f(z) have a derivative at all 
points of a region R. Let a be a point in R, and draw a circle with 
center a, lying entirely inside R. Let ¢ be a point on this circle and z 

any point inside this circle. Using the 
circle as the curve C of Cauchy’s integral 


: formula for the point z, with ¢ as the vari- 
able of integration, we have: 
σ 1 f(t) dt 
R ee Se ae 
jes feo aan) 
Fic, 24. But we may write: 
1 1 1 2--α (z—a)? 
Fc St» 1 a eS oe σι σσρον ] 
t—z (t—a)— (- a) rit oe " α)Σ t 


(g -- αὐ (2 — a)” 
oe erred τ πο δ νος, 


If r is the radius of the circle C, 
z2-a 
t—a 


_|z-a 
ar, 


<1, (123) 


so that for z fixed and all values of t on the circle C, the infinite series 


1 2--α Δύω ees Br ΤΕΣ, i 

t-a (t—a)* (ἐ -- α) τς — a)" 
converges to I1/(f — z). Moreover the convergence is uniform, since 
the remainder after n terms has a numerical value 


( -- a)” < [Ξ τὲς (125) 
r ltr — 2 


(¢ — a)" — 2) 
where ¢, is the point of the circle C' nearest to z. 

Since f(z) is continuous on C, it is bounded on C, so that termwise 
multiplication of the series (124) by f(t) /2z7 will not disturb the uniform 
convergence. Thus we may integrate the new series termwise and find 
from equation (121) that 


f(z) = Ao + Are — a) + Age — a)? + 
ἜΑ, -- α)" +--+, (126) 


Ἐπ: (124) 


where 
1 f(t) dt 
cits eth i SAA 127 
An “πὶ Jo (t — a)** (127) 
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Since the series (126) is a power series convergent for all αὶ with 
lz — al <r, its radius of convergence is not less than r and it may be 
differentiated termwise any number of times. Thus 


f= Σ n(n -- 1)(n -- 2) - - - (κα -- κὶ +1)An(e -- a)” *. (128) 


In particular, we may put z = a, which gives: 


{5 ὦ 
κι 


f™@ Ξ- κίαι, or Ap = (129) 


Thus, under the conditions stated, the function f(z) has derivatives of 
all orders at the point a and the coefficients of its power series expansion 
about the point a have the same form as those of the Taylor’s develop- 
ment of section 89. 

271. The Morera Theorem. As a converse to the Cauchy-Goursat 
theorem of section 267, we have the theorem of Morera: 


If a single-valued continuous function f(z) has tts integral zero about 
every closed path consisting entirely of interior points of a region R, then 
the function has a derivative at each interior point of R. 


To prove this, select any fixed point of the region R, zo, and consider 
the integral of f(z) from zo to z, a second point of #, along any path lying 
in R. If Οἱ and Cz are any two such paths, C, and C2 taken with 
reversed sense, form a closed path. Hence, by our hypothesis, the inte- 
gral over C, minus the integral over C2 is zero. Thus the integral from 
z) to z is the same for all paths in R, and so may be used to define a 
single-valued function in R, 


F(z) = f f(t) dt, over any path in R. (130) 
2 
Let us form the difference quotient of F(z), 
= eae) vs 2.0 5 ἯΙ f(t) dt. (131) 


Since f(z) is continuous at z, for any positive ε, there is a δ, such that: 
Χ( Ὁ -—f@l_<e«, if [ἐ -- 2] <6. (132) 


Thus, if we take |h| < ὃ and use a straight line path joining z and z + ἢ, 
which will be in Κα for h sufficiently small, we may put 


f(t) =f@) +4, with [6] <1, (483) 
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for the integrand in equation (131). That is: 


z+h zth eth 
f f(t) dt = f [{(6) + θὲ] dt = hf(2) + f θε dt. (134) 


σελ 
{ εθ(() dt 


Hence we may conclude from equations (131), and the last two, that: 


For the last integral 
S «hl. (135) 


~~ Ὁ $6 (136) 


for |h| = |Az| sufficiently small. It follows from this that 
AF 
lim — = f(z). (137) 
Az 


Thus F(z) has a derivative at z, any point of R. Hence, by the reason- 
ing of the last section, all the derivatives of F(z) exist and in particular 
the second derivative, 


F’(z) =f’(z), since F’(z) = f(z). (138) 


That is, f(z) has a derivative at any interior point of R, as we set out 
to prove. 

272. Analytic Functions. A single-valued function f(z) is said to be 
analytic at a point z, if it has a derivative at z and at all values in some 
two-dimensional region including z as an interior point. We say that a 
funetion is analytic in a region R, if it is analytic at all points of R. 
Throughout this section, R will always denote an open two-dimensional 
region. 

By the preceding section, f(z) is analytic in RF if it is single-valued and 
continuous and may be integrated in Ff in the sense that its integral 
around every closed path is zero, or between any two points is inde- 
pendent of the path. 

Sumilarly, any function which is analytic in a simply connected region 
R, satisfies this condition by the Cauchy-Goursat theorem. 

By section 262, a function represented by a power series is analytic 
at all points inside its circle of convergence. Also, by section 270, a 
function analytic at a point may be represented by a power series expan- 
sion about this point. 

The last fact shows that an analytic function has derivatives of all 
orders and hence these are all continuous. Thus, by section 258, if 
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f(z) = u+ wv, u and νυ will each have first partial derivatives which are 
continuous and satisfy the Cauchy-Riemann differential equations. 

We thus have necessary and sufficient conditions for analyticity, or 
alternative definitions, in terms of derivatives, integrals, power series, 
or the Cauchy-Riemann differential equations. Each of these is a con- 
venient method of proving analyticity under certain conditions. 

A function, proved to be analytic by any of these tests, has all the 
properties just mentioned. It also possesses derivatives of all orders, 
each of which, like itself, is continuous and in fact analytic. Also, by 
the reasoning of section 271, it follows that the integral of an analytic 
function is an analytic function of its upper limit. 

273. Uniformly Convergent Sequences of Analytic Functions. In 
section 265 we proved that if f;(2) is a sequence of continuous functions 
approaching f(z) uniformly for z on a path C, then | 


lim J ΓΞ [ NOD (139) 


We may deduce from this that if the sequence of functions f;(z) 
approaches f(z) uniformly in an open two-dimensional region F and all 
the f;(z) are analytic in R, then f(z) is analytic in FR. 

For, from the first condition the f;(z) are continuous functions and 
each has an integral around every closed path C in Κα equal to zero. 
Hence, by equation (139), f(z) has its integral about every closed path C 
in R equal to zero, so that f(z) is analytic in R. 

In particular, the sum function of a series uniformly convergent for z 
in some open two-dimensional region F is analytic in FR if the terms of the 
series are each analytic in R. 

If f(z) approaches f(z) uniformly in R, then the function 

1 u 1 u 
5 je approaches On is , (140) 
uniformly for u on any circle C with center z lying in R. Hence the inte- 
gral of the first expression taken over this circle C approaches that of the 
second over C. If each function f;(z) is analytic in R, f(z) is analytic in 
R by the theorem just proved and we may apply equations (127) and 
(129) to conclude that: 


fi(z) approaches f , (2). (141) 


In particular, the sum function of a series of analytic functions may be 
differentiated termwise at any point z if the separate terms are each 
analytic and the series converges uniformly, in some two-dimensional 
region including z as an interior point. Similar reasoning applies to the 
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higher derivatives, so that we may differentiate termwise any number of 
times. | | 
We may use this to prove the following theorem: Let 


w,(z) = z Cknz"; (142) 
and 
x a,w,(z) = wiz), (143) 


with all these infinite series uniformly convergent in some two-dimensional 
region Καὶ including the origin as an interior point. Then, in any circle 
about the origin lying in R, | 


we)= ¥ ( = oxen) ap (144) 


n=1 
and the series on the right is the Taylor’s series for w(z). 


By our hypothesis, each function w;(z) is analytic in R. Hence from 
the uniform convergence of the series (143), the function w(z) is analytic 
inf. Hence w(z) is analytic atz = Oand has a Taylor’sseries expansion 
about this point, or in powers of z. The coefficients are given by equa- 
tion (129), so that: 


wej= > = wi (0)2". (145) 


n=] 


But, since the series (142) converges uniformly, it may be differen- 
tiated termwise to give: 


τῷ (0) =n! ckn. (146) 
Similarly, by termwise differentiation of the series (143), 
w™ (0) = ¥ aw? (0). (147) 
k=1 
The last two equations prove that: 
1 0 
—w™ (0) = LY arcin, (148) 
πῃ k=1 


go that the expansion (144) is the same as the Taylor’s expansion (145). 
Since the function w(z) is analytic in R, the series equals w(z) inside any 
circle about the origin lying in RK. 

274. Operations on Power Series. Any operation on one or more 
analytic functions which leads to an analytic function corresponds to a 
method of deriving a new power series from one or more given power 
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series. We shall illustrate our remarks for power series about the 
origin, since for other points we have merely to replace z by z — a. 
Let 
f(z) = Dane", for jz] < Ry (149) 
and 
g(z) = Ybnz", for |z| < Re. (150) 
Then 


f@) +9@) = Σ (αν + bn)z”, for [δ] < min (1,12), (151) 


since for any z satisfying the inequality each of the series converges 
absolutely. 
Similarly, by section 203, the series may be multiplied to give 


0 n 
Τῶν = Σ( Σ ambam) 2%, for [el <min (RRs). (152) 

By a repetition of the last process, we may find the series for the 
successive powers of a given series. For example, in the case of a series 
with first term zero, 


h(z) = cz + coz? + e322 - 5.0, (153) 
we find for the powers 
[A(z]? = che? + Qcyeor? +---, 


(154) 
[5 (0}}} = ce? +---, 


Each of these converges inside any circle of uniform convergence for the 
first series. 

Hence, as in section 83, we may find the power series for a function of a 
function of this type. Thus, from 


fh) = Lah", (155) 
we may find the formal expansion: 
Gy + 44012 + (aycg + agc?)z” + (aicg + 2ageice + agci)z® + ---. (156) 


That this is the Taylor’s series for the function f[h(z)] and hence con- 
verges in any circle inside the region in which this function is analytic 
follows from the result at the end of the last section, provided that the 
series 


Lan[h(z)]” (157) 


converges uniformly for z in some region including the origin as an 
interior point. But, since A(z) is continuous at 2 = Ὁ and is zero for 
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z = 0, there is some region RF in the z plane, including the origin in its 


interior in which: 
|A(z)| « τ, (158) 


a radius of uniform convergence for the series (155). Then for z in this 


region, Ff, | 
la,[h(z)]}"| S |anlr”. (159) 


But the series |a,,|r” converges, since a,r” converges absolutely. Hence, 
by the Weierstrass M-test, the uniform convergence of the series (157) 
in F# is established. 

275. Functions with Parameters. Let f(z,w) be a continuous func- 
tion of the two complex variables z and w, that is of four real variables, 
the real and imaginary components of z and w. Then, if for each value 
of w considered, the function f(z,w) is analytic in some two-dimensional 
simply connected region FR of the z plane, the function 


F(z) = J ΓΤ (160) 


isanalyticin R. For, if C is any closed path in R, we have 


J de J iC) dws { dw J flew) ΣΕ (161) 


The double integral reduces to a number of double real integrals of con- 
tinuous functions, for each of which the order may be inverted. Also 
the second integral is zero, since the integral of f(z,w) with respect to z 
is zero over Οὗ by the Cauchy-Goursat theorem. But the first integral 
of (161) is the integral of F(z) about any closed curve C in R. Hence 
the function F(z) is analytic in R by the Morera theorem. 

If we replace the path C, by a path extending to infinity, or ending at 
a point at which f(z,w) is not continuous, the integral (160) will still 
define a function analytic in z, provided that the improper integrals 
converge uniformly for zin R. For in this case it will be the uniform 
limit of proper integrals, each of which is analytic in z by the first result. 
For the same reason, the result persists if, on C, f(z,w) is not necessarily 
itself continuous in all four real variables, but its integral on C is the 
uniform limit of integrals of functions each of which is continuous in 
the two complex variables z and w. | 

If f(z,w) has a derivative df/dz which is a continuous function of the 
two complex variables z and w, 


and if F(z) = f Seay Ga. (162) 
C 
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then 
ὁ 
F'(z) = { Las (163) 
σ Ο2 


To prove this, we note that since f(z,w) has a derivative with respect 
to z, it is analytic in z. Hence, by the previous result, the function 
F(z) is analytic in z. Also, by section 270, we have: 


1 F(t) dt 
ἢ Ἐπ ΤΣ 
ἡδύ αι Ὁ s (¢—2)2 (164) 
where C’ is a small circle about z, so that 
, 1 { f(tw) dw | 
=— | a | —— >: 165 
MS ede Se baa) a 


Since the function f(z,w) is continuous in the two complex variables 
and t — z ¥ 0 for ¢ on C’, we may invert the order of integration. For 
this is equivalent to the inversion of order in a number of real double 
integrals, each with a continuous integrand. Furthermore, we have by 
‘section 270, 


πὶ (t—2z)? δὲ 


/ aan 1 ftw) dt 
a J ae aa. ( -- 2)? 
Ξε [2 aw, (167) 
C 


which is the relation to be established. 

276. Laurent’s Series. If f(z) is a single-valued analytic function of 
the complex variable z for all points in a region F# including a in its 
interior, the Taylor’s series in powers of (z — a) will represent the func- 
tion in any circle C of radius r, with a as its center, lying entirely inside 
the region R. 

Now suppose that the function is not necessarily analytic at the point 
a itself, but is analytic at all other points of R. Then it is possible to 
represent the function, at all points distinct from a and in any eircle of 
type C, by a series involving both positive and negative powers of 
(z — a), the Laurent series for the function about a. 

To prove this, let us first consider a ring shaped region bounded by two 
circles, C; of radius r; and C2 with radius 72, Τί < re, each with center 


1 ( f(tw) 4 of Ae 


Thus we find: 
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at a and lying entirely inside R. Then, we may apply the Cauchy 
integral formula to any point z in this region to obtain: 


1 fia 
2772 σ’ t—z 


ee Oe τ Γ Κα 
C1 


(Oat σα, t—2 2m t—z 


1) = 


(168) 


Here the circles C; and C2 are each traversed in the positive direction 
and the minus sign is due to the fact that C, the smaller circle must be 
traversed negatively when considered a part of C’, the boundary of the 
ring. 

Since (ἢ is analytic in R, which 
includes Cy and Co, and z is not on 
either curve, the first integrand is con- 
tinuous in z and ¢ and analytic in z, for 
t on and z inside the outer circle Co. 
Therefore the first integral represents 
an analytic function in this region and 
so may be expanded in a Taylor’s series 
in positive powers of (2 — a) which 

Fig. 25. represents the integral inside (5, and 
hence in the ring. 

The second integrand is continuous in z and ἐ, and analytic in z for ¢ 
on and z outside the inner circle C,. Since it is analytic for ἰῷ — αἱ > 1, 
if we put: 


z= 1 1 | Z 
2-0 t—-z Ζ(ι-- αἡ -- 1 


(169) 


and is analytic for Ζ < 1/r;. Thus the second integral of (168) is an 
analytic function of Z for these values and so may be expanded in a series 
of powers of Z. Since the last fraction of (169) is zero for Z = 0, the 
same is true of the integral and the expansion will contain no constant 
term. This gives a series of positive powers of Z, or of negative powers 
of (2 — a) which represents the second integral for Z <1/r, or 
lz -- ’ αἱ» τι. That is, outside the circle C; and hence in the ring. 
On combining the two expansions, we have a series: 
fle) = XL 4,ᾳ — a)". (170) 
N= =O 


If C's is any circle with center at a and radius r, with 


<7 <7, (171) 
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the series (170) will converge uniformly for z on the circle C3. The 
uniform convergence will not be affected by multiplying by (ὦ — α) δ 
whose numerical value is r~*-' on C3. And, after multiplication by this 
factor, we may integrate the series termwise. All the terms give zero 
except the term A;(z — a)! and we find: 


{72 OE Os (172) 
C. 


( = q)eri 


This determines the coefficients. It follows from the Cauchy integral 
theorem that the integral will be unchanged if we replace C3 by any closed 
curve in R bounding a region including a in its interior. Hence the 
coefficients are independent of the choice of C, and Co. By taking the 
radius τι sufficiently small, we may make the ring include any point 
inside Οὐ. distinct from a. Hence we have: 


If the function f(z) ts single-valued and analytic in a region R, with the 
possible exception of the point a and C is any circle with center a lying in 
R, then the Laurent expansion 


f@) = Σ An@— a)” (178) 
1s valid for all points inside the circle C,, distinct from a. 
The coefficients are given by 


ΓΕ f Sa 1} de (174) 


2πιὶ σ' (z ar (2 — a)" 


where C’ is any closed curve in R bounding a region including the point a in 
ats interior. 


277. Singular Points. If a function f(z) is not analytic at a, but is 
single-valued and analytic at all other points of some two-dimensional 
region including a as an interior point, then ais called an isolated singular 
point. By the preceding section, at any isolated singular point, there is 
a Laurent expansion of the type (173). If the expansion contains no 
negative powers, the expansion represents a function analytic at a, so 
that if we redefine our function at a as Ag, the value of the series, the 
function will become analytic at a. In this case the point a is called a 
removable singularity. In this case the function only fails to be analytic 
because it is undefined, or differently defined from Ao, at one point. 
Since defining f(a) as 440 makes the function continuous at a, it follows 
that if f(z) is continuous at a and has at most a removable singularity 
at a, then f(z) is analytic at a. 
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If the expansion (173) contains only a finite number of negative 
powers, so that it can be written: 


f@ = L An -- a)’, (175) 
n=—m 
then the function is said to have a pole at the point, of order m, where m 
is the highest power of (2 — a)~! in the expansion. We note that in 
this case f(z) (2 — a)” is a power series and so is an analytic function of z 
ata. Also mis the smallest integer for which this is the case. Since 


lim (2 — a)"f(z) = A_» € 0, (176) 


it follows that, at a pole, 
lim |f(z)| = ©. (177) 


Since (z — α) (2) is analytic at a and different from zero there, its 


reciprocal 
1 


f(z)( — a)™ 
is analytic at a and different from zero there. 


When a function is analytic and the first non-zero coefficient of its 
Taylor’s expansion is A», so that 


F(z) = (178) 


g(z)= 2 An@— a)”, Am γέ 0, m > 0, (179) 


it is said to have a zero of the mth order. A comparison of this with the 
preceding equation shows that, if f(z) has a pole of the mth order, 1/f (z) 
has a zero of the mth order and conversely if a function has a zero of the 
mth order its reciprocal has a pole of the mth order. 

An isolated singularity which is not removable and not a pole is an 
essential singularity. 

If the values of f(z) admit an upper bound in R, so that 


lf@| = M, (180) 


the formula for the coefficients of the negative powers, with the integrals 
taken over a circle C about a of radius r, shows that: 


1 f f(z) dz 

2 πὶ "ο (α — αὐ} 
Since this cannot change with r and approaches zero when r approaches 
zero, it follows that all the negative coefficients are zero and the function 


is elther analytic or has a removable singularity at a. (Riemann’s 
theorem. ) 


- Mr”. (181) 


|A_m| = 
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If the values of f(z) do not admit an upper bound, for some region 
including a, there must be a sequence of values, 2,, with 


lim z, = a, lim [{(2,}} = ©. (182) 
At a pole, 
lim |f(z)| = @, (183) 


so that this is true for all sequences of values. Conversely, if this 1s 
satisfied, the function has a pole at a. For, in this case 


lim 75 τ ai 
so that the values of 1/f(z) admit a bound M in some region including a. 
Thus, this function has at most a removable singularity at a and becomes 
analytic if we take 0 as its value at a. If this zero is of the mth order, 
then f(z) itself has a pole of the mth order. 

This shows that, if a function has an essential singularity at a, the 
function can neither become infinite for all sequences 2, — a, nor 
approach the same finite value for all sequences z, —> a. It follows that, 
for suitable sequences of values z, — a, the function can be made to 
become infinite, or approach any finite value whatever, as we shall now 
prove. For there must be a sequence satisfying the relation (182), or 
the function would admit an upper bound. Again, if f(z) has an 
essential singularity at a, then 1/[f(z) — ὃ] must also have an essential 
singularity at a, since if it approached the same finite value or became 
infinite for all sequences z, — α, the behavior of f(z) would be corre- 
spondingly restricted. Thus this function admits a sequence 2, such 
that: 


lim z, =a and hm οὐ. (185) 


n 


But this implies that: 


moi: 
f (én) Ξε ὃ 7 


lim f (zn) = ὃ, (186) 


and b is any complex number, so that we have proved our contention. 
This result is known as Weierstrass’s theorem. 

278. Residues. The residue of a function f(z) at a is the coefficient 
of (ὦ — a)? in its Laurent expansion, or 


Ra) = An =5 f 10) de, (187) 


where C’ is any curve bounding a region including a, such that C’ and 
the region it bounds are interior to R, a region in which f(z) is analytic. 
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It follows that, for any curve of this type, 


f f(e)dz=2niR@). (188) 
a 


_ By the Cauchy-Goursat integral theorem, the integral is zero if f(z) is 
analytic at a. This also follows from the fact that in this case the 
Laurent expansion reduces to the Taylor’s expansion, with no negative 
powers, so that the residue at a is zero. 

Next consider a function analytic throughout a region R, with the 
exception of a finite number of isolated singularities a,. Let C be any 
curve or set of curves forming the complete boundary of a portion of R, 
along which the function is analytic. Then, if the portion of R bounded 
includes n of the points a,, we may surround each of them by a small 
closed curve Οὐκ so that the curves Οὐκ all taken negatively, together with 
the curve C taken positively bound a region in which f(z) is analytic. 
- Hence, by the integral theorem, the integral about all of these will be 
zero and the integral about C will equal the sum of the integrals about 
Οἱ, taken positively. But, since each of these integrals is 2xiR (ax), it 
follows that: 


[© ἃ = 2mi Σ Raw), (189) 
Cc k=1 


This is known as Cauchy’s residue theorem. 

It may sometimes be applied to the evaluation of real integrals as we 
shall show in sections 280 and 281. 

We note that, at a simple pole, 


70) = Ane — a) + Ay + Ase -- α) + Αγ( — a)? +++» (90) 


and hence 
A_,; = lim (2 — a)f(z). (191) 


At a pole of higher order than the first, the product (2 — a)f(z) 
becomes infinite. However, the residue is finite. Nevertheless, it is 
worth while to calculate the limit on the right of equation (191). For, 
if this is not zero, it shows that the singularity is a pole of the first order 
and the limit gives the residue. If the product becomes infinite, we 
have a pole of higher order. In other cases the product approaches 
different limits for different sequences and we have an essential singu- 
larity. In either case further investigation is necessary to determine the 
residue. For poles of higher order, say the mth, we may use problem 30 
of Exercises XIII. Or the coefficient A_; may be obtained by dividing 
two Taylor’s series, or by dividing a Taylor’s series by (¢ — a)™. The 
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division of two Taylor’s series is reducible to (¢ — a)” times the 
division of a series by one with non-zero constant term, or multiplication 
by its reciprocal. This may be accomplished by the procedure of 
section 83, which is justified for complex values by the theorems of 
section 274. 

In calculating the residue at a simple pole, any analytic factor distinct 
from zero at a may be replaced by its limiting value. For a multiple 
pole, or an essential singularity, this procedure is not applicable since 
equation (191) does not hold. Thus the function (2 — 1)~? has a 
residue zero at a = 1, and (z — 2)~' approaches a finite limit at 1, but 

1 
—2 
Cae aa 
= -@-17l+@-D4+@-D?4--4 
= —(-1)?-¢@-1)'-1--:--, (192) 


so that the product (2 — 2)~'(z — 1) 5 hasa residue —1 ata = 1. 

The methods just mentioned enable us to find the residue of any 
rational function, or of the product of a rational function times an ele- 
mentary function, or any analytic function whose Taylor’s series at a is 
known. It ‘is frequently convenient to begin by decomposing the 
rational function into partial fractions, as in section 115. 

279. Change of Variable in an Integral. If we make a change of 
variable from z to Z by means of an analytic function z(Z) which maps a 
smooth curve C’ in the Z plane into a curve C in the z plane, the integral 


f f(z) dz (193) 
C 


G2) ead) 


is transformed into 
[σεν dZ. (194) 


To show this, we introduce a real parameter ¢ along the curve, and 
reduce each of the above integrals to real line integrals, by expanding: 


(u + iv) (dx +idy) = (u+ w) (Ξ +1 "ἢ dt (195) 


᾿ Ox oy\ (dX αΥ̓ 
and (ω + 10) (= +2 ΜῈ ( 7 +2 x) dt. (196) 
The second factor represents dz/dZ by equation (6). 
But, by the Cauchy-Riemann differential equations: 
Ox oy Ox oy 


9Χ ΟΥ̓ and Υ OX (197) 
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By using these we find: 


ὃ , Oy \ (aX =) _ (Ξ aX , Ox =) 
(Ξ εὐ 8 ΤῚΣ dt} \déX dt ΤΟΥ͂ dt 
(ὃν dX | dy =z) 
εἰ(Σ αἰ ον a) (198) 


Finally, by the rule for forming total derivatives, this is: 


dx ἀν 
Ἶ +1 A (199) 
This reduction shows that the expression (196) is the same as the 
expression (195). Hence, when expressed in terms of the parameter t, 
both the integrals (193) and (194) assume the same form. Consequently 
these integrals are equal, as we stated. 
280. Real Integrals. Let us consider any rational function of sin t, 
cos ἐ, which is never infinite for real values of ἐ. Its integral between the 
limits 0 and 27 may be evaluated by putting 


; 2_] 2+] d 
z= οἷ, sin t =~, cost = * a dt = —. (200) 


This reduces the integral to that of a rational function about a circle of 
radius unity about the origin, with no poles on the circle, so that it may 
be evaluated in terms of the residues of this function. 


Fia, 26. 
If the integral f F(x) dx converges, it will be the limit of 


M 
f F(z) dz,as M— «. Suppose, further, that along some contours 
~M 

Su, frequently taken as semi-circles, each including the preceding and 


joining M to —M in the upper half plane, we have: 


lim F(z) dz = 0. (201) 
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Then, if the contour Sy together with the part of the real axis between 
—M and M includes the ἢ singular points of Γ (2), a, and F(z) is analytic 
at all points in the upper half plane except the points ἀκ, 


M n 
f F(z) dz + f F(z) dz = ῶτὶ X R(a,). (202) 
—-M Sm k=1 


On taking the limit as M becomes infinite, since n increases it will 
either approach a finite limit, p, or become infinite. The second integral 
on the left approaches zero, so that: 


OFr 0 


i, F(x) dx = ori Σ R (ax). (203) 


k=1 


Let the function Q(z) be a rational function whose denominator is of 
degree n + 8, s = 2, while the numerator is of degree n. Let Q(z) have 
no poles on the real axis. Then the preceding reasoning applies, with 
F(x) = Q(x). For, we have: 


lim |z°Q(z)| =k’ < k. (204) 


Thus, for M sufficiently large, on Sy, a semicircle of radius M, 
Q@| < kM, (205) 


1. Q(z) dz 


which approaches zero when M becomes infinite. __ 
This proves that, if the denominator of a rational function Q(z) is of 
degree at least two higher than the numerator, has no real roots and has 


so that 
< rMkM~, (206) 


roots αι, ας, " "", ἂρ in the upper half plane, then: 
” P 
f οι dx = ὅτι Σ R(ay). (207) 
bees k=1 


281. Certain Trigonometric Integrals. If the function G(z) is less 
than K in absolute value on a semicircle Sy, of radius M, we have on that 
semicircle: 


z= Me” = Mcos§+7M sin@, dz= iMe* do, (208) 


and sae 
| eG (z)| < Ke7™™ sind (209) 
But, by problem 46 of Exercises IV, 
in 0 
᾿ς for 0<0S >> (210) 
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and hence if m > 0, as we shall assume, 


[ come do = A ea do 
0 0 


2 -π 5 π 
2 [ e2mM ix dé < Sa e 7m Meln 2 < err F11 
0 mM 0 mM ( ) 


IA 


It follows from these results that: 


f e™ G(s) de 
S 


M 


| | K 
< f le™G(c)iMe® |aa< i. (12) 
Su ™ 


If lim G(z) = 0, we may choose a series of values of Καὶ > Ὁ and a 


e— > 


corresponding set of semicircles Sjz. Thus, for these contours 


lim eG (2) dz = 0. (213) 


It follows from this by reasoning as in the preceding section that if 
G(z) is analytic on the real axis and in the upper half plane except at the 
points ax, 

M Pp 
lim e'™*G(z) dz = 2ri Σ R(ax), (214) 


M—onw —M 


where the residues on the right are those of e”’G(z). 

In particular, if Q(z) is a rational function whose denominator is of 
degree at least one higher than that of the numerator, then all our 
conditions will be met if there are no poles on the real axis and we may 
put Giz) = Q(z). We then have: 


Mm M μ᾿ 
J ee a= f e'™()(z) a+ [ e-2Q(—z) dz, (215) 


where we have replaced z by —z in the second integral. 
Hence, if Q(z) is an even function, Q(—z) = Q(z), and 


M oe 
lim f e'™20(z) dz = 2 [ Q(z) cos mz dz. (216) 
—M 0 
Again, if Q(z) is an odd function, Q(—z) = —Q(z), and 


M 2 
lim f e'™ Q(z) dz = aif Q(z) sin mz dz. (217) 
-Μ 0 
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Thus we have, for Q(z) an even rational function of the type described: 
J ᾿ Q(x) cos mz dx = πὶ, Κ(αμ). (218) 

And for an odd function, | 
| J ” Q(z) sin ma dz = +R (a). (219) 


In both these equations, the residues are those of e*”*Q(z). 

In the latter case, the integral on the left will converge if Q(z) has a 
simple pole at the origin, since sin mz has a zero there. In this case, we 
may apply the reasoning to the contour consisting of two semicircles, of 
radii M and M’, and the parts of the axes between them. We here let 
M — as before and M’ approach zero. Then, on the small circle we . 
may write: 


emg) = + AG), (220) 


where Ry is the residue of Q(z) at the origin, and A (2) is analytic at the 
origin. Since A(z) remains bounded, while the length of the path 
shrinks to zero, the contribution of the second term approaches zero 
when M’-—>0. But that of the first term is —7iRo, in the left member, 
or when transposed 7iR . Thus in the case considered the term Ro/2 
must be added to R(a;) in equation (219). 

An example is Q(z) = 1/z, with residue 1 at the origin, so that 
Κο 2 = 1/2, and as there are no other poles: 


f Scauhy gene ᾿ (221) 
: 2 


H 


282. Analytic Continuation. Suppose that a function f(z) is single- 
valued and analytic throughout some simply connected two-dimensional 
region R. Then its value at any point interior to Κὶ is determined by its 
Taylor’s series development at any point 2p inside R. For, if z is any 
other point of R, we may join 20 and z by a curve lying in R. Since this 
curve is composed of interior points and with its end points forms a closed 
set, there is a distance d such that a circle of radius d, with center at any 
point of the SUT, liesin R. Now take a sequence of points on the curve, 
Zo, 21, 22) °** > 2n = 2, such that the distance between any two points is 
less than d. Then the Taylor’s development at zo is valid at z;. Hence 
it determines all the derivatives of f(z) and so the Taylor’s development 
there. Similarly each development at z; determines the development at 
z;41 and so finally the value of the function at z. 
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The argument shows that any conditions which determine the values 
of the function and all its derivatives at zo, for example the values on any 
arc through Zo, determine the value of the functionin R. In particular, 
if the function is zero along any arc and analytic in R, it must be zero 
throughout ὦ. This establishes the “ principle of the permanence of 
form,” which states that, if f(z) = g(z) along any are, inside a simply 
connected region R in which both functions are analytic, the equation 
holds for all values in R. For, under the assumption, f(z) — g(z) =0 
on the are and therefore throughout R. This explains why the defini- 
tions which led to functions e* and sinz analytic for all values of 2) 
preserved all the familiar relations involving these functions originally 
established for real values. 

283. Branch Points. If we start with a Taylor’s development at a 
point and a curve through the point, it may be possible to obtain a series 
of elements or Taylor’s expansions which collectively lead to a function 
single-valued and analytic at all points of the curve, by the process of 
analytic continuation described in the last section. Now consider a 
region & consisting of those points inside some circle with center at A, 
where z = a and not lying on a particular radius AB. Suppose that, 
starting with an element at some point of R, the process of analytic 
continuation leads to a function single-valued in R, but to two different 
elements for each inner point of the radius AB, depending on the side of 
approach, if we attempt to extend the continuation across AB. Then 
the element in R determines one branch of a multiple-valued function 
and ais called a branch point for this branch. 

For example, any determination of V z, ἢ an integer, log z, or 2° 
with ὁ not an integer (positive, negative or zero) and any line through 
the origin determines a single branch of the function, having a branch 
point at the origin. Again log (1 — V1 — 2), with R a circle about the 
origin, of radius 1/2, with any radius omitted, leads to a branch with a 
branch point at the origin for any determination which makes 


V1 —z = 1 at the origin and to a branch which may be continued to a 
function single-valued and analytic at all points of the circle and in 
particular at the origin, if the determination makes V1 — z = —1 at 
theorigin. This shows that, for a multiple-valued function, a point may 
be a branch point for some branches and not for others. 

In place of a radius AB, we may use another curve joining A to B, on 
the circle, which prevents us from drawing a closed curve surrounding 
A in R to define a branch. We modify the definition of branch point 
accordingly. Such curves AB are known as branch cuts. 

If a branch of a function f(z), defined in a region R’ consisting of all 
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points outside a circle about the origin, with some curve extending from 
a point of this circle to infinity removed, is such that when we put 
z = 1/Z, transforming R’ into R in the Z plane, the branch f(1/Z) in R 
has a branch point at the origin, we say that f(z) has a branch point at 
infinity. Thus 2°, cnon-integral, and log z have branch points at infinity 
for every branch. 

If, in a region either finite or extending to infinity, we locate all possible 
branch points and draw a curve joining each to infinity, we may obtain a 
region in which the function considered has a single-valued branch by 
omitting from the first region all points belonging to the curves drawn. 
For any pair of branch points, we may replace the lines to infinity by a 
single line joining the points, if infinity is not a branch point. For 
example each of the functions 


V(ze—a)(2—6) and log (2 — a) — log (2 — δ) 


has single-valued branches in the region obtained from the plane by 
omitting the line segment Joining a and b. If infinity is a branch point, 
we must leave at least one curve Joining infinity to a finite point. Thus 
for log (2 — a) + log (2 — 8) we may use a line joining a with ὃ, together 
with a line joining a with infinity. For log (z— a) + log (2 — δ) + 
log (2 — c), we may use a line joining a and b, together with a line joining 
c and infinity. 

In any region in which a multiple-valued function has a single-valued 
branch, we may apply all the theorems on single-valued analytic func- 
tions, such as the integral and residue theorems, to this branch. 

284. An Expansion in Rational Fractions. Let f(z) be analytic at all 


finite points of the plane, except the points αἰ, de, ag,--- , where 
0 < |a,| S [ας] S fas| S--- (222) 
and let these be simple poles with residues b;, be, b3,--+. Then consider 


any contour C,, with no poles on the contour, bounding a region includ- 
ing the first p, poles. Then, for any value of z distinct from all the ἀκ; 
we have: 


fw) 'πΞ- - Η dw 


= 2 τί Τρ -f0) + Eb, | — a ah (223) 


- 2 


by the residue theorem. 
If a series of contours can be found, such that as ἢ — ©, the limit of 
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the integral on the left is zero and p, — ©, it follows that: 


fle) = $(0) + tim, ¥ ὃ, | oe ~|: (224) 


Pr~rO n=l (as an An 


In particular, if the contours are similar figures, their lengths, maxi- 
mum and minimum distances from the origin will all be fixed constants 
times some dimension M,. Thus, if 


lf(w)| S K,lw|], on Cry, (225) 
we shall have: 


fi feo) | — a - {5355 -κ, 
C, w w c, W(w — 2) 
where g is a constant depending on the shape of the contours, 
providing that the minimum distance from the origin exceeds 
2|2|, or |w — 2| > {w|/2. Thus the integral will approach zero if we can 
select constants K, approaching zero asm—> ©. In particular, in any 
region inside some large circle and outside a number of small circles 
about the poles a; contained in the large circle, the convergence will be 
uniform. ; 

It follows that, under these conditions, the limit in equation (224) will 
_ be approached uniformly for z in such a region. 

In particular, if f(w) is uniformly bounded on all the contours, we may 
take K, = q'//M,. For this makes K, — 0 as ἢ and hence M, > ~, 

As an example, consider the function defined by 


lzlg» (226) 


f(z) = ese z — = + for z #0, and f(0) = 0, (227) 


so that f(0) is the limit of f(z) at the removable singularity at the 
origin. Then, for 2 = x + ty, 
2 2 


jose @| = amy _ piety] 


WA 


if |y| 21. (228) 


If we take as the contours, squares with center at the origin, sides paral- 
lel to the axes and passing through the points (n +- 4)z, therelation just 
written gives an upper bound for the part of the contour with |y| = 1. 
But, for the part with |y| S 1, since [686 z| has the peroid 7, we have 
merely to take an upper bound for csc [(r/2) + cy] for y in this range. 
Unity is such a bound, since the reciprocal is 


sin ( + iv) = cos iy = cosh y > 1. (229) 
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Thus the expansion is valid for the function defined in (227). Since the 
poles are at the points n and at these 

h 
lim (2 — nw) csc nr = (— 1)" im mM mk = (—1)", (230) 


arn 


by equation (191) the residue at n is (—1)”. Since each contour brings 
in two additional poles, we have: 


ese 2 — = = lim ΣΤ ἢ - ἢ" : +=]. (231) 


pO n=—p 2— nT nr 


The prime means that the term for n = 0 is to be omitted. For the 
individual terms of the sum, 


1 1 


— 


2|2| 
~~ 0? x? 


Ζ 


» if [ππ| = 22}. (232) 


Z2—-nr NW nn (z — nr) 


Consequently, in any finite region not including any of the poles as 
interior or boundary points, the corresponding infinite series converges 
absolutely, so that 


ese 2 = — = + Σ᾽ (—1)" τὰς; +- ᾿Ξ (238) 
1 2 
= ar Σ (5515 2 oo ' (234) 


The second expression (234) follows directly from (231). The first 

expression (233), with the terms taken in any order that includes each 

one at some stage, equals the second because of the absolute convergence. 
By similar reasoning, we find that 


ΤΣ ee 2 
cotz=-+ 2 yoo (235) 
1 = 1 
=—-+ Σ΄ | Ἐ2} (236) 


In any finite region not including any of the poles as interior or bound- 
ary points, the separate terms are analytic and the series (236) converges 
uniformly. Hence the series may be differentiated termwise to give: 

2 τ 1 
2 τῷ --------ς" 
RS ΣΟ ney 

285. The Infinite Product for the Sine. The function cot z — 1/z 
has a removable singularity at the origin. And, if we transpose the 1/z 
in equation (236), the origin may be included in the region of uniform 


(237) 


464 | FUNCTIONS OF COMPLEX VARIABLES [(Cuap. XIII 


convergence. Hence, on any path in this region joining 0 and z, we may 
integrate termwise and obtain: 


1),. τῷ f|_} 1 
[ ot 2 -- =| ae 24 J E τ ΠΡ | dz, (238) 


or log ee > ay toe (1 - ΞῚ Ἔ =} (239) 
Ζ ns 


Ἦτῷος ---ΟὉ NW 


where the value of each logarithm is determined by continuation along 
the path from the value 0 for each logarithmic term at z= 0. For 
example, one determination is fixed if we require that the path never 
crosses the real axis and for real zis taken in the upper half plane. 

For any determination, when we take exponentials, we find: 


gin z = z Π’ Ὧν: ΓΣ (240) 
nT 


(241) 


II 
Ὧ 
oon 8 
τ ι 
μαι 
| 
“ Νὰ 
iw] 
τὸ 
ι΄ | 


286. Analytic Functions of Several Complex Variables. We shall 
define a function of k complex variables as analytic in these variables if 
it has partial derivatives with respect to each of the k variables and if 
the function is continuous* in a certain region in the k-dimensional com- 
plex, or 2k-dimensional real space. We illustrate some of the extensions 
of the theory by treating the case of two complex variables. 

If f(21,22) is analytic in the two variables, it is analytic in each of them 
taken separately. If C; and C2 are circles about 21 and 2g in their respec- 
tive planes and the function is analytic in a region including that obtained 
by letting the variables range in their circles independently, we have by 
the Cauchy integral formula for functions of one variable: 


f(é1,22) = πὶ Τύυ) ἢ; 


t, -- Ζι 

and 
Τα.) ἢ 
f(i,22) = ae 


By combining these two equations we find: 


= 1 Site) 
f@s%2) = ons .4 ΣΙ ΠΣ ΞΘ CREEP REA μὲ] (242) 


* For the Hartogs-Osgood proof that the continuity assumption is superfluous, 
see vol. IT, pp. 180-198 of Osgood’s Funktionentheorie, — reference 19 of the bibliog- 


raphy. 
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Since the integrand may be developed in a double power series, which 
converges uniformly, we may show that an analytic function of two 
variables always has a power series development. Furthermore, the 
function possesses continuous derivatives of all orders and the coefficients 
of the power series are related to the derivatives by formulas similar to 
those for a Taylor’s series, for a function of two real variables. 

If we write f(z1,22) = wu + iv, where ὦ and v are each functions of the 
four real variables 71, y1, 22, Y2, we find 


--- = — and —= -—» (243) 


with similar formulas for the subscripts 2, in consequence of the Cauchy- 
Riemann differential equations and the fact that f(2,z2) is analytic in 
Ζι = αι + ἴγι. 

This enables us to show that, if t; and t, are each analytic functions of 
2, and Ze, while w is an analytic function of ¢, and ἐς, then ὦ is analytic in 
2, and z,. We wish to show that, under the conditions stated, w has a 
derivative with respect to 2, given by: 


dw dw δι , dw dle 


—— eee ι....--.. 


= (244) 
O21 Oly 024 Oly 021 


If we put ¢; = r; + is; and ἔς = re + ἴδ), we have: 


dw dt; (= Ov (= 5) 

a ΞΕ. 125. =a et | 245 

ae anes CO =) oa, | Bay (650) 
We may use the Cauchy-Riemann differential equations to transform the 
expansion of this into 


du Or; . Ou dsy (2 or; . ov 553) 
——  -ς.. ——a 4 ---------- - “πΦἨΠὐανι«ἔὦ. ----- ------- .Φ 


(246) 
Or, Ox, 081 Ox, Or, Ox, 981 O02) 


We may proceed similarly with the last term of equation (244). As 
the derivatives are continuous, ὦ and v are differentiable, and by the 
method of totally differentiating functions of four real variables, we find — 
that: | | 

ou Ou Ory ou OSs; δι. Ore OU 88. 


aad nad a (247) 
Ox Or, OZ O08; OX, OT OX, O82 011 


with a similar equation for dv/dx,;. From these two equations and the | 
transform of the terms in equation (244) given, for the first term, by the 
expression (246), we find that: 


Ow dty . dw dle ou ; Ov 


——< owe OS χπππασσ πα 


— = 1 (248) 
Ot, O21 δία O21 OX, Ox} 
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But, by the Cauchy-Riemann differential equations, the expression 
(246) is equal to 


Ov OSs; Ov Ory, (+ 681 Ou | 


dr, dy, ὅ8ι dy, | ary ὄψι 


ΟΝ 249 
Os; OY, Ory γι Ce) 


Using this as the transform of the first term and the expression with 

11,8, changed to 75,82 for the second term and the expansions correspond- 

ing to (247) with z replaced by y and then u,z replaced by v,y, we find: 
Ow δι᾽ | dw dle Ov Ou 


cies ee ρος 250 
Ol; Oz; + Oly O21 ὄψι OY ( ) 


A comparison of equations (249) and (250) shows that 


gua au av 
Sis and: Φ Sey (251) 


dt, dy ἴ dy.  ἈΦὅκι 
Since the partial derivatives are continuous and these are the Cauchy- 
Riemann equations, it follows that w is analytic in 2,, and that dw/dz, 
equals the right member of equation (248), so that equation (244) holds, 
as we stated. 

A similar argument holds for zz and since the function w is continuous 
in Z; and 2g, as a continuous function of continuous functions, it follows 
that w, involving z; and 29 through the functions ἐξ and fg, is analytic in 
2, and Zo. 

These facts all extend to analytic functions of k complex variables. 
Such functions have derivatives of all orders and Taylor’s expansions. 
Also, any analytic function of analytic functions is again analytic and its 
derivatives may be computed by the same rule as that for the total 
differentiation of composite functions of real variables. 

One important difference between functions of one and of several 
complex variables is that the region of convergence of a power series in 
several variables may be much more complicated than that for one 
variable. 


EXERCISES ΧΠῚ 


1. If wu + w is an analytic function of 2 = x + 1y, prove that wu and ὃ are 
each solutions of Laplace’s equation: 


Dea age 


.----- ...... ee 


Ox? ~—s Oy” 


2. In some simply connected region R, let u be a single-valued function which 
satisfies the equation of problem 1. Show that, with the line integral taken 
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over any path in αὶ from the fixed point a,b to the variable point z,y, 


is a single-valued function of (x,y), independent of the path. Also show that 
u + w is an analytic function of x - ἵν ἴῃ R. Assume that u,, is continuous. 

3. Illustrate problem 2 for u = log(x? + y”), with Κα the region obtained by 
removing one radius from’a circle with center at the origin. This shows the 
necessity of the condition that R be simply connected, since u satisfies all the 
other conditions in the circle, with only the center removed. 

4. Formulate and prove a theorem on the analytic nature of u + tv, anal- 
ogous to that of problem 2, when » is a solution of Laplace’s equation, and 


ay 
u= f τι dx -- οἱ dy. 
a,b oy Ox 


δ. If z = re and f(z) has a derivative, show that 


; = ou . Ov _i _ 1 Ou . Ov _ p78 
γῷ = (δ εἰδὴ, ~ (δ + 6) ἘΠῚ 


by taking first Δθ = 0, and then Ar = 0. Hence show that 
ou 1 dv d Ov I Ou 


-----.-ὕ.ὕ.». “ὦ . .-.-.. - τ «α«ὦ»-- «90 


Or roe or r 00 


6. Let φι and ge be orthogonal curvilinear coérdinates (compare problem 31 
0(q1,92) 

0(z,y) 
that, if ds? = h?dg? + h2dq2, and u + iv is an analytic function of z = x + iy, 
then 


of Exercises X) in the z plane, so numbered that is positive. Show 


an = — 
hi an he δ: he δ: hy δι 


Hint: For new x- and y-axes, tangent to the curves of increasing 41 and 42 at the 
point, Si. : Og2 ΕΝ 2, ONY πὸ ὅᾳι = (. Now transform the Cauchy- 
Ox Oy he Ox hy oy 

Riemann equations for the new axes. 

7. Deduce the last equations of problem 5 from problem 6. 

8. Prove that if a power series }.a,z" has for all ap», ja,| S n and for an 
infinite number |a,| 2 1/n, the radius of convergence is 1. 

9. Obtain the Taylor’s series: 


-1 —2 
ἃ - 2)" ee eee ἐπ Ὁ 24 mare 


where m may be real or complex, and for |z| < 1, the series represents the single- 
valued branch of (1 + z)™ which is 1 for.z = 0. 


23-...ὄ 
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10. Prove that the Bessel’s function of integral order, 


00 (—1)*zgn+2k 
Jn(2) = x, arth V(n +k) 1” 


n zero ΟΥ a positive integer, is a solution of the differential equation 


dw 1 dw πη 
atta t\h 7 a)Y=® 


analytic for all finite values of z. 
11. Prove that Legendre’s polynomial of order n, 


[n/2} (Qn — 2k) ! 


BOS JG) το πε 
where 0! = 1 and 2k S n in the sum, is a solution of the differential equation 
(1 oe Sade ee ee 1)w = 0. 
dz? dz 
12. Prove that the hypergeometric function 
F(a,b;c;z) = 1+ τς + a!) a+ 


1 - 2c(e + 1) 


is a solution of the differential equation 


dw d 
a(t -- 2) τὰ + [ὁ -- (@ +b + Ie] τ — abw = 0. 


The series converges by problem 21 of Exercises IX if |z} < 1 and by section 282 
any analytic continuation from it will be a solution of the differential equation. 

13. Let |c2— οχὐἱ < 71, the radius of convergence of a power series for f(z) in 
powers of z—c, = Z,. If Z. = z—ce, then Ζ; = Zoe - δ — cy. By using 
this to express the powers of Z; as polynomials in Z, and collecting terms, we 
may formally obtain a series in powers of z — cz, or Zz. Show that the infinite 
series giving the coefficients will converge, the new series will have a radius of 
convergence at least equal to r; — |ce — οι, and will represent f(z) at any point 
inside a circle of convergence for both series. 

14. Show that the coefficient of Zz in the series described in problem 13 is 
f (ce) /n ! and that the series represents an analytic continuation of f(z), if it 
converges in any region outside the circle of convergence of the first series. 

15. Prove Abel’s theorem: If a power series converges at any point on the circle 
of convergence, it converges uniformly on the radius drawn to that point and 
represents a continuous function on the radius. Hint: By putting 


(2 —c)/(a -- 6) =7, 


_ the problem is reduced to discussing Dou,r® for OS rS 1, with Dou, con- 

vergent. Then the powers r” may be taken as the p, of section 199, and the 
relation (101) of that section shows that the remainder for }-u,r" is dominated 
by that for 2'ua, so that the convergence is uniform, and the continuity follows. 


EXERCISES XIII 469 


16. Prove that a power series may be integrated termwise along a radius out 
to Ζι, on the circle of convergence, provided that the integrated series converges 
at 2; Hint: Use Abel’s theorem of problem 15 and section 168. 

2"! 


17. The equation f f(z) dz = F(z’) — F(z’) holds if F(z) is continuous 
z 


on C and f(z) = F’(z) except at 2’, provided that f(z) is dominated by an 
integrable function on some arc of C which includes 2”. A similar result holds 
for a path to infinity, with F(z’) replaced. by lim F(z), as z approaches 2” on the 
path. Hint: Reason as in section 247. 

18. (Hardy) If Σ α,.25 converges for all finite values of z, for any p > 0, the 
series Σ 6 ῬΞα,2" may be integrated termwise from 0 to © to give Diaan!p-"4, 
provided that the latter series converges. Hint: By the uniformity, termwise 
integration from 0 to M is permissible and the corresponding improper integral 


will converge to the series as stated if 
ο 


ὡ Μ 
>a | oan [port — f ane P*x" 4] —0Q, or Σ e Pty" dx— 0. 
0 


n=0 n=Q 


οὐ 
By repeated integrations by parts, [. ane” ?*x" dx = v,S,, where 


M M 
Mn = aan!ip-* and s,=(14 42 Pee py 4+... ( (Δ{0)" ΣΝ 
2! n i τ- 
Since the S, increase (toward unity) with n, we may deduce 
m+k 


by writing the sum backwards and using the Abel inequality of section 197, 
where R,, is a bound for the remainder after m terms in 2'»,. But we may 
make R,, small by a choice of m, since Σοῦ, converges and then with fixed m, 
make the first m terms v,S, small by taking M large, since for fixed n, as 
M—o,S,—0. Thus the result follows. 


19. Prove that 1 2- f adie ΒΕ. 
. Prove og 2 = teat 5 


Compare Exercises IX, problem 10. 
20. If f(z) is analytic in and on a circle C about a with radius R and |f(z)| S M 
on C, then |f(a)| Sk !M/R*. Hint: Use sections 270 and 265. 


— +--+, by using problem 16. 


ἱ 
3 


21. If c(é) is a function continuous on a curve C, the integral ; 


any simply connected region R containing no points of C, defines an analytic 
function of z. Note that C need not be closed, c(¢) need not be analytic, the 
values need not approach a limit as we approach a point of C. For regions 
separated by C, distinct functions may be defined, as in problem 22. 

22. Let f(z) be analytic on C, a closed curve and in the region bounded by C. 


Show that For iat equals 27if(z) if z is inside C and equals 0 when z is out- 


side C. 
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23. Let f(z) be analytic inside and on a closed curve C and g(z) be analytic 
inside and on a closed curve C2, bounding a region outside of C;. Show that 


1 t t 
| 7iUR ἊΝ dt + g(t) ΙΙ 
2π οαιἱ - 2 c,t—2 
equals f(z) for z inside ΟἹ and g(z) for z inside C2. 
24. 7 f(z) and g(1/z) are each analytic for |z| S 1 and C is the circle z = 1, 
MU) 29(t) “aed 
then --- Omi ἘΠ | 2 ae + ree di equals f(z) for [2] < 1 and equals g(z) for 
\z} > 1. This and problems 22 and 23 illustrate that a single simple “ expres- 
sion ”’ may define distinct analytic functions, that is, not obtainable from one 
another by continuation, in separated regions. 
25. Prove that the series 


ite 1l14+¢24+2 1424242 
1-2 2. 8 8:4 
defines an analytic function for [2] « 1. 


26. Show that the series of problem 25 equals 1 — log (1 — 2) for |z| < 1. 
Hint: Use the identity 


ze κ᾽ 
to transform the series to 1 + z Ἔξ = +3 Ξ- Ἐ’.-. 


27. If f(z) is single-valued and er for σι S |z — αἱ S re and C” is the 
circle |z — a|= τὰ (or bey in equation (174), the expansion of equation (173) 
represents f(z) for τι S [2 — αἱ S re. 

28. If f(z) = 1/(z — 8), the expansion of problem 27 is: 

1 z—-a (¢-—a)? (ὦ -- a)? 

ῥα, (b—a)? (b—a)® (b—a)! 


b—a (b—a)? (ὃ -- α) 
+ Gat @—a) 


29. By differentiation termwise, deduce expansions for 1 /(z — b)* from those 
for the first power in problem 28. These may be used to find the expansion for 
any rational function in a ring 75 < |z — αἱ < re including none of the poles. 

30. If f(z) has a pole of the mth order at a, the residue at a is 


q™-1 
may gle τ aI 


—--+, if [5 -- αἱ < |b — αἱ, 


picks GE? teal Sb Sak. 


1 
and ——-+ 


z-a (2 -- α) 


evaluated at a. Compare section 116. 
$1. The series z + 222 + 322 +--+ and 


2- 1 (-Ὁ 12 (1-ὸ 1)3 


9 tog toga Τ᾿ 


—log 2+ 
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represent the same function in their common region of convergence, while the 
( — 2) ΗΝ {5:55:.2)" 

3 
with the first series, but a be obtained from it by analytic continuation along 
a suitable path. 

32. If w = f(z) is single-valued, while z = f—!(w) is many-valued, its branch 
points must be among the points where f’(z) is not finite and distinct from zero. 
Hint: By section 259, when f’(z) ¥ 0, dw [ἀξ = 1/f’(z), and the inverse func- 
tion is analytic. 

33, Use problem 32 to find possible\branch points of tan! z and sin z, by 
finding where the expression for the derivative ceases to be finite and distinct 
from zero and determine which are branch points. 

Ans. tan“'zatiand —7; sin'zat 1, ~land ©. 

84, At a the function w = 22 + (z — a)*® has a branch point, although the 
expression for the derivative approaches 2. There is no single-valued inverse 
function, so that the test of problems 32 and 33 does not apply. 

35. If f(z) has a zero or a pole at a, then f’(z) /f(z) has a simple pole and its 
residue is the order of the zero, or minus the order of the pole. Hint: Differ- 
entiate log f(z) = m log (z — a) + F(z), with F(z) analytic at a. 

36. If, except for poles inside C, f(z) is analytic inside and on C, and ¥ 0 οὐ Ὁ, 

f'@) 
cf(@) 

C, counting an mth order pole or zero m times. Hunt: Use problem 35. 
37. If C isa circle about the origin of radius M and P(z) is a polynomial of the 


series πὶ — (z — 2) + ——— +.---has no region in common 


dz is always integral and equals the excess of zeros over poles inside 


Ρ' 
nth degree, prove that lim | { - "| dz = 0. It follows from prob- 
Mo οὶ P(z) Ζ 


lem 36 that P(z) has n roots inside C, for M sufficiently large, which gives an 
alternative proof of the fundamental theorem of algebra. Hint: Reason as in 
section 280, noting that the integrand is rational, with denominator of higher 
degree than the numerator by at least two. 


οΌ 
mx 
28. Show that f tH ie Femme 0 
Ὁ cos mz weo™ i x sin mz rem 
39. : eo pe = Da ’ : eee 2 ,m>0,a> 0. 


Hint: Use problem 38, and differentiate with respect to m. This illustrates. 
that a combination of the method of residues with the devices illustrated in 
problems 29 through 37 of Exercises XII is often advantageous. 

—Pp 


40. P that [= ea ep 
ἘΡΧΟΥΘ ΠΑ τ ὑπ oe p<. 


Hint: Integrate z~? /(1 + z) around a contour consisting of the positive real 
axis from h to M, a large circle of radius M about the origin, the real axis from 
M to h and a small circle of radius h about the origin. As M— ©, M~?—>0, 
while as h— 0, h!-? > 0, so that the integrals on the two circleseach-—> 0. If 
I denotes the integral from h to M, using the positive real determination of σ᾽, 
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the integral from M to ἢ for the second line segment is —e—?7*J, since the sense 
is reversed and going around the circle changes log z by 277 and so multiplies z? 
by e??**, In the cut ring the only pole is at —1, and the residue is (—1)? = 
e-?™* Hence, in the limit: (1 — e~??**)Ip = 2rte—?** 
2πὶ π᾿ 
SS Se πὰς ἢ 
is " ορτὶ — ρρπὶ sin rp 
where I is the limit of J as M— «, h— 0, or the given integral. 
41. Show that, for m and n integral, 


= a τ 
ee > eee eee < 
2n sin π 


2n 


For m,n integral this is an example of section 280, but the result is more easily 
proved and for all real m,n with 0 < 2m + 1< 2n by transforming the in- 
tegral of problem 40 by x = u?". 


42. Show that 
Ὁ. ες π 
ers. ~ sin gr oe ον 


Hint: Either put z+ = ἐξ in the result of problem 40, or integrate around the 
rectangle y = 0, y = 27,7 = —R, x = αὶ withR— ©. This is essentially the 
image under w = log z of the contour used in problem 40. 

43. Show that 


Ὁ. -- i 
f ΓΞ" dx = πίοοὐ gr — cot pr],O< p< 1O0<q< 1. 

ὴ = 
Hint: Integrate z~? /(1 — 2) around the contour of problem 40, with the seg- 


ments from 1 — ἡ 01 + ἢ, and from 1 + hto1 — A replaced by the upper and 
lower halves of a circle of radius h about z = 1. Deduce that: 


oem LIE 


where Τ' denotes terms which — 0 whenh—0OandM—o. Then divide by 
(1 — e-*?**), subtract the corresponding equation with q in place of p and take 
the limit as 20 soa Mo, 


44, [ΓΞ si dx = r(cotrr — cotsr), O<r<l1, 0O<s<1. 


oe + πὶ + e-??™") +7 - 0, 


1 — é 
Hint: Put x = e” in the result of problem 43. 
45. Show that { log (1 — 2 οοβα - 92) ἄχ = 0, if —1S ps1, and 
0 
= 2πΊος [p| ifp Ss —l,orp2 1. Hint: The integral is 1 /2 that from 0 to 2z, 
and hence by equation (200), section 280, is 


log (p — 2) + log (pz — 1) — logz 
Ζ 
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with C a circle of radius unity about z= 0. For 0 < p< 1, exclude a line 
joining 0 and p and for the logarithms, take arg (p — z) from -—27 to 0, 
arg (pz — 1) and arg z from 0 to 27. Then the numerator is real on C and 
single-valued in the slit circle. Hence the integral equals that around C’, made 
up of a line from h to p — h, with values approached from below, a small circle 
Ο; of radius ἢ around p, a line from p — h to h, with values approached from 
above and a small circle Co of radius h around O. Along C, the integral— 0 
like h log h, as h—+0, but log (p — 2) is increased by 2πὶ. The other terms 
cancel for the h to p — h, and the p — h to h parts, but the increase gives 
h Ori 
Σ ΡΣ dz = πῖϊορ h — log (p — A)]. 
Along Co we get x log p from the term log (p — 2) and πῆὶ from log (pz — 1), by 
—log z " 
Ζ 
with log Ζ varying from log h to log h + 2πὶ, so that this term gives 


—w log h — πῆι. 


1 ὶ 
using residues. For δ᾽ { , we use the indefinite integral A (log z)? 
Co 


The sum of the terms— 0 whenkh— 0. For p> 1, put p = 1/q, 
log (1 — 2p cosz + p’) = 2log p + log (1 — 2g cos z + αἢ 


and use the first result for the term in g. For p negative, put p = —qg. For 
p = 1, deduce the continuity of the integral from the fact that the original inte- 
grand is dominated by an integrable function near x = 0 and converges uni- 
formly in any range from h to x. 


: Vr 
46. From 6. τ dx = 5." problem 32 of Exercises XII, deduce that 
0 


00 ὰ Vx _3 , - , 
65 cos 2bz dx = > - Hint: Integrate e~* around a rectangle 
0 


bounded by y = 0, y = b,2 = M,x = —M, with Μ-- ο, 
47. For0 < A S 7/4, t real and varying from 0 to ©, the integral of ε΄“ dz 


, Vx 
with z = te'4 is independent of A. From the value oa for A = 0, deduce two 
real integrals, and in particular cos 27 dr = sin 27 dx = ae 
0 0 

Hint: Integrate around a sector bounded by the lines for two values of A and 
a circle about the origin of radius M, with M— ©. On the arc use equation 
(210) as for (211). This and problem 46 illustrate how contour integration 
sometimes enables us to deduce one definite integral from another. 


oo 42? 
ae = a? Ὁ Ὁ nt: 
48. Prove that cos z i E (Qn — απ] Hint: Justify the regroup- 


ing in the product for sin (z + 2/2). 
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Ζ Ζ sin z 
49. Prove that cos - 5 008 ot ας ΠῚ aa Hint: Use problem 48, or 
sin gms DG” bos ἀπά a τ 
= = = = —-—_- i, 
9 008 5 and — sin oy 


πὸ eae δε 
+ 5 tang T op AN 52 t 53 180 3S = 


49, take logarithms, and differentiate. 


— cotz. Hint: Use problem 


61. If 0 < |z| < 7, and Hy, = 1 Ὁ τὰν Ὁ τὰν ἘΠ Ὁ prove that: 
z Ζ Die ee 2. Bi, 285 
8 sin z Haat Meat gto t : 
1 Ζ 23 26 
and cot 2 — > = —2H: -- — 2H« -᾿ — 2He | -- "τ" 


— 2H (—1)* 27* 
“ΠΩ! 
Bernoulli numbers. Compare ie 3 and 8 of Exercises XVI. 

62. If wu + w is an analytic function of z = x + ty at z = x + iyo, then u 
and v are each analytic functions of the two variables z and y for x = 2p, 
¥= Yo. Hint: Put (2 — 20) = (& — Xo) + τῳ — Yo) in the series in powers of 
(z -- 20) and deduce convergent power series in powers of (1 — 2), (y — Yo). 

63. If, for f, x,y real, f(x,y) is a solution of Laplace’s equation of problem 1 in 
some two dimensional region including 2o,yo as an interior point, f(z,y) is an 
analytic function of + and y at x,yo. Hence it has partial derivatives of all 
orders and a power series representation about this point. Hint: Use problems 
2 and 52. 

δά. Let u(z,y) and sn) be each real for z and y real and analytic in z and y 
for 2 = %, y = yo. If τὸ = u-+ iv, the equations 2 = x + ty and z = x — ty 
or z = (z+ 2)/2,y = (ὦ — 2) 2ὲ determine w as an analytic function of z and. 
This will be a function of z alone if dw/dZ = 0. Show that, forreal values of z and 
y this condition is equivalent to the Cauchy-Riemann differential equations (8). 


It will be shown in section 320 that Box, where the Bo, are 


CHAPTER XIV 
FOURIER SERIES AND INTEGRALS 


On any circle inside and concentric with the circle of convergence of a 
power series, the real and imaginary components of the analytic function 
represented by the series are each real, periodic functions of the angular 
coordinate. On such a circle, the power series representation of the 
analytic function leads to a series expansion for each of these periodic 
functions in terms of sines and cosines of multiples of the angular 
coordinate. This suggests the possibility of expanding other periodic 
functions in a series of sines and cosines, or in a Fourier series. We shall 
study this question, and derive a few of the simpler sufficient conditions 
for a function to admit of such a representation. 

The Fourier series may be thought of as representing a given periodic 
function for all values, or in any interval of length one period as repre- 
senting a function merely given in that period. There is an analogous 
representation for functions given on an infinite interval, involving an 
integral in place of a sum, the Fourier integral. We derive a sufficient 
condition for this representation, applicable to functions which approach 
zero at infinity in a suitable way. 

287. Fourier Series of Periodic Functions. If the power series 
Xa,,2" converges for all z with |z| = r and the sum function is F(z), we 
have: 


F (rei) = an rei)” (1) 


If we decompose the function on the left and the coefficients a, into 
their real and imaginary parts, 
F (re) = Ρ(θ) +iQ(6) and an = pn + 74a; (2) 


we find as a consequence of equation (1) that: 


P(6) = Σ (par” cos ηθ — grr” sin η6), (3) 
and 
Ο(0) = Σ (qar” cos nO + prr” sin ηθ). | (4) 


The functions P(@) and Q(@) are each real functions of 0, of period 2x 
and the equations just written show that certain periodic functions of a 
475 
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special nature admit of a representation by a series of sines and cosines 
of multiples of the variable. Similar expansions may be derived from 
Laurent series, containing negative powers, as in problem 13 of Exer- 
cises XIV. The question naturally arises whether periodic functions of 
more general character admit of such expansions. 

If we use the period 7’, instead of 27, we must form the series from the 
terms cos n(2r/T’)x and sin n(27/T)z, since each of these has the period 
T. In fact any finite sum or convergent series 


A+> (4. 608 lad + B,, sin oe 
n=} T T 


(5) 


will represent a function of period 7’. 

Now let us start with a function f(x), of period T and assume that it 
can be expressed as the sum of a series of the form (5). If it is permissi- 
ble to integrate the series termwise, we must have: 


T 1 T 
J fit) dz= AT, and A= = J ows (6) 


since for n a positive integer, 


T T 
2 
f sie en. dad f sin —— dx = 0. (7) 
: T T 


0 


Next let us multiply each term of the series (5) by cos n(2rzx/T). 
Then if this series may be integrated termwise, it follows that: 


2/7 2πΉ 2 
ni a ae : 
A oJ f(x) cos pat (8) 
since, for m and n each a positive integer, 
T 
2rmx 2πΉΣ 
e d ἘΞ 
J sin —,— cos "τ dt 0, (9) 
T 
2 2 
{ 608 π΄ 608 "τ dx=0, m#¥n, (10) 
0 
but 
S 2anx Τ' 
2 ee 
J cos” "τ dix . (11) 


Similarly, if the series obtained by multiplication by sin n(2rz/T) may 
be integrated termwise, it follows that: 


2 ᾿ , Qrnx 
B, = = J f(z) sin ae, (12) 
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in view of equation (9) together with 


ΤΟ ὥπηι;. 
J sin τ jg 7 5 dx = 0, m τέ n, (13) 
Tg 2πΉ2 T 
. Ὁ ΒΤ 
J sin’ τοὶ dx ᾿ (14) 


where m and n are each a positive integer. 

For any function f(x), of period 7, for which the integrals exist, we 
define the constants A, An, B, given by equations (6), (8) and (12) as 
the Fourier coefficients of the function 2 (x). We write: 


f(z)~At+ = (4. me aa B, sin) (15) 


and speak of the right member as the Fourier series for f(x), whether the 
series converges or not. If the series is known to converge to f(z), we 
may replace the sign of equivalence, ~, by the equality sign. 

We also form the finite sums: 


< 2π} . Qk 
8, = A +E (Αι 008 a + B, sin τ) (16) 
k=1 T T 
which we call the partial sums of the Fourier series for f(z). 
We note that for a function of period Τ᾽, we may use any interval of 
length 7, asatoa-+ Τ', in place of 0, T in calcuating the integrals which 


appear in the formulas for the coefficients. Thus these coefficients may 
be defined by 


A = the average of f(x), 


. 2 
A, = twice the average of f(x) cos a ; 
(17) 
, 2 
B, = twice the average of f(z) sin las 


with all averages taken over any interval of length T. 

288. Functions of Period 20. When the period T is 27, the factor 
2x/T is unity and so may be omitted. Moreover, there is no real loss 
of generality in restricting ourselves to this case, since if we have any 
function f(x) of period Τ᾽, and we write: 


χ - (5). ὦ --(Ξ)- τ, as) 
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the function F(X) is of period 27. Also the Fourier coefficients of the 
function F(X), regarded as a function of period 27 are the same as the 
Fourier coefficients of the function f(x) regarded as a function of period 
Τ᾽, since averages are not changed by a change of scale. Consequently, 


F(X) ~ A+ Σ (An cos nX + B, sin nX), (19) 
πεῖ 


is equivalent to the relation (15), and the series of (15) will converge to 
J (x) if the series of (19) converges to F(X). 

Accordingly, to simplify the writing, from now on we shall consider 
T = 2m, but shall continue to use x as the variable and f(x) as the 
function. | 

289. The Partial Sums. The partial sums are: 


π--ὶ 
δ, ΞΑ- ἘΣ (Ax cos kx + B, sin kz). (20) 
k=1 
Using the definition (17), we may consider the coefficients defined by: 
1 atx 
A=— ft) dt, (21) 
2π - πὶ Σ 
1 +z 
A, =- f(t) cos nt dt, (22) 
ΤΨ. τς 
1 atz 
B, = - f(é) sin nt dt. (23) 
WS —x+z 


In these equations we think of x as a particular value under considera- 
tion and to avoid confusion we have. replaced the dummy variable of 
integration by t. 


We find: 
A; cos kx + B, sin ka 
πὺξ 
a F(t) (cos kt cos kx + sin kt sin kx) dt 
TV arty 
1 atz 
= — f(t) cos k(t — x) αἱ. (24) 
TW So gtez 
Consequently, 
1 πὶτ 1 n—1 
5, = - { Ε ἜΣ cosk(t — 2) | s0 dt. (25) 
WS giz 2 k=1 


If we change the variable by putting t = x + u, this becomes 
1 τ 
Si == f s(wf@+u) du, (26) 


“κ 
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( ;) 
sin(n — —)u 
2 


. u 
2 sin -- 


Sn(u) = =+ + Ee cos ku = (27) 


That the last term is the sum of the series follows by mathematical 
induction from the identity: 


1 
sin (: + 5) μ -- cin ( - 5) u = 2 sin 5 008 ku. (28) 


Since the function s,,(w) is an even function, we find on separating the 
range --π to 7 into —7z to 0 and 0 to π that: 


1 wT 
8. -| =f nwll@ t+ w) + fe -- wl du. (29) 
0 
From the sum for s,,(w) in equation (27), we may deduce that 
1 { ΤΠ. (80) 
τ 0 2 


290. A Transformation of the Limit. We shall write: 
flat) = ad (x) and f(t,—) = lim f(z), (31) 


to denote the right- and left-hand limits introduced in section 30 and 
shall confine our attention to points for which both these limits exist. 
At such points we seek a condition for the Fourier series of the function - 
to converge to 


g(x) = $if@+) +f@—-)I. (32) 
In particular, at a point where f(x) is continuous, 
f(t) =f@-) =f@), and g(x) Ξ- 76), (33) 


so that the condition will be one for the convergence of the series to f(z) 
if x is a point of continuity of the function. 
From the definition of a partial sum, the series will converge to g(x) if 


g(x) = τὼ S, = lim =f onwise +u)+f(a —u)jdu. (84) 
0 


ao 7 


But, in consequence of the relation (30), we have: 


g(x) = lim A f ” 5, (ut) 2 (x) du. (35) 
n—>o Τρ 
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Thus the series will converge to g(x) if, and only if, 


lim J Pe eet ee: f(e —u) —29(2)]du=0. (86) 


291. Riemann’s Theorem. In those cases where we can prove that 
the integral just written approaches zero, we make use of the presence 
of the factor sin (n — 1/2)wins,(u). This factor enables us to simplify 
our problem because of the fact that, if F(x) is a function possessing a 
finite proper or absolutely convergent improper Riemann integral, then for . 
m real but not necessarily an integer. 


b 
lim F(x) sin mz dz = 0. (37) 
m=) a 
We devote this section to proving this theorem, originally due to 
Riemann and generalized for the improper case by Lebesgue. 
We first observe that the relation is true if F(x) is a constant, since 


cos ma — cos mb - 2|K| 
m " 


ὃ 
f K sin mx dx K (38) 


Consider next a step function, S(z), in the interval a,b; that is a func- 
tion constant in each of a finite number of subintervals which, like those 
used in defining the Riemann integral, make up the entire interval a,b. 
The function is constant in the open intervals. Its value at the end 
points is of no consequence since these are finite in number and will not 
affect the integral of the function. If the function S(zx) is such that M 
is a bound for |S(z)| and there are k steps, it follows from equation (38), 
applied to each subinterval, that: 


: 2kM 
f S(x) sin mx dx =~ (39) 


This approaches zero when m— οὐ, so that the result holds for a step 
function. 
Finally, we note that for any proper Riemann integral, 7 F(x) dx, 


the method of defining the integral shows that there is a step function 
S(x) such that 


fire — S(x)| dz « ε. (40) 


Tn fact, for a step function used in a lower sum, the integral just written 
reduces to the excess of the Riemann integral over the lower sum. 
The same result holds for an absolutely convergent improper Riemann 
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integral, since such an integral may have its range of integration sepa- 
rated into that for a proper integral and a number of intervals on which 
F(x) is unbounded, but such that the integral of |F (x)| over these inte- 
gralsis arbitrarily small, say <e. Thus we may take S(x) asin equation 
(40) for the range of the proper integral and S(z) = 0 on the remaining 
intervals. It will result that: 


[τῶ — S(x)| ἀν « 2e. (41) 


If we start with ¢/2 in place of ε, this is the relation (40). 
Now consider 


b b 
f F(z) sin mz dx — f S(x) sin maz dx 


f "TFG = Ste enine ae 


b 
Ξ f [Ε (xz) — S(x)|- |sin mz] dx 


b 
sf lr@)-S@ldrse_ (42) 
By the relation (39), for m sufficiently large, 


b 
f S(x) sin mz dz| « εἰ m> Mo. (43) 


Consequently, from the last two relations, 


b 
f F(x) sin mz dx 


< 2e, for m> ™po. (44) 


This proves that, as m— © the integral approaches zero, as stated in 
equation (37). 
With the same conditions on F(z) and m, the argument shows that: 


b 
lim F(x) cos mz dx = 0. (45) 


m—>O a 


292. Conditions for Convergence. In equation (36), the factor 


δι) = sin ( - 5) ms (46) 
2sin τ 
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If 5 is any positive number less than 7, the function 1/ sin (u/2) is con- 
tinuous and bounded in the interval 5,7. Hence 


ra =e) jE=wi-a 


(47) 
2 sin — 
m2 
will have a proper, or absolutely convergent improper, integral with 
respect to u on the interval 6,7 if, as we shall assume, f(u) has an integral 
of this type on any finite interval. 
Hence we may apply the Riemann theorem of the last section to prove 
that: 


tim [ SOUCLWAIC τ ῥ ABO a 


) 1 
= lim F(u) sin (x - ἢ udu=0. (48) 
NO ὃ 
This enables us to reduce the investigation of the integral of equation 
(36) to that for the interval 0,6. 
Again, we have: 


gin (» 4 u 
2 


: u 
= = sin nu cot 5 Cos nu, (49) 
ae 
me 
and in the interval 0,5 we may apply equation (45) with 
2F(u) = [( +u) + f(x — u) — 296), (50) 


so that the part of the integral involving cos nu has a limit zero and the 
expression to be investigated is: 


n—>o 


lim : ἐπ nu cot = [f(z +u) +f(z — ἢ — 29(4}} du. (51) 
0 


For 0 < u < 27, the factor cot u/2 is analytic and 


U 
COs... =e ss 
u 2 8 2 wu 
=| = see Cee ee Au? s 8s @ 5 
2 2 48 


the Laurent expansion of section 276. Hence the function 


cobs -- = 0, as u— QO, (53) 
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and if we use this limiting value at 0, the function is continuous for 
0 <u < 2x. Consequently, for the interval 0 Ξ τ Ξ ὃ, 


Faw) = [cot —2]u@+w +se-w - ὦ} 6H 


will have a proper, or absolutely convergent improper integral and by 
equation (37), 


ὃ 
lim { sin nu F(u) du = 0. (55) 


n—>no ὧν 


Since the value, or indeterminate nature, of an integrand at a single 
point does not affect the integral, we may subtract this integral from the 
integral in the expression (51), and write the result: 


, ᾿ 
tim [ye τ Τα -- ὦ -- 206}... (66) 

The relation (36) will hold if this limit is zero. If f(x) is of period 2x 
and has a proper or absolutely convergent improper integral on the 
interval 0,27, it will have an integral of this type on any finite interval. 
Also the integrals defining the Fourier coefficients will necessarily exist. 
Our discussion shows that, for such a function, a necessary and sufficient 
condition for its Fourier series to converge to the value g(x) 18 that for some 
positive number δ, the limit (56) exists and equals zero. The limit zero for 
any ὃ implies convergence, while convergence implies the limit zero for all 
positive ὃ. 

293. Sufficient Conditions. Let us now seek a sufficient condition 
for the limit (56) to be zero, where g(x) has the form given in equation 
(32). If we require that 


lim Tee (f(e+u) —f(et)ldu=0, (87) 
and 
ὃ " 
ἐπὶ [55 Ξε γῷ -- ἡ — fle—)] du = 0, (88) 
n—-o VQ U 


it will follow by addition that the expression (56) approaches zero. In 
particular, if 


lf(a+u) —f(@@t+)| & Ku?, where p>0O, for 0<u< το, (59) 
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we shall have, for h < up, 


hs 
[ΞΞιυω τ -s@au 


0 


hie 
sf δ πα ite Ἐὼ — f(z+)| du 


: Κ 
< f Kw dus 551». (60) 
0 


In the interval h to 6, the integral of equation (57) approaches zero by the 
Riemann theorem. Thus we have: 


[ Se epic Fes Nau 


U 


lim 
i> 


K 
< —h?. 61 
; (61) 


Since K and p are fixed and p is positive, this may be made arbitrarily 
small by taking h sufficiently small. Thus the upper limit, being posi- 
tive or zero, must be zero; and the limit is zero as we wished to prove. 

The relation (59) is described as a Lipschitz condition to the right of 
order p. Similarly the condition 


If(c — u) —f(x—)| S Ku?, where p>0, for OSuSw, (62) 


is described as a Lipschitz condition to the left of order p. If this holds, 
the reasoning just used shows that equation (58) will follow. If the 
function is continuous, and such conditions hold on both sides, we have 


If(@ + u) — f(w)| S$ Klu|?, where p > 0, for —u Susu, (63) 


and we say that the function satisfies a Lipschitz condition of order p at 
the point z. 

The most important case is that when p = 1, in equation (63), to 
which we have already referred in sections 128 and 255, where the con- 
dition held at all points of an interval. From the definition of a deriva- 
tive as a limit, it follows that the condition (63) holds with p= 1, 
whenever f(z) has a finite derivative at x. This leads us to our first 
sufficient condition for the convergence of a Fourier series: 

The Fourier series converges to the function f(x) at any point where f(x) 
has a finite derivative. 

More generally, the series converges to [f(z+) + f(x—)]/2 if f(x) 
has a finite right-hand and a finite left-hand derivative, or satisfies a 
Lipschitz condition to the right and to the left of any positive order. 

To develop a second condition, suppose that f(x) is monotonically 
decreasing in the interval z to x + up. Then the function 


o(u) = —f@+u)+fet) (64) 


approaches zero for wu — 0 and monotonically increases in the interval 0 
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to h, h < ug, so that it is positive in this interval. Thus we may apply 
the Bonnet mean value theorem of section 198 to obtain: 


h . h- 
fo ὦ = 60) f AZ a, (65) 
0 ξ 


U 


for a suitably chosen value of & in the interval 0,h. 
From the properties of sin nu and the decreasing character of 1/u, it 
follows that the series: 


f 2 nu ΣΕ [᾿ sin nu ἀπε οἷ (66) 
0 U a/n 


U 


is an alternating series and so the sum of this series to any number of 
terms never exceeds the first term in numerical value. In fact, since 
each of the integrands preserves its sign in the interval corresponding to 
any one term, for any two positive numbers é and h, 


petals [ORs [33 ὦ (67) 
ξ U 0 U 0 υ 


Thus the integral in the right member of equation (65) admits a bound 
independent of n andh. Since it is multiplied by ¢(h), which — 0 when 
h — 0, the product may be made small by taking ἢ small. Hence the 
integral in the left member of equation (65) is numerically small, for h 
sufficiently small. By combining this fact with the Riemann theorem 
and using upper limits as we did for equation (61), we may prove that 
under the conditions stated, the limiting relation (57) holds. 

For f(z) monotonically increasing, we may use the same argument 
with f(z) replaced by its negative in the equation which defines ¢(w). 
The reasoning also applies to the relation (58), if the function is mono- 
tonic in the interval x — wo to x. Thus the Fourier series converges at 
any point which separates two open intervals in each of which f(x) 1s 
monotonic and bounded. The Fourier series will converge for the sum 
of two functions if it converges for each of them. Since we proved in 
section 159 that any function of bounded variation in an interval can be 
decomposed into the sum of two monotonic functions, it follows that: 


The Fourier series for a function f(x) will converge to 
aif(e+) + f(«—)] 
for any value x, in some interval in which the function f(x) 18 of bounded 
variation. (Jordan.) 


294. Uniform Convergence. Since each of the terms of a Fourier 
series is a continuous function, if the series converges uniformly for all 
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values, or for all values in some interval, the sum function f(x) will have 
to be continuous for all values, or for all values in the interval. 

If the sum function f(x) is of bounded variation throughout an inter- 
val and is continuous throughout this interval, then the Fourier series 
will converge uniformly in any subinterval of this interval. Again, if 
the sum function f(x) has a finite derivative, uniformly bounded at all 
points of an interval, the Fourier series will converge uniformly in any 
subinterval of this interval. A similar result follows if a Lipschitz 
condition of positive order p holds at all points of an interval, with thesame 
constants K and wp for all points of the interval. This results from the — 
fact, that the number of terms necessary to achieve a given degree of 
approximation depends on the Riemann theorem and on the magnitude 
of h in such formulas as (61) and (65) necessary to make these terms 
small. When the function is continuous in a closed subinterval, as 
follows from any of the conditions stated, it results from the uniform 
continuity that the size of h can be fixed so as to do for all the points of 
this subinterval. This leads to a minimum value of h, so that the func- 
tions F(x) to which we apply the Riemann theorem have the form 
f(x + u)/u, for an interval h to ὃ, or at least may be made up of a sum 
of such terms. The function f(x) may be approximated by a step func- 
tion S(x) in such a way that the relation (40) holds for the interval 0 to 
2r, or, from the periodicity, for any interval of length less than 27. 
Again, in the interval h to b, the function 1/u is continuous and may be 
approximated uniformly by a second step function 7(u). If 5 (4) has 8 
steps in the interval 0 S$ x S 27, and T(u) has ¢ steps, the function 
S(z + u)T(u) will have at most st steps for ἢ S u Sb. Hence the 
factor k in equation (39), due to the number of steps, will not exceed st 
and so will not disturb the uniformity. Similarly, the factor 
cot u/2 — 2/u is uniformly continuous for 0 S u S π and hence for 
hs us}, so that its presence in equation (54) will not disturb the 
uniformity. 

295. The Fejér Theorem. While continuity of itself is not a suf- 
ficient condition for the convergence of a Fourier series, there is a 
generalized process of summation by which we may get back the function 
from the partial sums. If, in place of the partial sums of a series, we use 
the first Cesaro sums: 

n 
C= δι, @=-2t™, ¢o=1F ἢ (68) 
2 N k=1 
we say that the series is summable to a value f(x) in the sense of Cesaro, 


or summable (C1), if 
f(z) = lim C,. (69) 
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We note that if a series is convergent, it is summable in this sense. 
For, if L is the sum, for any positive ε there is an N such that if k > N, 
all the sums S; will be between L — eandL - ε. Thus,forn = N +m, 
we shall have: 


NCy + mL — me S (N+ πι)δ, S NCy + mL + me. (70) 
If we divide all the terms by m and let m — ©, we may conclude from 


this that: “ΙΝ 
L-—-eslm(C, sLt+e (71) 


with a similar relation for lim. From this and the fact that eis arbitrary, 
we have: 
This proves that a convergent series is summable in the sense of Cesdro to 


the sum to which it converges. 
However, a series may be summable in the sense of Cesaro without 


being convergent. Thus, for 


1-1+1-1¢4+:::, (73) 
the sums are: 
S; = 1,0, 1, 0,>*+,-1,0,> >> (74) 
121 3 n 1 
and C;=1, 9°39" δ᾽ ign oe (75) 


so that the series is summable (C1) to 1/2. 

Let us now apply the process of Cesaro summation to a Fourier series, 
where we regard the (n +- 1)st term as (An cos nz + B, sin nz), so that 
the sum of the first n terms is the S, given by equation (20), or (29): 


1 τ 
Sa == [τ + u) + $@ -- ὧ] du, (76) 
0 
: mee * n—1 ᾿ 
with pe es δὲ πον (77) 
, uUu 2 k=l Ὦ 
2 sin — 
2 
We wish to calculate 
1 n 
NT k=1 
We begin by evaluating the sum for the only factor involving k, 
ee ie 
n : 1 ἜΣ 
δὰ; 2 sin — sin — 
2 2 


488 FOURIER SERIES AND INTEGRALS [(Cuar. XIV 


The first form is proved by mathematical induction and the use of the 
identity: 


—cos (k + 1) u+ cos bu = 3 δὴ (Ὁ 5) usin 5. (80) 


It follows from the second form that 


nU 


4 με τ tie, ᾿ 
od ἢ 2 U. ( ) 


We also note, from the last expression of equation (77) and equation 
(79) that: 


9 NU 
sin 2 i eae | 
=--+ 2) (n —k) cos ku, (82) 
2 sin? — eS πὶ 
2 
so that 
sin? το 
= du = 1. (83) 
pe sin? — 
2 


Now consider a function f(z), of period 27 and continuous for all 
values. For any positive ε, there is a ὃ such that 


W@+u)-I@l<e if jul sa. (84) 
From equations (81) and (83), we have: 
_ 9 Nu 
17" 2 fatu)t+f(a -- wu) 
C, — f(z) = — [ -- || Ὁ ὙΠῸ Ὁ -Ζω] ἄμ. (85) 
δ sind 


Let us separate the interval of integration 0,7 into 0,8 and 6,7. In 
the first interval, by equation (84), the last factor is numerically less than 
¢, 80 that the contribution to the expression on the right for this interval 
does not exceed: 


du, (86) 
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Since the integrand is positive, this is less than the result when we replace 
the upper limit by z. Thus, in view of equation (83), we find: 


1 « ε. (87) 


In the interval 5,7 we have sin? (nu/2) is at most unity, and 


5 
sin’ 5 > sin? 5: (88) 
Thus, if M is such that 


lf(z)| = M, for all z, (89) 


we have for the contribution from the second interval a quantity 
numerically at most: 
1 Δ᾽ 2M K 
I du < ee (90) 
nmrdgq , 2 ὃ n 
2 


where K is a constant independent of n. 
This proves that: 


Cn -f@ «2. (91) 


For n > K/e, the right member is less than 2e, and hence: 
lim C, = f(x). (92) 


Since a function continuous on the closed interval 0,27 is uniformly 
continuous, the quantity ὃ may be chosen independently of z, so that the 
same is true of K and hence K/e. This proves that the convergence of 
the sequence Οὗ; is uniform. 

We have proved one form of Fejér’s theorem: 

The first Cesdro sums for the Fourier series of a continuous periodic func- 
tion converge uniformly to the function. 


296. The Weierstrass Approximation Theorem. This theorem 
asserts that any function, continuous on a closed interval, may be uni- 
formly approximated in this interval by a polynomial. We may easily 
deduce it from the theorem just proved. For, by a change of scale, the 
interval may be made less than 27. And, by combining the function 
with a suitable first degree function joining the point ὃ, f(b) with 
a + 2π, f(a), we may define a function c(x), continuous and of period 
2x, which equals f(z) in the intervala S$ + Ξ ὃ. Then, by the Fejér 
theorem, there is a Cesaro sum C,, such that: 


le(x) — C,(x)| < ε, (93) 
for all zx. 
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But the sum C,,(x) was obtained from sums S,(x), each of which was 
a combination of constants and terms of the form sin kx and cos kz, 
with k at mostn — 1. Thus the sum C,,(z) has the form: 


n—l 
C,(t) = A, + Σ (Aj, cos ka + By y sin ka). (94) 
k=1 


There are 2n — 2 < 2n trigonometric terms. If Gis an upper bound for 
the numerical value of the coefficients, we may approximate each 
trigonometric function by a polynomial to within e/2Gn. In fact, the 
Taylor’s series for sin kx and cos kx converge for all values of x and uni- 
formly on any finite interval,a < + <b. Hence we may carry out these 
series to a point where the partial sums furnish an approximation to the 
desired accuracy. When this is done with all the terms and these 
polynomials are combined, we have a polynomial P(x) such that 


6, (5) — P(z)| <6 aSzxsb. (95) 
In view of the relations (93) and (95), 


lc(x) — P(x)| <2, az 


IA 


b. (96) 


This shows the existence of a polynomial uniformly approximating c(x) 
to within 2ε, an arbitrary positive quantity. 

297. Convergence in the Mean. Let f(x) be a real periodic function 
for which the Fourier coefficients exist, and let the function [f(z)]? be 
integrable in the interval 0 to 2x. Now consider any trigonometric sum 
of order n — 1: 


n—1 
T(z) =a+ Σ᾿ (az cos kx + by sin kz). (97) 
k=1 


If we regard Τ᾽, (x) as an approximation to f(x), we may use the integral 
of the square of the error, or 


k= Ὶ i [f@) — Τ, ()}" da, (98) 


as a measure of the degree of the approximation, as in section 249. If 
we replace T,(x) by its expansion, multiply out, and recall the defini- 
tion of the Fourier coefficients, as well as the values of the integrals 
of the trigonometric functions and their squares and products given in 
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section 287, we find: 


2a n—-l 
E = f f(a) dz — 4παά — 2r Σ (ape + beBy) + 2ταξ 
0 k=l 
π--ἰ 
+r Σ, (az + bz) (99) 
22 n—1 
ΒΞ [ [70}}} -- 2nd? - πὶ (AR Ὁ B?) 
π--ἰ 

Ἔ 2πτ(Α -- α)ὐ τ Σ [(4 — αι)" + (Be -- bx)*]. (100) 


Since the squares are positive or zero, the second form shows that E is 
larger for any sum with one or more coefficients differing from the 
Fourier coefficients than for the sum formed with Fourier coefficients, 
that is T, = S,. This proves that: 

Of all trigonometric sums of a given order, the one formed with Fourier 
coefficients makes the integral of the square of the error least. 


For the sum with Fourier coefficients, we have: 
1 2τ 1 2π 
> [σῶ -- S@)Par= = f se)? ae 
2π 0 2π 0 


1 n—1 
—A?-5¥ (Αἱ Ὁ Bi). (01) 


Since the left-hand side is greater than or equal to zero, the same is true 
of the right, and we have: 


1 2π 1 π--} 
τ: 2 {Ὁ} ἀν = A? +5 Σ (Αἱ + Be). (102) 


This is known as Bessel’s inequality. The infinite series whose partial 
sums appear on the right of such relations converges, since it is a series 
of positive terms whose sum is bounded. 

We may show that it converges to the integral on the left as follows. 
By reasoning similar to that of section 291, if the integral of [f(x)]’ exists 
as a proper or improper integral, we may find a step function S(x) such 
that: 


{ “μῳ -- ϑωβά «« (103) 
0 


By changing the step function to a linear function in sufficiently small 
intervals including the points of discontinuity, we may find a continuous 
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periodic function c(x), such that: 
2x 
J IS@ -e@)Pdr <e (104) 
0 


By the result of section 295, the first Cesdro sums for the Fourier series 
of c(x) approach this function uniformly. Hence we may find one of 
these sums, say C,,(x) such that: 


le(z) — Cr(x)| S ε, (105) 
and hence: 


Γ le(z) -- Ο,.(4}}3 dr S εἶ Qe. (106) 
0 


Finally, by a double application of the inequality (130) of section 
252, and the relations (103), (104), and (106), we find: 


27 
f f(t) — Cala) dz S [ὁ -- ἐ + (ani? (107) 
0 


Since ε is arbitrary, this shows that there is a trigonometric sum, Cy (x), 
for which the integral on the left is arbitrarily small. But, if we form 
S,(x), the partial sum of the Fourier series for f(z) of the same order as 
C,,(x), this will make the integral on the left less than or equal to its 
previous value, and the integral cannot be larger for any partial sum of a 
higher order. This proves that: 


Qa 
lim f (f(z) — Sa(z)i? de = 0, (108) 
0 


and, if the integral of [f(x)], and the integrals defining the Fourier coeffi- 
cients exist, the Fourier serves for f(x) converges in the mean to f(x). The 
equality obtained by combining relations (108) and (101), or letting 
n— © in (102), is called Parseval’s theorem. 

Since the series converges in the mean, by section 253, it may be inte- 
grated termwise and under the conditions just stated: The series obtained 
from the Fourier development of f(x) by termwise integration converges to 
the integral of the function. 

298. Modified Fourier Series. So far we have considered our func- 
tions as of period 27, and the Fourier series as corresponding to the 
function for all values of x and converging to it for any value of x for 
which the sufficient conditions were met. We may, however, confine 
our attention to any interval of length 27, for example the interval 
0,27 or —z,x. In this case the Fourier coefficients computed for the 
fundamental interval of integration will lead to a series convergent, or 


Art. 299] THE FOURIER INTEGRAL THEOREM 493 


convergent in the mean, to the original function if the appropriate con- 
ditions are met for values of z in the fundamental interval. 

If we take as our fundamental interval -- π,π, and consider a function 
defined in this interval and odd, that is, one for which f(—z) = —f(z), 
the constant and cosine coefficients will all be zero, and we will have a 
series of sines only. Similarly, if we consider a function as defined in this 
interval and even, that is, one for which f(—2z) = f(x), the sine coeffi- 
cients will all be zero, and we shall have a constant term and a series of 
cosines only. Since the function may be arbitrarily given in the interval 
0,7 and then defined in the interval —7z,0 so as to be odd or even, we see 
that for the restricted interval 0,7 any function with f(x) and |f(x)| 
integrable will have a Fourier sine development and a Fourier cosine 
development. If in addition f(x) has an integrable square, each of these 
developments will converge in the mean to the function. 

If at x and —z one of the conditions of section 293 is met, the con- 
dition will be satisfied for each of the functions 


f(z) uo a fa) - its (109) 


The first of these is even and the second odd, while f(z) is equal to the 
sum of these two functions. Hence the constant and cosine terms for 
f(x) will be the same as those for the first function, while the sine terms 
will be the same as those for the second function. Thus under the con- 
dition stated the sine terms will converge by themselves, and the con- 
stant and cosine terms will converge by themselves. 

By using the change of scale inverse to that introduced in section 288, 
we obtain developments in terms of sin (2rnz/T) and cos (2rnz/T), 
for any function given in any interval of length T. Similarly, we may 
obtain developments in terms of sines alone, or of a constant and cosines 
alone, for a function given in any interval of length 7'/2. 

299. The Fourier Integral Theorem. If a function f(x) is defined 
on the interval —P,P and the integrals for the coefficients exist, its 
Fourier partial sum may be written in the form 


1 1 " — t)r 
oJ lat Boe so τ 


analogous to equation (25). 
If we express the cosine in terms of exponentials, 


k(x — t)r | χα -ὴξ πὰ 
= ; 111 
os Ῥ 5] ¢ +e (111) 
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we may use the more symmetrical expression: 


1 μὲ ἐα--ΟἾ 
oP ? | ~, 6 ? | so dt. (112) 
If we now put: 
k ι 
a = Uz, AU, = a (113) 
this may be written: 
ac om 
aS ΙΣ, Aux [. εἰ“ F(t) αἱ. (14) 


If we put » = AP/z and let P become infinite, since Au, — 0, this 
suggests an integral, namely, | 


1 ¢4 Re 
> f au f εἴα απο (1) αἱ. (115) 


In fact, if we let n and P increase in such a way that A = n/P remained 
constant, the expression (114) would approach this repeated integral as a 
limit. 

We know that, under certain conditions, the limit of the expression 
(110) asn — © with P fixed is f(x) in the interval —P to P. Since this 
makes n/P -- οὐ, we are led to take the limit of the expression (115) as 
A-o, 

So far the procedure of this section has merely been heuristic, to help 
us guess the proper expression to use. We shall now prove that, with 
suitable restrictions, the limit of the expression (115) as A — οὐ is f(z). 

Let us assume that f(z) is integrable in any finite interval, and that: 


00 N 
f ΠΝ f If(@)| de (116) 
- ἘΠῚ Ja 


exists. Then, since . 
Jerr] = 1, (117) 
the integral 
f ele 64) dt (118) 
00 
converges uniformly in uv. Hence we may integrate from —A to A and 
interchange the order of integration, and so find: 


f= f du f εἰ" (ἀπὸ F(t) dt 
πὰ -οο 


re) A 
= f dt f εἶπ F(t) du, (119) 
-ο —A 
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But 


A tu(z—t) 14 : a 
f eiu(z—t) dy = -“ = 2 sin A(x -- ἢ : (120) 
-Α 


a(a — t)|_ x—t 


so that 
ἔξει ν zen Oe 1 dt. (121) 


To discuss the behavior of this integral as A — ©, we shall separate 
the interval of integration into the following ranges: 


—o,—B; -—-Bzx-—65; στ ---δι-ῖ δ; 2+5,B; Bio. (122) 
We choose B so large that: 


-Β 
J. salar <e fr lf@)|da<eBor+2, —-B<x-—2. (123) 


The first two conditions may be realized in view of the assumption that 
the integral of equation (116) converges. For é in the ranges — ©,—B 
and B,«, the last conditions make |z — ¢| > 2. Since sin A(z — 2) 
does not exceed unity, the integrand of 1 is dominated by |f(¢)| in these 
ranges. Thus, by the first conditions (123), the contribution to J from 
these two intervals may be written: 


20’, |@’| <1. (124) 


Next assume that, for values of the variable near x, the function 
satisfies one of the sufficient conditions given in section 293, or is such 
that the equation (56) holds for some positive 5. Thus 


* sin NU 


lim 


N—PO 


(ὦ + ὦ) + f@ — u) — 2g@)|du=0. (125) 


By using equations (35) and (53), and reasoning as in section 292, we 
may show that: 


2 sin nu 


g(x) = g(x) du. (126) 


si τ 


Also, by putting u = ¢ — Ζ for the term in (5 + u), andu = --ἰἰ - 2 
for the term in f(x — u), we find: 


f= oe Ga) AIG δ 
- [ με. τε f(t) dt. (127) 
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We may conclude from the last three equations that: 


+89 sin ει" t) 
lim ---------- 


2,.-»00 z—8 = 


If we take the ὃ which defines the middle interval (122) as a ὃ for which 
equation (125), and hence (128) holds, we see that for A sufficiently 
large, say >A’, the contribution to J from the middle interval may be 
written in the one 


f(t) dt = 2πρ(α). (128) 


2πρ(α) + 6e, [01 « 1. (129) 


Finally, for the two intervals —B,xz — ὃ and x + 6,B, we may use 
the Riemann theorem, and reason as in section 292 to show that the con- 
tribution to J from each of these intervals approaches zero as A becomes 
infinite. Thus, for A > 4, it may be written 


207e, (01 «1. (130) 


On combining the contributions to 1 from the separate ranges as 
listed in the expressions (124), (129) and (130), we see that 


1 — 2xg(x)| < 5e, for A >A’, A”, (131) 
This shows that the limit of J as A becomes infinite is 27g (x), and: 
fas “du f e(e—-O 64) dt = g(x), (132) 
Α4-»ὦ 


at any point where the condition (125) holds. Thus this limit is 
[[(5-}ὄ + f(~—)]/2 whenever any of the conditions of section 293 hold 
and in particular: 

If f(z) and |f(x)| are each integrable from — © to ~, for any value of x 
where f(x) is continuous and one of the sufficient conditions of section 293 
holds, 


in ἊΝ di f e™—OF(t) dt = f(z), (133) 
4-- ὦ 2π 
This expression is known as a Fourier integral and this is one form of 
the Fourier integral theorem. 
300. Other Fourier Integrals. If the conditions of the preceding 
section are satisfied, and we have convergence for all values of x, we 
may define a function: 


F(u) =» f ᾿ eiuts(t) αἱ, (134) 
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where ἃ is any positive constant. Then, from equation (133), 
A 
’ 1 
f(z) = lim up f e'“*F(u) du, if ἂμ - --- (135) 
A—> —A 20 


The function F(u) is known as the Fourier transform of f(z). The 


formulas become symmetrical if ἃ = p= (1/V 2m), but it is often 
convenient to take ἃ = 1, οὐ μ = 1. 

The equations (133), (134) and (135) hold if f(z) is a complex func- 
tion of a real variable, whose real and imaginary components satisfy 
the conditions previously imposed on the real function f(z). 

If the function f(z) is real, the Fourier integral may be written: 

1 A [ 
lim - du f cos u(x — t)f(t) dt = f(x), (136) 
Aan Τρ --ο 
since the imaginary part of the expression in equation (133) must be 
zero, and we may replace the integral from —A to A by twice that from 
0 to A since the first integral is an even function of τ. 

If f(t) is real and even, we may take symmetrical intervals —M to M 

in calculating the first integral, and so have: 


9 A 00 
lim -- du f cos ux cos ut f(t) dé = f(x). (137) 
0 0 


A—>o Τ 
This leads to the formulas for the transform of an even function: 
F(u) = 2h [ cos ut f(t) df, (138) 
0 
and 
as 1 
f(x) = 2μ f cos uz F(u) du, y= —- (139) 
0 2π 
Similarly, if f(¢) is real and odd, we find: 


. g 
lim -- 
Ao T 


A 00 
{ du { sin ux sin μέ f(t) dt = f(x), (140) 
0 0 


and for the transforms: 


F(u) = --δλὶ a sin ut f(t) dt, (141) 
0 


f(z) = Qu J sin uz F(u) du, ἂμ = =" (142) 
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301. Convolution. If 
h(x) = f filyfo(x — y) dy, (143) 


the function h(x) is called the convolution* of the two functions f; (7) and 
Jo(x). Itis defined for any value of x for which the integral on the right 
converges. 
If we reverse the rdéles of ἢ, (5) and f2(x) and make the change of 
variable 
YrtU—*4, £=f—Y; (144) 
we find: 


f ᾿ γᾷ -- y) dy = f . fe(a — z)fi(z) dz = h(x), (145) 


since we may replace the dummy variable of integration z by y. This 
shows that the convolution of a pair of functions does not depend on 
which of them we consider f; (x) and which f(z). | 

We may use equation (134) to define the Fourier transforms of each 


of the three functions f; (x), fo(z), h(x). They are: 


Fw τὰ fo “AO ad, u)=r»f Mpa, (46) 


H(u) =» f : eth (ὃ dé. (147) 


If the functions f; (x), fo(x) and h(x) are all integrable and absolutely 
integrable over the range — ~ to ©, the integrals defining the transforms 
will all exist. Also, from the assumed convergence of the integral which 
defines the convolution, h(z), 


Nn’ N 
H(u) = lim lim ἃ dt f ef (y)fo(t — y) dy. (148) 
—M! -Μ 


Μ'.-»Ἃ M—o 
Ν-»ὦ Ν--»"»ὦ 


The integrand of this repeated integral has its numerical value 
le fa (y)falt — y)| = Ifi)felt — y)). (149) 
But, on puttingz =t—y,t=z+y, 


N Ν’ Ν ν’--ν 
fa J hare — y)| =f mia fi delta 
sf inwlay fo ie@ide (450) 


* Composition and the German “ Faltung ”’ are sometimes used. 
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Thus, by the remark made in section 244, the limit of the right member 
of equation (148) will be the same if we reverse the order of integration 
and let M’,N’ become infinite, before letting M,N become infinite. 
Also, on putting z=i-—y,t=z+y, 


ff o“ne- waa fo emery) ad, Αδι) 
so that: 


N οὔ 
H(u) = tim a fo dyfiye™ [δ fale) de 
M—2 —M -- ὦ 


Ν-» ὦ 


rf nave dy [ “fale 


F,(u)F2(u), (152) 


in view of equation (146). 
We note that if h(x) is integrable over all finite ranges, h(x) must be 
integrable from — to οὐ, from equation (150) and the relation: 


Ne? N’ © 
f a |h(t)| dt S f x f _Wlh@nt -- y)|. (153) 


Thus we have proved that: If |f:(x)| and |fo(x)| are integrable from 
—c to 0, while fi(x), fo(x) and their convolution h(x) are integrable 
over all finite ranges, then the product of the Fourier transforms of {1 (5) 
and f2(x), formed with constant Ἃ, is d times the transform of their convolu- 
tion, | 

Fi(u)F2(u) = \H(u). (154) 

302. Functions of Integrable Square. It is desirable to have con- 
ditions on the functions f; (x) and fo (x) which insure the proper behavior 
of their convolution. 

Let us assume first that the functions are c,(x) and ce(x), each con- 
tinuous for all values of x and zero for |x| > M. Then the convolution 
of these functions is given by 


s ω Μ 
“ne =f awate—vay= fi οἰγο -- υ) ἄν, (56) 


since the integrand is zero outside of (818 range. Then the integrand is a 
continuous function of the two variables x and y, for all values, so that 
the proper integral is a continuous function of z. 

Next assume that each of our functions is integrable over all finite 
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ranges, and each has a square absolutely integrable over the infinite 
interval. Thus 


[τωρ and [ ὑμω λα (156) 


each exist. 

Then we may choose M so large that the integral of |f; (x)|? is less than 
¢, for the part of the infinite range with |z| 2M. Also, on the range 
—M 3x 2=M we may find a continuous function c,(x), zero for 
x = —M and x = M, such that 


M 
f ἀπ -- a@)Pde «ὁ (157) 


by the construction used in section 297. If we define οἱ (1) as zero for 
|x| > M, we have a function of the type first referred to. We proceed 
similarly to find a function c2(x), continuous for all values of 2, and zero 
for |z| > M and such that 


M 
f _lfal2) -- ca(a)l? de < ε (158) 


Next take a series of values of €, approaching zero. For each value 
we may find two functions οἱ, (5) and cz,(x). Then, as n becomes 
infinite, these give rise to two sequences of functions converging in the 
mean to f;(%) and fo(z). If hAn(x) is the convolution of ¢,,,(z) and 
C2,n(%), it will be continuous for all values of x. But, from the con- 
vergence in the mean of c1,n(y) to fi(y) and ce(x — y) to fo(x — y) for 
fixed z, it follows from section 251 that h,(x) approaches h(x), the con- 
volution of f; (x) and fo(x). Moreover, since the integral 


[ lfa(a — y) —  ο,κ( — y)|? dy < en, (159) 


the argument used in section 251 shows that the function h,(z) 
approaches h(x) uniformly in 2, so that the limiting function g(z) is 
continuous. 

This proves that: If f,(x) and fe(x) are each integrable over all finite 
ranges, while |f;(x)|? and |fo(x)|? are integrable from —© to ~, then h(z), 
the convolution of fi (x) and fo(x) 1s continuous for all values of x. 

If, in addition, |f1(x)| and |f2(x)| are each integrable from --- ὦ to ~, 
the transforms of fi (x), fo(x) and h(x) exist, with 


F\(u)F2(u) = \H(u). (160) 


The last remark follows from the results of the preceding section. 
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Note that, on the infinite range, we may have |f(x)|? integrable, with- 
out |f(z)| integrable. An example is: 


f(a) = 0, lal <1, fla) ==, 1 < {al (161) 


3038. Generalized Transforms. The restriction that our functions 
should be absolutely integrable or have absolutely integrable squares 
may be satisfied in certain cases by using in place of given functions, 
other functions obtained from them by multiplication by a factor. For 
example, if f(x)e~*™ has a transform, F;,(z), and when k approaches 
zero F(x) approaches a limiting function, we might use this as a type of 
generalized transform of f(z). 

In one large class of applications, the functions are zero up to a certain 
point, and are either bounded, or at least dominated by a power of z for 
large positive values. 

In such cases we may use e *” as a convergence factor. To be more 
specific, let 


f(z) =0,2 <0 and |f(x)|<e* for t>2,a>0. (162) 
Let f(x) be integrable on all finite ranges. Then the function 
f(zje**, for k>a, (163) 


is integrable, and together with its square absolutely integrable from 
—« to ©. Consequently, it has a transform: 


F,(u) => f ᾿ εἰ () 6" dt. (164) 


τ { * emits (06:3: de. (165) 
0 


We also note that, by equation (160), if ἔχ, (ὦ) and Fy2(u) are the 
transforms of f;(x)e~*” and fo(x)ée~**, then 


AH, (u) = Fei(u)Fro(u), (166) 


where H;(u) is the transform of the convolution: 
hy(x) = f πολέ χα — ye *=™ dy 


= J Ἢ (y)fo(x -- ye ** dy = e™*h(z), ες (167) 


since the integrand is zero unless 0S y Sz. It follows that hy(z) 
and h(x) are 0 for x < 0. 
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Also, when the conditions of section 300 are satisfied, 
A 


f(z) m lim p f e2F(u) du. (168) 
A->o —A 
We shall now prove that if 2 = k + zu, F;,(u) is an analytic function 
of z, fork >a. We begin with the special transform C;(u), obtained 
from a function c(xz) which is continuous for all values of x and is zero 
forz <0,anda> M. Thus: 


ra) M 
C,(u) = J ett () 6: dt = J c(t)e-* αἱ. (169) 


This is analytic for all z, by section 275, since the integrand is analytic in 
z and continuous in z and ¢. 

Next consider any function f(x) satisfying the conditions (162), and 
any number b > a. Then we may approximate f(x)e~” in the mean by 
a function c(x), of the type just used, by the construction used in section 
302. Furthermore, we may take a series of values of €, approaching 
zero, and for each e, determine a function c, (2) of the special type such 
that: | 


fo ee - exe) de «οι (170) 
0 
Then the c,,(t) converge in the mean to f(t)e~™. Also, 


Prd ss 1 
{ dill 4 -- f ee'd<—, if r>s>Q0, 
0 0 2s 


so that ¢~'“‘-"! has a square absolutely integrable from 0 to . Hence: 
f εἰ Ὡς, (t)e** dt: approaches f etree" dt, (171) 
0 0 


uniformly in r for r 2 8, by the reasoning of section 251. But each 
integral of the sequence has the form of that in equation (169), and 
so is an analytic function of r + iu. Hence, by section 273, the limiting 
integral is an analytic function of r - τω in the two-dimensional open 
region r >s. But, if k = ὃ +7, the limiting integral is that used to 
define F;,(u) in equation (165). And an analytic function of r + iw is 
an analytic function of 6+ (r+iu) or 2=k-+ ἴω. Moreover, for 
any number k > a, we may write: 


, b=at+s, r= 25, (172) 


so that F;,(u) is an analytic function of 2 = k + iu, for k > a, as we 
stated. 
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304. Laplace Transforms. When f(x) is integrable on any finite 
range and satisfies the conditions: 


f(z) = 0,2 «0 and |f(x)]| <e* for x>2;,a>0, (178) 
we call the function defined by 


L(p) = f P49 (4) dt (174) 


the Laplace transform of the function f(z). It is analytic for all complex 
values of p with Rp > a, or 


p=k+iu, with k>a, (175) 
as we proved at the end of the last section. | 
We note that L(p) may be derived from F,(u) of equation (165) by 


putting ἃ = 1, and replacing k + iu by p. For the convolution of the 
two functions ἢ. (7) and fo(x), each 0 for z < 0, we have 


ha) = [πρῶ -- v) ay (176) 
For the Laplace transform of h(x), we find: 


ἢ --» = i —kt—iut dt = ᾿ —tut 
J e-th(t) dt J ; née ! J o-tuth, (4) dt 
= H,(u) = Iy(p)Io(p), » = 1, (177) 


by equations (167) and (166). Thus, for functions of the type here 
considered, the Laplace transform of the convolution of two functions is the 
product of their Laplace transforms. 

We also note that if the function f(x) has a derivative, f’(x), which 
satisfies the conditions imposed on f(x), then the Laplace transform of 
7 6) is 

οὐ 
{ e ἘΠ" (t) αἱ. (178) 
0 
Since it has a derivative for all x > 0, f(x) is continuous for such values 
and we may integrate by parts to obtain: 


M M M 
{ e Ptr’ (ὃ dt= ἐστ (t)| + f pe P*f(t) dt. (179) 
0 0 0 


By the condition (173), for values of p with k > a, the limit of the inte- 
grated part is zero for M — ο, Thus we find: 


fC roa =sorrtn frye at (180) 
0 0 
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If the derivative is continuous for z = 0, since it is zero for x < 0, we 
must have f(0+) = 0, and the Laplace transform of the derivative is 
the transform of the function multiplied by 7. Otherwise the additional 
term appears. 

This relation of differentiation to multiplication by a variable in the 
transform is the basis for the use of Laplace transforms in solving 
differential equations. 

Before giving further details, we must find out in what sense the func- 
tion is determined by the transform. For functions having a finite 
derivative at all except a finite number of isolated points, the equation 
(135), or (168) applies, except at the isolated points. For other values 
of x we have equation (168) with μ = 1/27 since ἃ = 1 and ἂμ = 1721. 


Hence: 
A 


1 
fic) = lim — εἶτ Ύ καρ (ὦ) du 
Ao 477_4 
1 Α 
lim — [ e?*L(p) du. (181) 
A—o 2π --α 


Since p = k + iu, dp = i du, and this may be written: 


Ι 


k+iA 
f(x) m = J e?*L(p) dp. (182) 


Ao 2πὶ ὕ,.--τὰ 
Thus, except at the isolated points, the function is determined by the 
value of the Laplace transform. 

In the applications we shall make, the function will be smooth except 
perhaps for z = 0, so that except at this single value, the function will be 
determined by its transform. 

305. Operational Solution of Differential Equations. Consider any 
linear differential equation with constant coefficients, which we write: 


n dé 
Σ αἱ ak = b(2). (183) 


Here the a, are constants and ὃ is a function of x. Suppose the initial 
conditions are that y and its derivatives up to the (n — 1)st order are 
zero for x = 0. Suppose also that the problem has a solution which, 
together with its derivatives up to the nth order satisfies the conditions 
imposed on f(x) in the last section. Let 6(x) also satisfy these con- 
ditions. Then we may take the transforms of both sides of the equation. 
From the choice of our initial conditions, the integrated term in equation 
(180) and the similar terms for the higher derivatives are all zero, and the 
transform of each derivative is obtained by multiplying the transform 
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of the function by a suitable power of ». Thus we find: 
Σ a.p*Y = B, or P(p)Y = B, (184) 
k=0 


where Y is the Laplace transform of y and B is that of b(z). Then we 

have: 

~ pgp. yA 
P(p) k=1 D — Tk 


where we have used a partial fraction decomposition of the rational 
function 1/P(p), and for simplicity only consider the case when all the 
roots are simple. For the multiple root case compare problems 50 and 
51 of Exercises XIV. 

Then, since 


Y 


B, (185) 


Ἔ 1 
f eve?! dt = ——-, Rp >Rr | (186) 
0 p—r?r 


we see that the fraction in the sum in equation (185) is the Laplace 
transform of A,e"*’, and by the theorem on convolutions, the product of 
the fraction by B is the Laplace transform of the convolution of 4.67: 
and b(x), or 


: fo oaere” dy = Au” [ b(y)e Τ᾽ dy. (187) 
0 0 


The solution of the problem is the sum of terms of this form. 

The Laplace transform may also be applied to certain partial differen- 
tial equations with constant coefficients, reducing a problem originally 
containing partial derivatives with respect to two variables to a problem 
algebraic in one of the variables, and therefore capable of treatment as 
an ordinary differential equation in the othér variable. 


EXERCISES XIV 


1. Show that the definite integrals of sines, cosines and their products used 


2τ 
in section 287 may be derived from f eimzeinz dx = 0 if m ¥ —n and 2rif 
0 


m= —n, where mand ἢ are integral,and that this is equivalent to [ gmin—l 5 -Ξ 0 
σ 


if πὶ ~ —n and 2πὶ if m = —n, with C a circle with center at the origin. 

2. If a series of the form (5) of section 287 converges to f(z) either uniformly, 
or in the mean, then this series is the Fourier series for f(z). In the uniform 
case, f(x) 1s necessarily continuous, in the case of mean convergence we assume 
f(x) and |f(x)|*, implying |f(z)|, integrable over the fundamental interval. 
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3. If f(x) and |f(z)| are integrable over the fundamental interval, the Fourier 
coefficients exist and A, and B, each approach zero asn—> ©. Hint: Use 
Riemann’s theorem. 

4. If for all values of x the periodic function f(x) has a kth derivative, with 
f® (x) and [f(z)| integrable over the fundamental interval, then n*A, and n*B, 
each approach zero as n—> ©. Hint: Integrate the integrals defining the 
coefficients by parts k times, noting that the integrated part vanishes by the 
periodicity, and apply problem 3 to f*(z). 

5. Show that if, for a particular z, the limit (56) of section 292 is zero for 
one positive 6, it is zero for all positive 6. 

6. Show that 

r sin 6 = , 
1 -- 2" οο8θ -Υδοὃο x as 
and 
1—rcosé 


οο 
1 Ouest a4 Ξ 1 ἜΣ ὁοβηθ, |r| <1. 


Hint: Use section 287, with F(z) = 1/(1 — 2). 
7. Show that 


1 οο % 
— log (1 — 2r cos6 + τ = — > τ 90s nb 
2 n=l] ἢ 


and 


a{_rsn@ | «τὶ 
tan F ae | = Σ sin nd, 
|r| < 1 and, for real r, θ, the inverse tangent between —7z [2 and 3/2. Hint: Use 
section 287, with F(z) = log(1 — 2). 

8. Let f(x) have a Fourier series uniformly convergent for all real x in conse- 
quence of one of the conditions of section 294. If we replace x in the series by 
a complex variable z, the uniform convergence cannot hold in any two dimen- 
sional region including an interval of one period on the real axis in its interior, 
unless the periodic function f(x) is analytic for all values of x. 

9. For any fixed real or complex r with |r| < 1, and @ complex, the expan- 
sions of problems 6 and 7 are valid and converge uniformly for θ in some two 
dimensional strip of the complex plane including the real axis in its interior. A 
suitable branch of the inverse tangent must be used. 

10. Show that 


1 2r sin 0 oO γ32π- 
al -Ἰ — Ἢ ΕΠ 
5 tan | = + | Σ 2 sin(2n — 1})θ, 


|r| «1, and, for real r,@, the tan~! between -- π [2 and 7/2. Hint: Use sec- 
tion 287, with F(z) = log (1 — 2) — log (1 + 2). 
11. The sine series of period 2p which represents ax + ὃ in the interval 


1... 4b + 2a 2a 
0<2x<pis—  Σ Ρ, sin —~ with P, = oe Cad gid Pie Pipl 
WT n=l Pp n n 
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for n even. Hint: First verify the special cases, forO0 « 2 < 7, 


4 1 
1= (sine +5 sin 85 Ὁ = sin ὅσ + - .} 
and 


1 
1 inde + tain e+---): 


z= (sine ~5 


12. The cosine series of period 2p which represents az + ὃ in the interval 
ποι -- 1)rz 


: ap 4ap 2 p 
< ee 
OSztSpisbt+> = 2» Qn - Ὁ 


18. If f(z) is single-valued and analytic in the ring τι < |z| « γ5, andr; <r « 72 
the Fourier series for f (re), regarded asa periodic function of θ, may be obtained 
from the Laurent series for f(z) described in problem 27 of fixercises ΧΙΠ. 

14. If F(w) is of period 2p and analytic for all w = u + ἦν with [υ] « A, 
where h > 0, the Fourier series for F(u) may be obtained by taking 


p log z 
f(z) = p(s ) 


ee ad ee Ib} «1 
1 — 2bcosw + 0b?’ ; 


Here p = 7, 7 = [δ], re = 178. Hence 


and r = 1 in problem 13. 
15. Illustrate problem 14 for F(w) = 


1 
sy DE oo 2 
MS ea ea eb. 


=1+ Σ δπ (25 + 2"), 
a 5 
by problem 28 of Exercises XIII, and the series for F(u) 151 3) 2b" cos nu. 
n=l 


This checks with problems 6 and 9. Whenever, as in problems 6, 7, and 10, 
the expansion can be found from a Taylor’s series this is simpler than the pro- 
cedure of problem 14. 

16. Let f(x) be of period 2p, and f(z) and |f(x)| integrable over some interval 
of length 2p. Prove that formal termwise integration of the Fourier series for 
f(x) yields a series which converges to the integral of f(x) on any finite interval. 

Ὁ 


Hint: By a change of scale we may. take p = w. The variation of { ΓΑ αἱ 
α 
b 
on any interval a,b is at most { [f()| dt. Also, the first integral increases by 
a 


μ ν 
2rA when z is increased by 27. Hence g(r) = f ΤᾺ dt — Az is periodic, 


continuous and of bounded variation so that its Fourier series converges to it 
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for all values, in particular x and a. Subtracting these two series gives 


bo 12 2π 
f ΤΑ αἱ -- Α(ὰ — a) = Ξ Σ J [cos n(t — x) — cos n(t — a)] g(t) dt. 


But, since the Fourier series for f(t) and A(t) = f(t) — A only differ in the 


2: 


1 
constant terms, we have A, cos nz - ΒΒ, sin nz = . f cos n(t — x)h(t) dt. 
0 


Integrate from a to x, and invert the order of integration to obtain 


1 2a 
cee [sin πὲ — x) — sin n(t ~— a)JA(é) αἱ. 
NT JO 
An integration by parts (problem 27 of Exercises VIII) gives: 
1 2x 
—-— [sin n(t — x) — sin n(t — a)] g(t) 

NT 0 


2πτ 
+ > { [cos n(t ~ x) — cos n(t — a)] g(é) αἱ. 


The integrated part is zero by the periodicity, and the other part is one term of 
the series shown to equal the integral of f(x) minus the integral of the constant 
term. 

17. Show that, for 0 < « « τ, 
sin 3x 1 sin5z sin 7z 

3 5 ee 

Lc πὸ BOS οὐ μι ἐὐεπς 
πσππὺς = coset ~~ εξ pees 


ee 
4 > sina + 


ma i Le sin 3x ΕἾ sin 52 
“πε: δ᾽ 


Hint: Use problem 11 for the first series, and integration, valid by section 297 
or problem 16, for the others. The constants are determined by equating the 
integral of the left member from 0 to 7 to zero, for the cosine series; and using 
the validity of the series at zero for the sine series. 

18. Show that, for 0 < x < 7, 


: π cae ΒΗΓ sin 6x 
2°40 2 4 6 ot 


WX us _ COS 21 i: cos 4x τὶ cos θχ 

4 "24 23 42 ae ot 
x* mx wx sin 2x sin 42 sin 62 
12 8 + O47 a + 4 τ 63 

See hint to problem 17. 
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zt 
19. Let f(z) be periodie and continuous, and such that f(r) = [ o(z) dx, 
a 


where |¢(zx)| is integrable over any finite range. Then the Fourier series for 
(x) may be obtained from that for f(z) by termwise differentiation. At any 
x where (x) satisfies one of the conditions of section 293, the series will con- 
verge to it. Hint: Use problem 16. Problems 17 and 18 furnish examples. 

20. The series obtained by differentiating the first series of problem 17, or of 
problem 18, termwise, does not converge for any real value of z. Hint: Show 
that the terms do not approach zero, reasoning as for problem 23 of Exercises III. 
In each case, for x not a multiple of 7, f’(xz) exists and is constant. However, 
in an interval including a discontinuity of the periodic function f(z), f(z) is not 
the integral of f’(x), and the argument of problem 19 does not apply. 

οο 


21. lf -r<a<a, and δ" -Ξ Α -Ὁ Σ [A, cosnz + B, sin nz], by the 
n=] 


method used for problem 17, 


az fra) . -Ν 
See. ey Τ᾿ Σ Ansin nz By COS NE 
n=l . n 
Replacing Ax by 2A(sinz — sin 25 [2 + sin 37/3 — --+), found from prob- 


lem 11, and comparing coefficients with the first relation determines A, and B, 
in terms of A. A may be directly calculated, so that, for —r << 2 < 7: 


a  2sinhar| 1 = acosnz — nsin ner 
δ = ---------. . -. eee eee ee a Ae (EE 
T oa + 2, § ) a* + n? 
22. Show that 
2 sinh τ sin x 2Qsin2r . 3sin 31 | 
sinh ax = ————— |§§ ————_ — τ τος 


π 1: .Ἐαἕἷἕ 2+aq? 32+ gq? 
and 
2asinhar| 1 6051 cos 27 cos 81 
cosh ag = --------} -- - τε εν 
π 2:2. 1 +a?) 22.ἃἋὐ 32-4 αΣ 


for —r<2< 2m. Hint: Use the result of problem 21. 
23. Show that 


Zsinar{ sing 2sin2x 3sin 37 ! 
sinar = ——— | ————_—_ ... mses 
ΐπ 1 --α 2—aq? 32 — gq? 
and 
2asinar{ 1 Cos x cos 2x cos 3x 
cos act = ----..-.-. Π.ς.. ————— — eee 
τ 2.2 1325--αῷ =22?— gq 3? — g? 


for -πχ «π. Hint: For z real and fixed, and a complex in a closed region 
of the plane excluding poles of the terms, the series of problem 22 converge uni- 
formly and so are analytic functions of a2. Hence they are valid fora = bi, ὃ real. 

24. Deduce the partial fraction éxpansions for csc z and cot z of section 284 
from problem 23. Hint: Put z = 0, and x = π in the second expansion, and 
a= 2/n. 
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25. As an example where f(z) is integrable, but unbounded, we have: 


log [βίῃ =} = —] eM ae ΟΕΝΝΝ 
q| ~ —*08 1 2 3 
and 
COS x cos 2x . cos 3z 
] ΔΙ Ξε --ἰ 2 πὸ pee στ ΤΡ ΣΡ 
og C08 5 og 2+ > + Ξ 


for any z which makes the left member finite. Hint: By equations (27), (30) 


and (49) we find: 2 [ sin nu cots “du=1. From this, by integrating by 
πο 


2 i . . 
parts, -- f log sin ~ cos nu du = — Η͂ This shows that 
πο 2 n 


[ee] 
log |sin ἢ Ξε τ =: 
2 n=l 71 
Replacing x by + — ὦ, log cos =| = A+ Σ (-1Ὁ----- os To determine 
n=1 


A, put 2% in place of x in the first series, and Te from log |sin χί = 
log 2 + log |sin x /2| + log |cos x [2] that A = log 2 + 2A, or A = —log 2. 

26. Deduce from problem 25 that, when log |tan x [2] is finite, log |tan x [2] = 
—2 (cos z/1 + cos 3x /3 + cos 5v/5+---). Hence, by the method of prob- 
lem 17, show that for all z, 


[ ἢ ἃ -ὦ ἘΞ ee 4 EE. 
and 


3? 5? 
δ Ὁ 
Ὶ dv f log 
0 0 


ἴδῃς 


tan 


5 Ww Ὁ 
5,4 -- = [ aw [ ἀν [tog 
2 T JO 0 0 


2| S088 4 S058 4 SE |. 


tan . du = 
2 


13 38 5° 


27. Show that, if f(x) and [f(x)| are integrable over the fundamental interval, 
the Fourier series is summable (C1) to [f(c+) + f(z—)]/2 at any point where 
these limits both exist. Hint: Use the reasoning of section 295, with the factor 
[f(z + u) + f(z — u) — 2f(xz)] replaced by the sum of [f(z + u) — f(+)] and 
9} + u) — f@—)I. 

28. By problem 11, the sine series equal to 1 for0 < x < wis: 4/m (sinz/1 + 
sin 32/3 + sin 5z/5+.---). Its sum is —1 for -r<2z< 0, and 0 at 0, 
—rand x. Let m = 2n — 1, and Sn(x) be the sum to m terms. Show that, 
near zero, the approximating curves Sn(x) tend to approximate the three line 
segments y = —1, 7<0,y=1, ΡΟ and —KSySK, z=0, where 


K = Ξ Ξ(Ξ aun ——- di, approximately 1.18. (Gronwall.) As this exceeds 1, the 
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third segment extends beyond the other two. Hint: For the derivative, 
x /4 S,,(z) = cosxz + cos 82 + --- + cos (2n — 1) = sin 2nz /(2 sin x). Hence, 
for0 << 2< 7/2, S,(z) has a maximum for 2nz = 7, or an odd multiple of 
2 (ΝΞ sin 2nz 
x. Moreover S,,(z) = -- ------ 
T JO Sin 2x 
similar to that for equation (67) in section 293, the biggest maximum is at 
z= a/2n. Now interpret the sum for S,(7 /2n) asa Riemann sum approximat- 


ing the integral — ={ 5 ut dt, with Ax = π /n, and thusshow thatthe limitas 7, 


dx. Since sin x increases, by reasoning 


or n— © is the re The numerical value may be found by Simpson’s 
rule, section 145, or by expanding sin ¢ in a power series, 

29. Gibbs’ phenomenon: Let f(x) be of bounded variation in some interval 

— ἃ, x9 + h, where 2o is a point of discontinuity, so that f(ro—) τέ f(ao+), 
but for zp) —-h<2< τὸ or x2 “1 « 2% +h let f(x) be continuous. Assume 
also that f(x) and |f(x)| are integrable over the fundamental interval. Then 
the approximating curves of the Fourier partial sums, S,(z), near zo, tend to 
approximate a graph made up of two continuous pieces representing f(x) in the 
open intervals χὸ -- ἢ “ χα «“ x and χὺ « 1 « 2 +A, together with the seg- 
ment obtained by extending that joining 2%0,f(zo—) and 20,f(ao+) equally in 
each direction to a length K times the original length. K = Ξ { — dt, 

0 
approximately 1.18. That the approximations tend to this increased segment is 
known as Gibbs’ phenomenon. Hint: If (x) is the function of problem 28, 
the function f(z) — o(z— 20) [f(to +) — f(o —)] [2 is continuous at x, and for 
hy < hand xo — hi < & < 4p + ὧι, its Fourier series converges uniformly. 

30. The behavior of the Fejer sums of the function of problem 28, for fixed z, 
is given by problem 27. Show that the Fejér sums for this function, C,,(x), near 
zero tend to approximate the three line segments y = —1,2<0; y=1,z>0 
and—-lSyS1,2=0. Hint: AsC,(2) is a weighted average of values of the 
function with a positive weighting factor, its values must lie between —1 and 1. 
The result then follows from problem 27, for fixed x near zo, and the fact that 
C,.(z) is continuous for all z. 

31. The Fejer sums for the function f(z) of problem 29 do not exhibit Gibbs’ 
phenomenon, that is, the vertical segment is that joining x, f(zo—) and 20, 
f(zo). Hint: Reason as in problem 29, using the property of ¢(x) proved in 
problem 30. 

32. Deduce the result of problem 45, Exercises XIII from problems 7 and 25. 
Hint: The constant term of problem 7 gives the integral for |p| < 1, those of 
problem 25 for p = 1 or —1;for|p| > 1, put p = 1/q as in problem 45, Exercises 
XII. 

83. If f(x) and |f(x)| are integrable from 0 to 27, A, An, and B, are its Fourier 
coefficients, and |r| < 1, 


ἄς ς-. er 75 


οΌ 2π 
Α An Η m= — ; 
+ Σ (A, cos n6 + B,, sin nO)r =f oo, a ery yas mere Oke! 
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Hint: The series of problem 15 converges uniformly for u real and any [δ] < 1. 
Put ὃ = r, u = Τ 9 — ἐ, multiply by f(d), and integrate termwise. 

34. If f(x) is of period 27, and continuous for all values, and r is real and less 
than 1, 


fay eA eae ek a  - 
pol ὅπ 0 1 ores (prt) = 71(0). 


Hint: Reason as in section 295, noting that the fraction multiplying f(é) is 
positive, and its integral from 0 to 27 is 27, by putting f(t) = 1 and A = 1, An 
= B, = 0, in problem 33. And |f(t)—f(@)| < € when cos (θ--- ἢ > 1 — 6. 

35. Prove that for any particular θ for which the Fourier series for f(@) con- 
verges to g(@), the limit in problem 34 is g(@). Hint: Use problem 33, and Abel’s 
theorem of problem 15, Exercises XIII. An example is found by comparing 
problems 25 and 7. 

36. If f(x) and {f(z)| are integrable from 0 to 27, the limit in problem 34 is 
[f(@+) + f(@—)]/2, at any point where both limits exist. Hint: Reason as in 
problems 34 and 27. 

37. The integral of problems 33, 34, 35 and 36 is called Poisson’s integral. It 
enables us to find a function which satisfies Laplace’s equation, problem 1 of 
Exercises XIII, inside the unit circle, and takes given values {(@) on the boundary 
whenever the relation of problem 34 holds. Hint: With z= x + ty = re®, 
(A, cos n6 + B, sin n6)r” is R(A,z* — 1B, 2"), so that by problem 33 the integral 
is the real part of an aus function inside the circle. 

38. If S, = ui+ ue + τ. + un is the partial sum to n terms of an infinite 
series which is summable (C 1), and t, = ui + 2ιω - --+ + πῃ, a necessary and 
sufficient condition for the ordinary convergence of the series is that t,/n— 0. 
Hint: th = (n+1)8, — nC,; t,/n— lim (8, — Ca) = L — L if Du, is con- 
vergent. And S,— lim C, if t,/n— 0. 

39. A necessary ae sufficient condition for any series }>u, to be summable 


(C1) is that Σ ------- Σ where ἐη = U1 + 21 +-+-+ nun, be convergent. 


n(n 7 
Hint: ta = (n+ 1)8, — nCn; Sp = nC, iti ε, so that 
tn n n—1 nr 
We ae Πος αὰ n Geet 5πὰ Sia" weil 


40. If Dou, is summable (C1), and u, = O(1/n), then Diu, is convergent. 
(Hardy.) Hint: If Du, is not convergent, by problem 38, t, /n is either >a, or 
« -—a for an infinite number of values of n, say n = m, forsomea> 0. In the 
second case, replace un by —un. Again ἐπεὶ = ta + (n+ 1)un41 > th — Καὶ, for 
some positive K, and n > n’, by the definition of uw, = O(1/n) in section 81. 
Hence, for any m > n’, πα > am/2if0 Sk Sk’, wheream/2K -- 1 «κ' Ξ 
am /2K. 

a ἢ am /2[(am/2K) — 1] 


Hence 2) ———— > 


n(n + 1) (m+ amj2K)? ἡ As this approaches a positive 
n=m 
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t 
limit for m—> ©, by the Cauchy criterion the series )} —————~ cannot con- 


n(n + 1) 
verge. By problem 39 this contradicts the assumption that Jiu, is summable 
(C1). 

41. If f(x) and |f(z)| are integrable from Ὁ to 27, and A, = O(1/n), 
B, = O(1/n), the Fourier series converges to [f(r+) + f(z—)]/2 at any point 
where both limits exist. Hint: Use problems 27 and 40. Some of the conditions 
of section 293 may be proved from this point of view if they hold over the entire 
interval. 

42. An example of a continuous periodic function whose Fourier series fails to 

(+ 4] 
converge forz = Oisf(z) = Lo -: T (PnjQn,z), where P, τὸ n™, 
n=l 


Qn = 2(Pi1 + Pot-::+ + Pa-1), 
and for integral P,Q, 
cos(Q+1)x cos (Ὁ τ 2)z ec a cos (Q + P)x 


T(P,Q,2) sad 2P — Ἰ 2P — 3 ᾿ 1 
_ cos (Q + P Ὁ 1)Σ cos (Q + P + 2)zx cos (Q + 2P)z_ (Fejér) 
1 " ἜΝ 2P — 1 oe 


Hint: By grouping the terms with the same denominators, 


i p sin (2k — 1: 
T(P,Q,2) = 2sin(Q +P+ 3) ἜΣ ae 

Hence, by problem 28, T(P,Q,x) is bounded. Thus the series defining f(x) con- 
verges uniformly, and f(x) is continuous for allz. Also, the Fourier coefficients 
of f(z) may be obtained from this by termwise integration, and the choice of Py 
and Q, is such that a term cos mz appears in only one 7'(Py,Qn,x) and its coeffi- 
cient, divided by n? willbe A,. A andallthe B, willbe zero. Thus, when the 7 
are decomposed, the series is the Fourier series for f(z). But, at 0, the particular 
sum toQ, + P,termsis1 /n7[1/(2P, — 1) -Ε1 ΩΡ, — 3) +---+1/34+ 1]> 
(log n) (2, since 21 - 1/8+1/5+---+1/2P—)]>14+1/24+1/34+--- 


P dt 
+1/P> { ᾿ 2 log P, and log P, = n? log n. Thus the Fourier series 
1 


diverges at 0, since for one sequence of integers, m = (Q, + Pn) © asn—&, 
the sums S,— ©. Note that for m’ = Qn, lim Sw = f(0) = 0, so that remov- 
ing parentheses renders a convergent series divergent, as remarked in section 187. 

43. Using the definitions of Pa, Q, and T(P,Q,x) given in problem 42, show 


oo 


that F(z) ΞΙΣ πὸ T(Pn,Qn,n | 2π1) is periodic with period 1, continuous for all 


n=1 


z, and has a Fourier series divergent for all rational values of z. 
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44. Verify that if f(x) =c,a<2<b and f(z) = 0, x <a or x>b, the 
Fourier transform F(u) = \c(e~*** — ρ΄ ἰδ) /iu. Also that 


A ee Ν ; ᾿ 
lim uf e@=F(u) du = “{ - _ sin u(x | οἷ, τὲ ς 
tT Jo 


Ao JA U {7} 


if x = aor ὃ and otherwise equals f(x). Hint: Use problem 31 of Exercises XII. 
F(u) is replaced by zero. Hint: Use problem 31 of Exercises XII. 

45. If fi(x) and fo(x) are functions of the type defined in problem 44, using 
constants a, ὃ, cand a’, δ΄, ο΄, witha <a’ < δ’ < ὃ, calculate the convolution 
h(a), and verify that its graph is polygonal, with vertices at x =a+a’, 
α- δ΄, αἰ -τ δ, δ - δ. AndA(z) = Oforrx <at+a’ orx>b+ δ΄. 

46. If F(u) is the transform of f(z), and a > 0, then (1 /a)F(u /a) is the trans- 
form of f(az). 

47. The transform of f(r) = 6. is F(u) = λνίπο- “14. and the transform of 
f(z) = e~#/2 is F(u) = λν πο "12, Hint: Use problem 46 of Exercises XIII. 

48. For some pair of numbers a,b let f(x) be the difference of two monotonic 
functions for x S a, and for x 2 b, where each monotonic function is integrable 
on the semi-infinite range —©, a or b,© on which it is defined. Let f(x) be of 
bounded variation foraS xb. Define g(x) = [f(x+) + f(x—)]/2, so that 
f(x) = g(x) at all points of continuity and has the same transform F(u) = G(u). 
Then: 

eo i?) 
Σ = g(2rk) = pw em 


ἘΞ “σ οὐ = 


ss 2an = 
and Σ Fl—)=a Σ᾽ glak), a>0. 

n=—o a k= —0 
These formulas, and in particular the special case given in problem 49, are known 
as the Poisson formula. Hint: A monotonic function integrable on ὦ, © is either 
positive and decreasing to zero or negative and increasing to zero. Reversing 
the sign of the function converts the second case to the first, while reversing the 
sign of z reduces the range —©,ato —a,©. Hence, by section 192, the series 


ire) 
Σ glx + 2rk) = (x) converges, for all x. From its form, the series is of 
k=— 0 


period 27. For zx on any finite range, the convergence is uniform, and ¢(z) is of 
bounded variation, since an infinite series of monotonic terms is monotonic, and 
a finite sum of functions of bounded variation is of bounded variation. Also 
[φ(5-} + o(a—)]/2 = o(x), since g(x) has this property. Hence, by section 
293 the Fourier series for #(z) converges toitforallz. In particular, for z = 0, 


οο 


1 : Ν 
> g(2rk) = φ(0) = lim --- f (. ἜΣ 2 cos nt) o(t) di. Again, for 
ἀ -α -- οὐ N—>o 20 -τ n=1 


00 oO τ 
n, an integer, EO) οε f gem dt= 2 f g(t + 2rk)e~"* αἱ 
λ λ -ο ζει -πποοῦ -τ 


τ 
= f o(t)e—*"* dt. Here the interval —o,0 is decomposed into intervals 
-τ 
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Qxr(k — 1), 2r(k + 1), the variable changed by é = ὁ + 27k, and use made of 
e~in(27k) — 1 for n,k integral. The integration of ¢(/)e~*™ by termwise inte- 
gration of the series is justified by the uniform convergence. Finally 


N N - 1 τ N! 
eX Ρωπὰμ f o(tei dt = 5 f $(t) (1 ἘΣ 2008!) dt. 
N n= -κτ “τ 


n= -- -Ν n=l] 
Letting N — © and noting that the limit is that shown to be (0) gives the first 
relation. The second relation follows from the first by problem 46. 

49. For x real and positive, and the square root positive: 


re] Kal 
Σ evr ----- ἮΝ 
n=a— ὁ Ὁ η-- -- 
12, 1 E ont? | 
or me e” αὶ -- —=] — + 6 z . 
2 a 2, Vx 12 2, 


Hint: Use the Poisson formula of problem 48, and problem 47. Whenever the 
functions are even, the double sums can be replaced by single sums as is done in 
the second form. 


x 
60. The Laplace transform of kl er? j forRp>Rr. Hint: Dif- 


1 
1s (p — ὉΠ’ 
ferentiate equation (186) of section 305 with respect to r k times. 

51. Verify the relation of equation (182) for the Laplace transform of problem 
50. Hint: Close the contour by a large semicircle of radius A to the left of the 
line joining k — iA and k + 7A, and calculate the residue at r. This is often the 
simplest method of finding the function which has a given L(p) as its transform, 
even when L(p) is rational. For the semicircle argue as in section 281. 

52. Prove that the Laplace transform of Jo(ba), where the Bessel’s function is 
defined in problem 10 of Exercises XIII, is given by 


οῦ 
1 
[ 6 ο(δὲ) Vo +B 0 P 


Hint: Use problem 18 of Exercises XIII for p real. 


CHAPTER XV 
DIFFERENTIAL EQUATIONS 


In this chapter we prove certain existence theorems for ordinary 
differential equations, as well as one for a special type of partial differen- 
tial equation. 

We also discuss certain theorems on envelopes, which are related to 
these existence theorems. 

306. The First Order Analytic Equation. We begin by proving that: 

There 18 a unique function y(x), analytic for all values of the complex 
variable x sufficiently near xo, |x — το] < ἢ, and such that y(xo) = yo, 
which satisfies the first-order differential equation 


ἂν 
dz Ἐν f(x,y); (1) 


provided that the function f(x,y) is an analytic function of the two complex 
variables Z,y at 2,Yo. 


Since f(x,y) is analytic, by section 286, it has an expansion: 


o k 


fey=2 2 α;κ-(ῷ — ao)? (y — yo)* 7, (2) 


k=z=0) 


convergent for all z and y such that le — τοί < H, ly — yol < K. To 
simplify the writing, we select H’, 0 < H’ < min (H,K), and make the 
change of variable: 


, Y= ΞΞ "5. (3) 


This reduces the theorem to the case for which the initial values are 
0,0 and the power series converges for all values numerically at most 
unity. Using the original notation for this case, we have to solve: 


d 
τ = f(x,y); yO) = 0, (4) 
where 
f(2,y) = doo + aior + aory + a2or” + αν + aogy? +--+. (5) 
If the problem has an analytic solution, we must have: 


y = C0 + con? + cgz? +---, (6) 
516 
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where the series has no constant term, since y(0) = 0. Inside any circle 
of uniform convergence for this series, we may differentiate termwise, so 
that: 

dy 


aoe + 2... + 86,12 + Δαν +---. (7) 


Again, for sufficiently small values of x, by the results of sections 274 
and 286, the function of z defined by equations (5) and (6) will be 
analytic and have an expansion: 


f(x,y) = Goo + dior + Goi (ce + Cox? + cgx® + ---) + ago” 
+ ayy (cere? + con® + +++) + aoe (ci? + 2cycox* + ---) 
+ agot® + dei(aiz® +--+) + a2 (crx? +--+) 
+ dos (ciz® + +++) + τ. (8) 


By equating coefficients in the expansions (7) and (8), in accordance 
with equation (4), we find: 


Cy = 00, 
205 = 419 + A1C1, 
805 = ἀρι0 + Goo + a11¢1 + aoe, 
deg = ἀριῦ8 + 11C2 + 2ag2e1Ce + A390 + G21¢1 + ay2c? + aosci. (9) 


These equations enable us to determine the coefficients, since at each 
stage the subscripts of the c; on the right are less than that of the c; 
‘n the left member. ‘The c; so determined will lead to an expansion (6) 
for a function which satisfies all the conditions in any region where it 
converges. 

To show that the expansion so obtained does have a positive radius of 
convergence, we proceed as follows. From the choice of H’, the series 
(5) converges absolutely forz = 1,y = 1. Hence the series 


laoo| + aio] + |a@o1| + |a20] + lari] + [a@oo] + °° (10) 


converges. Thus the terms approach zero, and there is some point 
beyond which all are less than unity. Let M be a number greater 
than all the terms preceding this point, and also greater than unity. 
Then in the sense of numerical values of the terms, the series 


Mitetytrt+ayty t+: (11) 


dominates the series (5), since |a,;z"y’| < |Mz‘y’|. But this series is: 


μα τε τ 6 Ἐν εῤε = GGT OD 
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Now consider the differential equation 
ae 13 
dx (1 -- )ᾳ -- ψ)᾽ (13) 


which, by the procedure of section 134, may be written: 


M dz 
1 — y) dy = ————_- 
(1 — y) dy ay (14) 
This will be satisfied if: 
y? 
y — “5 = —M log (1 — 4) + K. (15) 


To make y(0) = 0, we must take K = 0, and use the root of the quad- 


ratic equation 
y= 1—V1-+ 2M log (1 — 2), (16) 


which makes the radical 1 when x = 0. Since the branch of the func- 
tion (16) determined by these conditions is analytic for z = 0, it has a 
power series expansion 


y = Cyx + Cox? + Cor? +--., (17) 
and |y| < 1 for sufficiently small values of x, say 
[5 « λ΄. (18) 


Since the expansion (17) comes from an analytic function which solves 
the differential equation (13) with y(0) = 0, its coefficients will solve the 
equations obtained from (9) by replacing all the a;; by M, and the c,; by 
C;. Since all the algebraic signs in equations (9) are positive, we see 
that all the C; will be positive. Moreover, since M exceeds all the 
|a,,;|, the first and hence all following C; will exceed the lc,|. Thus the 
series (6), with coefficients found from the equations (9) will be domi- 
nated by the series (17), and hence converge for |z| < Κ΄. 

This proves the existence of a solution, as stated. Since the coeffi- 
cients were uniquely determined, there is no other analytic solution 
satisfying the initial conditions. By section 282 the expansion or any 
function obtained from it by analytic continuation will be a solution of 
the differential equation, provided that f(z,y) remains analytic along 
the path of continuation. 

307. Systems of Equations. A single differential equation of higher 
order than the first, say the nth, 


y™ = πριν" ν΄", yO?) (19) 
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is equivalent to a system of equations of the first order, obtained by 
writing: 
y =, y! = Ue, γ΄" = Ug, τ.) YO” = Un. (20) 


The system then is: 


du 7 dus ᾿ dun—1 fs 
——_ =< = ...»Ἐδ“---- - -Ξ ny 
dro’ de |” dx 
du 
and ae = f(x, U1, U2, U3, °°*, Un) | (21) 


A similar device may be used to reduce a system of p differential equa- 
tions, of various orders, involving p independent variables to a system 
of equations of the first order, if certain algebraic conditions enabling 
us to solve for the highest derivatives of each variable are satisfied. 

As initial conditions for the higher order case, we may prescribe the 
value of each variable, and its derivatives up to an order one less than 
the highest order which appears. For the system of the first order this 
corresponds to prescribing the initial value of each variable. A theorem 
similar to that of the preceding section may be proved for any system: 

UE Fal, vas Yas "55 Un) k= 1, 2,3,--+,m. (22) 

If each of the n functions F;,(z,y;) is an analytic function of the n + 1 
variables, there is a uniquely defined set of solutions, analytic for 
[1 — χοὶ « h, and such that y,(0) = ψιο. This theorem is proved by 
reasoning similar to that just given. We first make a change of vari- 
ables of the form (3), here 


— 2940 | (23) 


which reduces the problem to one in which the initial values are all zero, 
and the expansions for the functions F;,(x,y;) all converge absolutely for 
the values x = y; = 1. 

We then find formal series expansions which will represent the solu- 
tion if they converge. These series are dominated by the series for the 
solution of the system: 

dyx = M 


- ᾿-------. (24) 
a-a)Ta-w 


But this system may be solved, for the given initial values, by putting 
yi=y, where y(0) = 0, 
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ἀν Μ 
- da τ - α)ῷ WP ™ 


A solution of this problem is found from 


1 — (1 — y)"*? = —(n + 1)M log (1 — 2), (26) 
to be 


y= 1—[1+ (n+ 1)M log (1 — 2} ἘΠ, (27) 


This is analytic for the branch with y = 0 at c = 0, so that the formal 
expansions do have a positive radius of convergence. 

308. Parameters. If the functions on the right for a single equation, 
or a system of equations, are not only analytic in the set of n +1 
variables x, y; but also in the set of n + k + 1 variables L, Yi, Pp; where 
the p; are k parameters, then the solutions are analytic in the k + 1 
variables x, p;. For, if pisa parameter, we may introduce an additional 
variable with the conditions: 


x = 0, (za) =p. (28) 
These make u(x) = p for all z, so that we may replace p wherever it 
occurs by u, and regard u as one of the variables. 

Again, the solution remains analytic if we consider the initial values 
as variables. For on making the change of variables indicated by 
equations (3) or (23), the initial conditions become fixed, the functions 
in the differential equations are analytic in L, Yi, Xo, Yio and the values 
%o, Yo OF Y;9 NOW appear as parameters, in which the functions are 
analytic. 

309. The Continuous Case. If we consider only real functions of 
real variables, and merely require the functions on the right of equations 
(1) or (19) to be continuous, we may show that the problems previously 
considered admit continuous solutions. We proceed at once to the 
system: 


d 
ΤῈ τὸ Se Gs νιν Yass Yn) k = 1,2,3,---,n. (29) 


As before, we may consider the problem reduced to the case where the 
initial conditions are y;,(0) = 0. 
We begin with an approximate solution defined by 
Yk n(x) aa 0, —h Ξ Μη Ξ 0 
and 


ce f “είν — A)] αἱ, ¢ > 0. (30) 
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With the notation here used, we assume the functions f,(x,y:) are 
continuous in all n +1 variables in some closed n + 1 dimensional 
region including the origin. From the definition, the functions yx, 
are all continuous and so for sufficiently small values of 2, say |z| < H, 
they wil! have values for which the integrand of equation (30) is in the 
region of continuity. For such values, the functions will all be bounded, 
say: 


fe(z,ys)| 5 Μ. (31) 
Hence, for any two values of x, σι and 22, with 
0 “1. «Η, 0<2%.<H (32) 


we shall have: 


[ i‘ Salt, ψυκί — Ἀ}} αἱ 
- M |\x2—- τι]. (38) 


lys,n(%2) — ψεικί(αλ)} = 


By taking an enumerable set of values of h decreasing to zero, for 
each value of αὶ we obtain an enumerable set of functions. This set 
yx,n(£) is equi-continuous, by equation (33). Hence by the theorem of 
Ascoli proved in section 254 we may select a subset of these functions 
approaching a limiting function. By doing this for k = 1, then, using 
only the corresponding values of h in y2,(z), and so on we may find an 
enumerable subset of values of h, say hm such that: 


lim yzr,(2) = 9x(2), (34) 


uniformly in x for all k. Thus the limiting functions will be continuous. 
Also, from the uniformity, and the fact that h, — 0, equation (30) 
implies that: 


Oe f ᾿μίρῦι(0] at (35) 


Since the integrand of this equation is a continuous function of t, we 
have: 
dy, 2 
5 frlx,9i(x)I, . (86) 
while from the form of equation (35) we see that 9,(0) = 0. Thus the 
existence of continuous functions which are solutions of our problem is 
established. A similar argument holds for —H <z «0. 

310. Uniqueness. If the functions are merely required to be con- 
tinuous, there is not necessarily a unique continuous solution. For 
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example, if we seek to solve 


“= 3y?, with y(0) -- 0, (37) 
dx 
the solution found by the process of the preceding section is 
y = 0. (38) 


However, the function 
or any of the functions: 
y= (+b), τς --ς0; y=0, -b<2 <a; 
y = (x —a)*, 0 «α « 1; (40) 


defined by a particular pair of positive numbers a and ὃ are also con- 
tinuous solutions of the problem. 

If we require the functions f; (z,yi), as functions of the y; to satisfy a 
Lipschitz condition of the first order, or to have bounded partial deriva- 
tives with respect to the yi, then the solution is necessarily unique, as we 
shall now prove. 

For a function of k variables, the Lipschitz condition is 


Μκε(α, νὴ — κα, 2} 5 Καὶ Σ lyi— Gl, for ᾿ἰψν, -- 7] «. (41) 


If this condition is satisfied for all the k, then for 5 < L, 


[ [fe(x,ys) — fx (2,9x)] dx] 35 LKn max ly; -- ἢ}. (42) 


Now consider two solutions, y; and J, each of which satisfies the differen- 
tial equations (36), and the initial conditions yz(0) = 0. Then each 
of these satisfies the equations (35), so that by the relation (42), 


lyn (%) — Gx(x)| S LKn max ly; — ἢ. (48) 
Now take L, = 1/(2nK), and let Q be the maximum value of ly: — J, 


for all x in the interval |z| S$ L;,andi = 1,2,---,n. Then we find from 
the equation just written 


lyn (x) — He(x)| S : and hence 05 Q< τ (44) 


This proves that Q = 0, and the two solutions are identical in a finite 
interval including the initial point. Hence, for [5 3: Ly, the solution is 
uniquely determined. 

311. Extension of the Solution. If the functions fi (,y;) are con- 
tinuous in a closed region, R, and the minimum distance of the initial 
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point to the boundary exceeds D, then as long as x and all the y; do not 
differ by more than D/V n + 1 from their initial values, the point will be 
in this region. Thus, if M in equations (31) and (33) exceeds unity, 
for [5 — οἱ « D/(MV n + 1) the argument of section 309 will give a 
solution. If, for 21 = % + D/(MV n+ 1) the values of ψκίαι) are 
such that the point is again at least a distance D from the boundary, the 
process may be repeated. Since F is closed, for some N any point with 
|x — 2o| > ND will lie outside R. Thus the solution may not be 
extended in R for x increasing indefinitely, and there is a greatest a’ 
such that, for tp < x <x’ the solution may be extended with 2x,y;(z) 
remaining in R. If we took a new region R’ including RF in its interior, 
and defined the f;.(z,y;) outside of R so as to be continuous in R’, the 
solution could be extended in R’ for x beyond z’. This shows that as 
. -- x’, the point x,y, approaches a limiting point, necessarily on the 
boundary of FR. 

If the functions f;,(x,y;) are continuous in an open region, Ro, either 
the solutions may be extended for a» < 2 < ™, or there is a greatest a’ 
such that the solutions may be extended for 79 < x < az’, where in each 
ease the solutions are continuous and remain in Ry. As 5 -- a’, the 
point x,y, need not approach a limiting point, but if it does this point 
cannot be in Ro, and must be a boundary point. 

The extended solutions are unique if the Lipschitz condition holds for 
all points of some open region including all z,y, of the solution. 

Whenever the functions f;,(z,y;) are analytic in their arguments 
throughout a closed region R, they possess partial derivatives which are 
bounded in R. Hence the functions satisfy a Lipschitz condition and 
the continuous solution of the differential equation is unique. Conse- 
quently, at each point it must agree with the analytic solution shown to 
exist in section 307. In this case the continuous solution is analytic 
throughout its extension in R. 

312. Differentiability. The argument of section 308 shows that if 
the functions f,(x,y;) are continuous, the solutions are continuous 
functions of the initial values σοι. It also shows that if the functions 
contain any parameter, a, and the functions are continuous in the n + 2 
variables z, a and the y, taken together, then there are solutions con- 
tinuous in the parameter. Thus, if a Lipschitz condition is satisfied in 
all variables, this is the only solution, and the solution is continuous in 
the parameter. 

We may apply this fact to prove that, if the functions f;,(x,y;) possess 
continuous partial derivatives with respect to all the variables, the solu- 
tion is a differentiable function of vo and y;o9. Since the solutions are 
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continuous functions of zo and Yio, for a sufficiently small interval D, 
with [Azo] < D, |Ayo| < D and |x — χο] < D, the solutions x,y for 
initial values xo yz,9 and z + Az, y, + Ay; for initial conditions 29 + Azo, 
yz,o + Ayzo will all lie inside R, the region of differentiability of the 
functions f;,(x,y;). In consequence of this, by the mean value theorem 
of section 215, 


Si (x ἘΝ Δα γι 7 Ay;) = Sx (2,Yi) 


Of i of, 
— Ay; =| 3 45 
Ox | 6 = Σ a si ae) 


Af; 


Ρ» 
R 


where |» indicates that the partial derivatives are to be evaluated at 
z=x+6 Ax,y; = y; + 6 Ay;, with a suitable value of 6,0<9<1. 

Now let us temporarily confine ourselves to partial derivatives with 
respect to to. We write: 


Ax AY x 
2Q=—, %=— 4 
: AZo AZo ( 6) 
and form the equations: 
dz, Af; oft Of 
—_—- => -.---- = -- rence ἢ τὰ 47 
dx AXo δὲ Ox θ v Σ ἔ OY; 9 ( ) 


For any value of Arp ᾽ξ 0, we may consider equations (47), together 
with 


dy, 
ἃς 7 Seles) (48) 
as a system of equations, and find a solution with the initial conditions 
Z = Xo, Ye = Yeo, 20 = 1, % = 0. (49) 
If, for Azo = 0, we replace the system of equations (47) by 
αΖ, δῇ k = of, k 
— = Z)— Ζ;--- 50 
dz ° δα τὰ Σ ay; (50) 


where the partial derivatives are evaluated at X,Yr, we may regard the 
extended system as containing a parameter, Azo, and the right members 
as being continuous in the variables together with the parameter. Thus 
there is a solution such that: 


lim 2, = Z,, when Azy— 0. (51) 


But, for Aro ~ 0, the solution of the system is unique, since the 
Sx (2,y:) possess continuous partial derivatives and hence for any fixed 
Azo, the functions Af,/Azp satisfy a Lipschitz condition. And, for 
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Azo = 0, the solution of the system is unique, since equations (48) 
have a unique solution, and since the partial derivatives of the f;,(z,y:) 
are bounded the right member of each equation (50) satisfies a Lipschitz 
condition in the Zx. 

Finally, we note from its construction, if r,y, are the solutions of the 
original system of equations, (48), with initial values z = 20, yx = Ψκ,0» 
then the solutions of the extended system for Avy ¥ Ὁ are given by the 
equations (46). This proves that: 

lim oo = lim 2=Z,) and hm Ave = lim za = Zz. (52) 
“5-.0 ΔΙῸ ze—>0 AZo 

Thus the partial derivatives dx/drp and dy;,/dx%9 exist and satisfy the 

equations of variation, 


Gm) 
δχ0 δὰ ofr n dy; Oft 
ED ree ae 


δὃ 
dx ~ Oz Ox ἐπὶ OZ OY; ( 


formally obtained by differentiating the original equations partially 
with respect to 2p. 

A similar argument proves that the sacl derivatives with respect to 
Yk,o exist and satisfy similar equations. 

Also, by the device used in section 308, we may show that the solution 
may be differcatiated with respect to a parameter, if the solutions have 
partial derivatives with respect to the variables and the parameter, 
continuous in all n + 2 variables. 

313. Envelopes of Curves. Let the equation of a family of curves 
in a plane containing a parameter be 


F(a,y,a) = 0, (54) 


and suppose the function possesses partial derivatives with respect to 
x,y and a of the first two orders, continuous in these variables. The 
derivative, or slope of the tangent for any one curve of the family will 
satisfy the equation: 


dy 
F,+ F,y= νἢς = 0. (65) 
If, for a particular value of x,y,a which satisfies equation (54) we have: 
F, # 0, (56) 


we may, by the theorem on implicit functions of section 217, solve the 
equation for a in terms of x and y, 


a= g(x,y), (57) 
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for values of z and y sufficiently near this value, and insert this function 
in place of a in the partial derivatives of equation (55). Suppose 
further that, for the particular choice of L,Y,a, 


F,(z,y,a) or F,[x,y,g(x,y)] ¥ 0. (58) 


Then we shall have: 
dy = >t τες F,[z,y,9(x,y)] ᾿ (59) 


dx F,|z,y,9 (z,y)] 


Our assumptions about the second derivatives of F make the right mem- 
ber of this equation differentiable near the x,y considered. Hence this 
differential equation has a unique solution. But the equation (59) is 
the condition that a curve should be tangent at a point to the unique 
curve of the family through the point. Thus in this case the unique 
solution must be the curve of the family itself. Consequently, when 
the conditions stated hold, there can be no envelope. 

If F,(z,y,a) = 0, but F,(2,y,a) ¥ 0, we could reverse the réles of z 
and y, and again show that there is no envelope. 

Suppose next that the family of curves (54) has an envelope, or curve 
tangent at each of its points to the curve of the family through the 
point, which curve has a parameter a varying smoothly as we move 
along the envelope. Then we may take a as the parameter for the 
envelope, and write its parametric equations: 


z=z(a), y= y(a), (60) 


where each of these functions is differentiable. 
Then, since the point 2,y is on the curve of the family with the parame- 
ter a, we have: 
F(xz,y,a) = 0. (61) 


As this must be identically satisfied when the equations (60) hold, we 
find on differentiating with respect to a, 
dz dy 
—— —-+ F, = 0. 62 
Poot ἦν ies 0 (62) 


This equation shows that we cannot have 
τέ, and F, =0, F,=0. (63) 
It follows from our discussion that: 
A necessary condition for the family of curves defined by 
F(z,y,a) = 0, (64) 
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where F (x,y,a) is twice differentiable, to have an envelope, 18 that the points 
of the envelope satisfy 
F,(x,y,a) = 0, (65) 
as well as equation (64). 
If, for values of x,y,a¢ the Jacobian of the functions on the left in equa- 
tions (64) and (65) with respect to z and y is different from zero, these 
equations may be solved in the form: 


z=2(a), y= y(a). (66) 

Also, since the function F(z,y,a) is twice differentiable, the function 

F,(x,y,@) is differentiable, and the functions of equation (66) each have 
first derivatives. These satisfy: 

F,z' (a) + F,y' (a) + Fa = 0, 

Fazt' (a) + Fayy’ (a) + Fao = 0. (67) 

If the function Fog ¥ 0, it follows from the second equation that 

a’ (a) and y’ (a) are not both zero, so that the curve defined by equations 


(66) has a tangent whose direction ratio is that of these two numbers. 
And, by equation (65) and the first of equations (67) we have: 


F,2' (a) + Fyy’(a) = 0. (68) 

By our assumption on the Jacobian, F, and F, are not both zero for the 
particular x,y,a considered. Hence the equation 

F,dx + F,dy =0 (69) 


determines the direction ratio of the tangent to the curve of the family 
through the point considered, or equation (64) with a kept constant. 
A comparison of equations (68) and (69) shows that this ratio is the same 
as that for the curve (66). 
The discussion shows that: 
A sufficient condition for the family of curves defined by 
F(z,y,a) = 0, (70) 


where F(x,y,a) ts twice differentiable, to have an envelope near a set of 
values x,y,a 18 that: 


F (z,y,a) a 0, F,(x,y,@) oF 0, (71) 
and 
δ.) |F, F, 
a(zy) = Foe Pay #0, Fa ~ 0. (72) 


From the continuity of the derivatives, the conditions (72) hold 
throughout some interval including the given value of a, and the first 
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condition insures that in a subinterval the pair of equations (71) havea 
solution which gives the envelope. 

Note that there may be an envelope even when the sufficient con- 
ditions are not satisfied. Thus, if 


(x —a)*+y?—1=0, (73) 
the necessary condition for an envelope is 
F, = —4(2-—a)? =0, or 2 ΞΞἬ α, (74) 


so that if there is an envelope it must be 
y=1, or —1. (75) 


These straight lines are in fact envelopes. However, the condition 
Faq τέ Ὁ is not satisfied. We may dispense with this condition, which 
we used only to show that z’(a) and y’ (a) were not both zero, whenever, 
as here, we can show this directly. 

As a second example, consider: 


( -- α) -- νξ =0. (76) 
Here 
Fy = --2( —a) =0,x=a, and y=0 (77) 


is the only possibility. However, this is not an envelope. Here the 
Jacobian is 4y, which is zero when the last of equations (77) holds. 

314. Partial Differential Equations of the First Order. We wish to 
prove an existence theorem for a partial differential equation of the first 
order. We consider the case of one dependent and two independent 
variables. We shall reserve subscripts for other purposes, and use the 
abbreviations: 

dz a°2 δ52 δ᾽ 


0z 
Pe an Ee ay?” > ant’? Ὃ azay? * = ay? (78) 


Then the partial differential equation we seek to solve is 
F (x,y,2,,q) = 0. (79) 


We assume that this function is twice differentiable. 
We wish a solution containing the given curve: 


v= 2X (u), y = yo(u), 2 = zu). (80) 


Suppose that we are given the values of p and q at one point of this 
curve, determined by u = ἃ, 


Ζοι ον ξοῬοῦο Where F(%o,§o,20,P0,9o) = 0. (81) 
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Usually if one of these values is given, the equation will determine the 
other. In any case we have a pair satisfying this equation. 
Since, for any point in a surface, 


of of 
z2=f(z,y), dz= oe dz + ay dy, (82) 
and our solution must contain the curve (80), we must have 
ἀρ dio dyo 
du HO du T go du (83) 


Also, if we regard the surface which represents the solution sought as 
given in terms of the parameters wu and νυ, we shall have, for v = 0, 


F (X0,Y0,20,Po,90) = 0. (84) 


The equations (83) and (84) can be solved for pp and gp in terms of u, 
for values near 70,90, if the Jacobian: 


Po Qo 
dio dyo| ¥ 0, (85) 
du du 


where P and Q denote the partial derivatives of F with respect to p and 
q. If the condition (85) holds, equations (83) and (84) will determine 
functions: 

Po = Po(u) and go = go(u), (86) 
which reduce to po and qo for ὦ = 4. 


We shall now define the parameter v more precisely, by using the 
curves defined by 


p79 (87) 


as the projections on the x,y plane of the curves u = constant, and intro- 
ducing v by equating each of these to dz, 


dx dy 

dv = PO . (88) 

From the relation 
dz = pdx + φᾶν, (89) 

we find 
dz 

dz = dv(pP + qQ) and ———— = αὐ, 90 
(p 40) oP + τῷ (90) 


the value of the fractions in equation (88). 
Again, differentiating the function F partially with respect to z and y, 
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and using capital letters to denote the derivatives of F with respect to 
the corresponding small letters, as well as the abbreviations already 
defined in equation (78), we find: 


X+pZ+r7rP + 90 = 0, (91) 
Y+qZ+sP+tQ = 0. (92) 
But, 
dp =rdx+sdy, dg=sdr+tdy (93) 
so that: 
d 
dp = (rP + 50) dv = —(X + pZ) dv or Sn = dy, (94) 
and 
dq 
= en Z es Sy. 
dq = (sP + tQ) dv (Y + qZ)dv or “(¥ + @) vy. (95) 
On combining equations (88), (90), (94) and (95) we find: 
en a | a, CN (96) 


This may be regarded as a system of five ordinary differential equa- 
tions of the first order with v as the independent variable, namely, 


dx dy dz 
dy ἢ ὄπ, = PP + οὐ, 
dp dq _ 
a —X — pZ, ces Y — αΖ. (97) 


Let us now attempt to find a solution of equation (79), which includes 
the values given by equations (80) and (86). We proceed as follows: 
For any fixed value of u, the equations (80) and (86) will determine 
values of the five variables which we may associate with the value 
vy = 0, and take as initial conditions for the system (97). Since the 
function F was twice differentiable, the right members of the equations 
(97) are differentiable, so that the system has a unique solution for these 
initial conditions in some restricted region. We now regard 2,y,z,p,9 
as five dependent variables, unrelated except through the system (97). 

This determines five functions of the variable v for any fixed u, that is 
five functions of uand v. If the Jacobian of the first two functions with 
respect to u and ὺ is distinct from zero, for any value of u and v, then 


az aa 
0(z,y) ou dv 
pias 0 98 
du dv 
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and the first two equations 
t= z(u,v), y= y (u,v), (99) 


can be solved for u and v in terms of x and y in the neighborhood of the 
particular values. For v = 0, the Jacobian of equation (98) reduces to 


=~ P, Py Q 
u 

anne 100 
ayo Ὁ day ayo re 
du 5 ἀμ du 


in view of the equations (80) and the first two of equations (97). This 
will be different from zero if the relation (85) holds. Hence for the 
values of wu considered, and any value of » sufficiently near zero, the 
equations (99) have solutions of the form 


u= u(x,y), v= v(x,y). (101) 


Using these equations, and the equations that give z, p and g in terms 
of ὦ and v, we may express Ζ, p and g in terms of z and y. We wish to 
show that the first of these relations actually gives a solution of the 
equation (79). 

We begin by showing that p and gq, as determined here from the system 
(97) are actually equal to the partial derivatives of z. For the partial 
derivatives we have: 


ὃ. dz0x , dz dy 02 dz θυ Oz OY (102) 


—e eee ee —— see @ 


δι δὲ ὃν dy av du dz du dy du 

Regarded as first degree equations in the partial derivatives 82,85 and 
8z/dy, these determine the values uniquely, since the determinant of the 
coefficients is not zero, being the Jacobian of the relation (98). Thus 
we may identify these derivatives with p and q if we show that the same 
equations are satisfied by p and g. 

Since we kept uw constant in solving the system (97), the derivatives 
may be regarded as partial derivatives with respect to v, and from the 


first three equations (97) we find: 
ὃ 
02 Ox y (103) 


which is identical in form with the first equation (102). We shall 
establish the analogue of the second equation by showing that the 
function 


Ox 
U(z,y,z)=Pa tds — 3, (104) 
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is zero. By equation (83), U = Oforv = 0. To show that it vanishes 
for other values, we differentiate with respect to v and use subscripts to 
denote differentiation in this part of the argument. Then: 


U = pty + Qyu — Zu, (105) 
Oy = ῥχωυ + QYuv + Dotu + ety — Ζωυ. (106) 


Since the equation (84) holds for v = 0, we may differentiate it partially 
with respect to u, and obtain: 


F, = Xz, + Yyy + Zz, + Pou + Qay = 0. (107) 
We may also differentiate the equation (103) and obtain: 
Zuy = PLuv + Yur + Puy + QuYyv- (108) 


By eliminating 2,, from equations (106) and (108) we find: 
Uy = Dirty + QoYu — Duby — φωῦν. (109) 
We may eliminate x,, y,, Ῥυ and q, by using the equations 
ty = P, Yo = Q, py = —X — pZ, Qu = —Y - QZ, (110) 
of the system (97). The result is: 
= (X + pZ)tu t+ (¥ + 9Z)yu + puP + QQ. (11) 
By equations (107) and (105) this may be written: 
—U, = phx, + qZyu — Ze, = ZU. (112) 


Consequently, for u fixed, regarded as a function of v alone, U satisfies 
the differential equation: 


—— = —ZU, (113) 


This has a unique solution which is zero for v = 0, namely U = 0. 
Since we know that U = 0 for » = 0 for all values of u considered, it 
follows that, for all the values of ὦ and v — 


Oz Ox 


U(z,y,z) =0 and aa Ps -- ok 4: — (114) 
Equations (103) and (114), together with (102) show that: 
Oz 0z 
Pe ou’ and I~ ou (115) 


We must now show that the values of x, y, 2, p and g, where the last 
two are now identified with dz/dz and dz/dy, satisfy the relation F = 0, 
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equation (79). By equation (84) we already know that this is satisfied 
forv = 0. And, if we differentiate F with respect to v, we find: 
Fy = Xz,+ Yy, + Zzy + Pp» ἘΠ Qq>. (116) 
Since the system (97) is satisfied, 


Ly = νυ = Q,2» = pP + qQ),P» - Sak = ρΖ,ηυ ==) = qZ, (117) 
and 


Fy, = XP + YQ + Z(pP + 40) — P(X + pZ) — Q(Y + 42) = 0. 
(118) 


Consequently, since F = 0 for v = 0, it is zero for all values of wu and »v 
considered. Thus we have established the existence of a solution of the 
partial differential equation. 

We may formulate the result in the theorem: 


Let there be given a curve whose equation 18: 


z= Xo(u), y = Yo(u), 2 = zu), (119) 
and along it two functions 
= po(u), 9 = gu), (120) 
such that 
dz = dX dyo 
ie Po oe + 40 ce (121) 
and 
F (20,Y0,20,P0,90) = 9, (122) 
while 
Po Qo 
dio dyo | τέ 0, (123) 
dus du 


where F(x,y,z,p,q) 1s a function of the five variables having continuous 
second partial derivatives, and capital letters denote first partial derivatives 
with respect to the small letters on the assumption that all five variables are 
independent. 

Then the partial differential equation: 


Oz 02 
—,—]J= 124 
P( sue, pa =) 0 (124) 
has a unique solution 
z= f(x,y), (125) 


for which 
2 = FS (X0,Yo). (126) 


684 DIFFERENTIAL EQUATIONS [Cuar. XV 


The solution may be expressed parametrically in terms of u, the parame- 
ter of the curve, and v, for sufficiently small values of v, by solving the system 
of ordinary differential equations: 

dx dy dz —dp —dq 
ΡΠ pP+qQ X+pe Υ μοῦ ΟΣ) 

We note that the values of po(u) and qo(u) along the curve are deter- 
mined by their values at one point, by the conditions (121) and (122) 
in view of the condition (123). 

315. Other Partial Differential Equations of the First Order. A 
similar theorem may be formulated and proved for a partial differential 
equation in more than two variables, say 


: Oz 
U1, Ya, 7, In, with 82, = Pi; (128) 
so that the equation is: 
F (2,%3,D;) = 0. (129) 
In this case the auxiliary system of ordinary differential equations is: 
α t d. —d t . 
ἄν = = a aoe ees i=1,2,-+-,n (480) 
1 Σ PEP + DP; 


to be solved for initial conditions v = 0, and 
2o(u;), Lio(u;), Pio(us), 2 = 1,2,--+,n — 1. (131) 
These values must be such that: 
020 ih δαῦτο 


ee es ρ; 


ne eee ἔρος 13 
du;  i=xt Ou; pores aa {10} 


and 
F (z,2i0,Pio) = 0. (133) 


The condition that insures the existence of a solution is the non- 
vanishing of the determinant: 


P 1 P 2 oe oP. n 
0219 0X20 OXn0 
Ou, Ou) OU, 
— 10. (184) 
0X10 0X20 OXn0 


OUn—1 OUn—1 OUn—1 
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This enables us, by reasoning similar to that for the two variable case, 
to identify the p; obtained from the system (130) with the derivatives 
0z/dx;. It is then possible to prove as before that the equation (129) is 
satisfied. 

In view of the equations (132) and (133), and the condition (134), the 
values of pio(u;) are determined by their values for a particular set of 
Uj; U1, U2, " ), Unt. 

When the function F' contains the derivatives p; only in terms of the 
first degree, the equation F = 0 may- be written 


ἐς 8 
Σ Αἰζτι) = = σαι), (135) 
i=1 Ox; 
where A, and C are functions of zand the n z%. Since 
ΕΣ Α4;» --αδ, Pi = A; and > piP,=C+t+ ΓΕ. (136) 
i=l i=1 
As the solutions of the system (130) which we seek make F = 0, they 
satisfy : 
εἰν τ- --- τ --αν, 1=1,2,--+-,n. (137) 
Since the p; do not occur in this set of equations, the remaining terms in 
equation (130) may be omitted, and we may use the simplified system 
(137) instead of (130) for the special equation (135). 


316. Envelopes of Surfaces. Let the equation of a family of sur- 
faces in space, containing a parameter, be 


f(z,y,2,a) = 0, (138) 


and suppose that the function possesses partial derivatives with respect 
to all four variables of the first three orders. Then the partial deriva- 
tives as determined from this relation will satisfy: 


Sp + νη a 5 “τε 0, [ω790. (139) 


Suppose that for a particular set of values of z,y,z and a for which 
equation (138) holds, the derivative 


fa(x,y,z,a) ¥ 0. (140) 


Then we may solve the equation (138) for a in terms of z, y and z for 
values near the particular set, and by substituting in the equation (139), 
obtain an equation: 


A(x,y,z)p + B(a,y,z)q — C(x,y,2) = 0. (141) 
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Now consider a curve: 
t= Xo(u), y = yo(u), 2 = zo(u) (142) 
which lies on the surface of the family with a = ap, 
f(x,y,2,a0) = 0. (143) 


This equation will determine a value of p and g, po(u) and φο(ω), for 
each point of the curve. These values will satisfy: 


dz dx d 
— = pyo—— + qo and Aopo + Bogo -Co= 0, (144) 


where Ap = A(2,Yo,20), and similarly for Bp and Cp. 
If, further, 


Ao Bo dx dy 

du du 
ee Oe aan ἐν (145) 
ἀμ du 


the partial differential equation (141) will have a unique solution for 
the initial values 0, Yo, 20, Po, Yo, Which must be the surface given by 
equation (143), since this is such a solution. Thus there can be no 
envelope through a curve of the type described. 

Since the problem of an envelope is geometrical, the axes may be 
permuted, and the curve (142) can only lie on an envelope if 


dx dy dz 
du du du 
i dc αὐ 146 
ao (πὴ 


But, since the curve lies on the surface given by equation (143), we may 
differentiate this relation with respect to u to obtain: 


fee + hye thee = 0 (147) 
It follows from the last two equations that: 
R+H+H =0. (148) 
For real functions, this implies 
tz = fy =f. = 9, (149) 


so that the surface (143) can not have a uniquely defined tangent plane. 
If we exclude this case, we have shown that there can be no envelope 


whenever the condition (140) holds. 
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The discussion shows that: 
A necessary condition for the family of surfaces 
f (z,y,2,@) = 0 (150) 
to have an envelope 18 that 
Ta (x,y,2,0) = 0, (151) 


af the function f(x,y,z,a) has continuous partial derivatives of the first three 
orders, and the equation (150) determines a unique tangent plane at the 
points of contact. 


We shall now prove the following result: 
If, for a particular set of values of x,y,2,a, satisfying the equations 
(150) and (151), we have: 
Sia 0, (152) 
and some one of the Jacobians: 


A(ffa) δ(.,1.) 9(ffa) (153) 


? Ls e 
O(y,z) 9@,r) 9(x,y) 
18 distinct from zero, there will be an envelope near the particular set of values 
considered. 
For example, suppose that 


δ 72) (0 is 


O(yz)  ᾿ 
Then, in the neighborhood of the particular set of values, we may solve 
the equations (150) and (151) for y and z in terms of z and a: 


y= y(#,a) and z= a(z,a). (155) 


These equations determine a surface. A direction in the tangent plane 
to this surface will satisfy the equations obtained by differentiating 
equations (150) and (151) partially with respect to z and a, namely, 


Ie + fiz + fitz = 0, Jaz + fayYx + faztz = 0, (156) 


and 


ta + fyYa + fita = Q, Suc + fayYa + fasta = 0. (157) 
From the condition (154), these equations determine unique values of 
Yz)%z}Ya,2a- These give rise to directions in the tangent plane: 


—— -- -ἰ, διὰ SS (158) 


The first does not have all its components zero, because of the 1. The 
second does not have all its components zero, because of the condition 
that faa ~ 0, and the last equation (157). 
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These two directions, distinct because of the first components 0 and 1, 
determine uniquely the tangent plane to the surface given by equation 
(155). Again, by the condition (154), f, and f, can not both be zero, so 
that the surface given by equation (150) for a fixed value of a has a tan- 
gent plane, whose normal direction is 


Fat ysfe- (159) 


The first direction (158) lies in this plane because of the first equation 
(156). And, in view of equation (151), the first equation (157) may be 


written : 
iP Ὁ + fyYo + feta = 0. (160) 


This shows that the second direction also lies in this plane. Conse- 
quently, for a given a and z, determining y and z by equations (155), 
the surfaces (155) and (150) have the same tangent plane at 2x,y,z. 
For a given a the surfaces have only a curve in common, so that they are 
distinct. 

This proves that, under the conditions stated there is an envelope, 
obtainable from equations (150) and (151). 

317. Complete Integrals. Let 


F (x,y,2,),9) = 0 (161) 


be a first-order partial differential equation, and let f(z,y,z,a,b) be a 
function containing two independent parameters a and b. Then if, 
for each value of a and ὃ in a restricted range, 


f(x,y,2,a,b) = 0, (162) 
defines a particular solution of the partial differential equation (161), 


the relation (162) is called a complete integral of the equation. 
If we regard ὃ as a function of a, 


b = g(a), (163) 
and if the conditions of the preceding section are met for the family: 
f{z,y,z,a,9(a)] = 0, (164) 
then this family of surfaces will have an envelope given by 
fa + fog’ (a) = 0, (165) 


combined with equation (164). Since this envelope, at each of its 
points, has the same value of 2,y,z,p,q¢ as one of the surfaces of the 
family (162), these values satisfy the equation (161), and the envelope 
is a solution of the differential equation. 

In a limited region, the differential equation (161) may be thought of 
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as determining at each point of space a set of values of p and g depending 
on one parameter, or a family of tangent planes enveloping a cone. In 
the process of section 314 we started out with a curve, associated at 
each of its points with a tangent plane touching a cone for that point. 
We chose this curve so that: 


P Q ey 
Ou δι 
δὰ ay #0 or Ῥ τ᾿ (166) 
du OU 
We then used this curve as the initial points of curves such that 

δὲ ὃν δὲ 

δι ὃ ὃ 

Oe a ecco (167) 


These latter curves are called the characteristic curves of the partial 
differential equation. The condition (166) on the initial curve is, 
essentially, that it should not be tangent to a characteristic curve. A 
characteristic curve, with its tangent planes, given by equation (97), 
is called a characteristic strip. Two solutions which are tangent along 
a curve not a characteristic curve at any of its points, must coincide, 
since such a curve may be taken as an initial curve. However, by vary- 
ing the initial curve, but keeping one point and the tangent plane there 
fixed, we may obtain several solutions tangent along the same charac- 
teristic curve, or having a characteristic strip in common. Thus the 
characteristic curves may be distinguished as the curves where distinct 
solutions may be tangent. 

But the surface given by equation (164) for a fixed a, and its envelope 
are two solutions of the differential equation tangent along the curve 
where equations (164) and (165) both hold. Consequently, this curve 
is a characteristic curve. Thus the surfaces given by equation (162) 
are built up of characteristic strips, and the process of taking the enve- 
lope amounts to recombining these characteristic strips to form new 
surfaces. 

As an example, consider the partial differential equation: 

,»2 ¢ 
5 + ae ἡ ὦ 0. (168) 
Here the equations (97), or (127) become: 


dv = — = —- = OS --- τὸἢ δ τ: (169) 
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The solution in terms of initial values is: 


P= Poe’; ᾳ = goe’, &—- to = Po (e” - 1), 
ψ — Yo = φο(οῦ — 1), 2 -- ξο = 4(po + 4) (635 -- 1. (170) 


Since the initial conditions must satisfy 
20 = Σ(ρῇ + 9%), (171) 


the characteristic curves are given parametrically by 
Ὁ τ Xo + Po = Poe’, Y — Yo + 40 = qe”, 2 = ze”. (172) 


The curves are parabolas lying in vertical planes. 
- The family 
22 = (x — a)? + (y — δ)3 


is seen to be a complete integral of the equation. 


EXERCISES XV 


1. If f(x,y) is analytic in the two variables, f(20,yo) = 0, and Of /dy ¥ 0 at 
o,Yo, the implicit function y = g(x) with yo = g(x) defined by f(x,y) = 0 is 
analytic. Hint: It satisfies the differential equation dy /dz = — fz/fy, whose 
right member is analytic. 

2. If the given functions are analytic, the implicit functions shown to exist 
in sections 217 and 218 are analytic. Hint: For f(y,z;) = 0, the function is 
analytic in each x; separately by problem 1, and continuous by section 217. For 
a system, the argument by induction proceeds as in section 218, with the added 
condition of analyticity. 

3. A separable equation, ἀν [ἀπ = A(z)B(y) has a solution given by 


Ζ vy gd 
1 A(x) dr = f aah , with y = ὃ when z =a. This solution is unique if 
a b 


A(z) and B(y) are each continuous and of fixed sign, never zero. Compare 
section 134. 

4. If in problem 3 B(b) = 0, the other conditions as before, the expression 
gives a solution if the integral of 1/B(y) exists. However, y = ὃ gives a second 
solution. Show that B(y) does not satisfy a Lipschitz condition. Hint: Use 
section 310, or more directly note that if |B(y) — B(b)| < ΚΙν — bj, since 
B(b) = 0, 1/|Bty)| > 1/[Kly — δ], and since B(y) is of fixed sign, 1 /B(y) is not 
integrable. 

5. If f(z,y) is homogeneous of degree zero in z and y, the equation 
dy [ἀ = f(x,y) becomes separable (problem 3) if y is replaced by v where ψ = vz. 
Hint: f(z,vr) = x°f(1,v) = f(1,v) and dy /dx = x dv [4 + υ. 
aie ate 
(1 + ν΄) 
the plane. For the corresponding equations for parabolas and conics, 


412 


d 
6. Show that Al | = 0 is the differential equation of all circles in 
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see problems 13 and 14 of Exercises IV. Hint: Deduce successively: 


y(L + y) 3? = νι, γα + ν = (ἃ — a) /r, 
y = (ex -- αἡ [Pr -- ὦ -- a)", (ὦ -- a)? + ᾧ -- bP = τ΄. 


7. Prove that the evolute of a curve (see problem 12 of Exercises VIII) is 
the envelope of its normals. 

8. Any plane curve is the envelope of its circles of curvature. It is not the 
locus of limiting real points of intersection, since along an arc where the radius 
of curvature increases, no two circles of curvature intersect! Hint: By problem 
12 of Exercises VIII, the difference of the two radii equals the are along the 
evolute between centers, and hence exceeds the chord joining the two centers. 

9. If the family of curves obtained by solving a first order differential equa- 
tion for different initial conditions has an envelope, this will bea solution. It is 
ealled a singular solution. 

10. Let G(c,z,y) = Ὁ define a family of solutions of a differential equation 
F(p,z,y) = 0, p = dy/dx. Assume that the functions G and F are each twice 
differentiable in all three variables. If there is a singular solution, problem 9, 
it will satisfy G(c,z,y) = OandG,(c,z,y) = 0, or the equation C(z,y) = 0 obtained 
by eliminating c. It will also satisfy the equation P(z,y) = 0, obtained by 
eliminating p between F(p,z,y) = 0 and F,,(p,z,y) = 0. This gives a practical 
method of finding possible singular solutions by testing those factors of the 
e-discriminant, C(zx,y), or the p-discriminant, P(z,y) which equated to zero 
give solutions. Hint: Use section 313 and problem 9 for the c-discriminant. 
The other result follows from the fact that if dF ὃ} ~ 0, there is a unique 
differentiable function p = f(x,y) with po = f(%o,yo) and such that F(f,z,y) = 0. 
Thus the solution is unique, and there is no singular solution. 


n—l ᾿ 

11. As an example of problem 10, let G(c,z,y) = γι - = ( -- Ὶ ’ 

and F(p,z,y) = p" — y = 0, with n a positive integer 22. The singular solu- 

tionisy = 0. Note that if we write the equation p — y'/" = 0, and the solution 

n/(1—n) yy") + (ὦ — a) = 0, it illustrates problem 4, but problem 10 may not 

be applied to these functions, since they are not differentiable for y = 0. In 
dy 


δ " 
problem 4, both p — A(z)B(y) and f A(x) dx — { By) are not differenti- 
a b 


able at y = b, since B(y) = 0 and fails to satisfy a Lipschitz condition at y = ὃ. 

12. Clairaut’s Equation, y = px + f(p), may be solved as follows. By differ- 
entiation, dy /dx = p + [x + f'(p)] dp /dzx, and since dy [ἀπ = p, [x + f’(p)| dp /dx 
= 0. Ifdp/dx = 0, p = cand from the given equation y = cr + f(c), a family 
of straight lines. Ifa + f’(p) = 0,x = —f'(p) and by combining with the given 
equation y = f(p) — pf’(p). Unless f’(p) is a constant, when the lines pass 
through a point, the last two equations are the parametric equations of the enve- 
lope of the lines, and give the singular solution. In this case the c-discriminant 
and the p-discriminant of problem 10 are the same. Most simple examples of 
envelopes in elementary calculus and differential equations texts come under 
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problem 4 or Clairaut’s form, sometimes with a transformation of variables. In 
the Clairaut case, with new variables the family is v(z,y) = cu(x,y) + f(c). 
13. The linear homogeneous equation of the nth order is 


Ly) = any™ + apay) + +--+ ay’ + ay = 0, 


where the a; are functions of z, anda, ~ 0. If w, ue, - “" , Un are n functions of 
x such that L(u;) = 0, and the Wronskian 


Uy U9 oes Un 
, , , 
Uy Ug se @ Un 
W(um, Un, °° °, Un) = τ . a 0, for x= “0, 
=k -1 n—1 
1 yes oy 


nN 
constants c; may be found such that y = 2 cits is the solution of L(y) = 0 


t=1 
which equals yp and has y) = y®), & = 1, 2,---,n — 1, whenz = 2». 
14. A set of n functions u;(zx) are linearly dependent if for some set of constants 
2 


k;, not all zero, 3) kyu; = 0 identically inz. If no such k, exist, the functions 
i=l 


are linearly independent. Show that if the u,(x) are linearly dependent, 
W(u1, τ, +++, Un) = 0, identically where W(u;) is the Wronskian defined in 
problem 13. Hint: The k; are solutions of the n linear equations obtained by 
differentiating the given relation n — 1 times. 

16. The n solutions τὸς of problem 13 are linearly independent, as defined in 
problem 14. Hint: By problem 46 of Exercises VI, W ¥ 0 for any value of z, 
so that by problem 14 the functions are not linearly dependent in any range. 

16. When the a; of problem 13 are constants, the particular solutions may be 
found in the form e”:?, if m; are the distinct roots of a,m™ + da_ym™-! +--+. + 
am + do = 0, by problem 31 of Exercises V. Show that for z = 0, the Wron- 
skian reduces to II(m, — m;), the product of differences of distinct roots, and 
sois 0. Hence, by problem 15, these solutions are independent. For multiple 
roots solutions r*e™‘* appear, and for 2 = 0 the Wronskian is a similar product, 
with higher powers of the factors (m, — m,) if m; or γι; 158. a multiple root. For 
the real form for complex roots see problem 32 of Exercises V. 

17. If k linearly independent solutions, τι), of the equation L(y) = 0 of prob- 
lem 13 are known, the solution of the equation L(y) = f(z) may be reduced to 


that of a similar equation of the (n — k)th order. Puty= Σ vju;, and take 
| j=l 

- dv; 

j=l dz 

terms which contain ἀν; [ἀφ disappear from the expression for dy ἄς, d’y /dz?, 

-++, d*-ly /dz*— found by successive differentiation of the first relation. Thus 


the highest derivative of the v; appearing in d*y /dx* is of ordern ~k +1. To 
find the further conditions on the v; which make L(y) = f(x), substitute these 


a\r 
(<) u; = 0 forr = 0, 1, 2,---,k—2. These conditions make the 
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expressions in this equation. The coefficient of υ; itself will be L(u;) which = 0. 
Hence, if we take z = dv, [ἀ as a new variable, we may solve the k — 1 assumed 
relations, linear in the dv; [ἀπ for dve/dx, - - - , dv, [ἀπ in terms of z, and express the 
derivatives of the v; up to that of order n — ἃ + 1 in terms of z and its deriva- 
tives up to order n — k, linearly. Thus the relation L(y) = f(z) becomes 
M(z) = f(x), where M is a linear differential operator of the (n — k)th order. 

18. Variation of Parameters. If n linearly independent solutions of the 
equation L(y) = 0 are known, the solution of L(y) = f(z) may be found by 
integrations. Hint: The method of problem 17 determines each dv; /dz alge- 
braically. 

19. First order linear equation. The solution of dy [ἀπ + yP(x) = Q(z) 1s 


given by y = uv, where u = e ?* and v = f Qu! dx. Hint: du/dx + Pu=0 


is solvable by problem 3, and then problem 18, or 17 with no conditions, applies. 

20. If n — 1 linearly independent solutions of L(y) = 0 are known, the equa- 
tion L(y) = f(z) may be solved by using problem 17 to reduce to a first order 
equation, solvable by problem 19. 

21. If one solution of L(y) = 0 is known, where L(y) = dy [4τ + A(x)dy /dx 
+ B(x)y is of the second order, the equation L(y) = f(x) may be solved by 
problem 20. This is one method of completing the solution of L(y) = 0 when 
one solution has been found in series form, as in problems 10, 11, and 12 of 
Exercises XIII. With y = uv, where L(u) = 0, and dv/dz = z, the linear 
equation in z is u dz/dx + (2du/dx + Au)z = f(z). 

22. In applying the method of variation of parameters of problem 18, if we 


Bd 
write Ὁ; = { (dv; /dx) dx or determine the constants in each Ὁ; so that 
Xo 


v;(%o) = 0, the solution y = 0 wu; of L(y) = f(z) is the one which, together 
j=l 


with all its derivatives up to the (n — 1)st order is zero for z = 2p. 

23. The solution of the linear equation with constant coefficients, L(y) = f(x) 
obtained by the method of variation of parameters, problem 18, using u; = e”* 
in the distinct root case of problem 16 reduces to the sum of the solutions found 
in problem 33 of Exercises V. If we use an 2p as in problem 22, and take χο = 0, 
either of these solutions becomes that found in section 305. 

24. The solution of any system of m equations in m variables y;, where each 
equation is linear in the y; and their derivatives d*y; /dx*, k S Ἢ may be reduced 
to the solution of a series of equations, each linear in one variable. Hint: If 
we regard yj, dy /dx, ---, d"y /dx” as algebraic variables and differentiate each 
of the equations, we increase the number of variables by 1, and the number of 
equations by m. Hence, if m > 1, after a sufficient number of differentiations, 
μι and its derivatives may be eliminated, and similarly for the other variables 
until only one is left. 

25. A system of m linear equations in m variables with constant coefficients, 
by problem 24, leads to a series of equations in one variable with constant 
coefficients. These may be solved by problem 23. Or the method of section 305 
may be applied directly to the system. 
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26. The equation (ax + by +c) dx + (αν + by +c’) dy =0, or more 
generally the system dz; [11 = ἀχ2 [1.2 = --- = dx,/L,, where L; = Σ, a;j;0; + 
j= 


ci, 1s solvable explicitly. Hint: Put each fraction equal to dt, so that 
dx; [ἀξ = L,, a system of linear equations with constant coefficients solvable 
by problem 25. 

27. Riccati’s equation, dy ἀπ = P(x) + Q(z)y + R(x)y?, is reducible to a 
linear equation of the second order, d?u /dx? — (Q + R’/R) du/de + PRu = 0, 
by the substitution y = —1/Rudu/dz. The Riccati equation is solvable if one 
solution is known. The solution is a linear fractional function of c, the constant 
of integration. Hint: A known solution y; leads to a known solution μι, and a 
second is found by problem 21. If u = exw; + cowe, ande = 

1 
μι + Cup ; 
= Ru -+ cRue 


28. The general linear homogeneous second order equation, 


d’y dy 

ταῦ Ale) az ἡ Ply = 0 

is reducible to a first order Riccati equation, dz/dz + B+ Az+22=0 by the 
substitution y = el 240, This is less useful than the reverse procedure of 
problem 27. 

29. If a family of solutions of a second-order equation can be found which has 
an envelope with the same second derivative at each of its points as the curves 
of the family, this will give a singular solution of the differential equation. If 
G(z,y,a,b) = 0 gives the solution, and the envelope is obtained by replacing a 
and ὃ by functions of a parameter, the equation for y’ will be unchanged if 
G.a’ + Gb’ = 0. This equation is G’ = 0, where G’ = G, + Gy’. Similarly, 
the equation for y”’ will be unchanged if Gja' + Gb’ = ἡ. Thus, assuming 
G, γέ 0, a necessary condition for a singular solution is GG, —@G, =0. As 
an example, y = ae* + be~* + ab is the solution of y’’? + ἀν’ — ν΄ — ἀν = 0, 
obtained by eliminating the constants α and ὃ. If G = ae? + δε." + ab — y, 
G" = ae* — be* — y’, and G.G, — GG, = —ae* — be-* — 2, Putting each 
of these equal to zero, and eliminating a and b gives: y?+4y+4=0. This 
is more readily found as the discriminant of the differential equation, regarded as 
a quadratic equation in y’”, or eliminant between it and the partial with respect 
toy”, 2y” + 4 =0. Compare the p-discriminant of problem 10. The general 
solution of y’? - ἀν - 4 = Ois(e +h)? = -- - y). Thisis a singular solu- 
tion of the second-order equation. The first-order equation also has the singular 
solution y = —1, which does not satisfy the second-order equation. 

30. For the linear partial differential equation, 


Oz Oz 
A (z,y,2) 5: Ὁ B(zx,y,2) on C(z,y,2), 
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the equations for the characteristics are, by section 315, dv = ἀν [4 = dy/B = 
dz/C. In the discussion of section 317 applied to this case, the cones which the 
tangent planes must touch degenerate into lines, the tangents to the 
characteristic curves. Hence any surface through such a curve is a characteris- 
tic strip. If f(z,y,z) = οἱ and g(z,y,z) = cz are two independent integrals of the 
system dx/A = dy/B = dz/C, and if F is any differentiable function of two 
variables, F(f,g) = 0 defines a surface built up of characteristic curves and 
hence is a solution of the differential equation. 

31. One complete integral of the Clairaut partial differential equation, 
z= px + qy + f(p,q), is given by z = ax + by + f(a,b). 

32. In dynamics, Jacobi made use of the partial differential equation 
AV [δὲ + H(qi, OV /dq;, ὃ = 0. Here V is a function of ¢ and the ng; With 
p; = OV /dq;, the equations (130) of section 315 are: 


_ (7) 
du — dt — aq; = τς Oe, = _\o/] = a, d Pi e 
41 1° OH OV = OH dH oH 
ap, δὲ ἡ FA” ap, δὶ dq: 


Thus, along a characteristic, the Hamiltonian equations: 


dq: Ἢ ape 


weit re satisfied 
a Ob an Ht Bq? are satisfied. 


33. If τὲ and we are two linearly independent solutions of the second order 
linear equation L(y) = 0 of problem 21, the zeros of wu: separate those of ue, in 
the sense that if wi(a) = u:(b) = 0, ue is not zero at α or ὃ, but is zero at some 
point c between a and ὃ. Hint: Use problems 14 and 15, and problem 9 of 
Exercises IV. 

34. For a given function of five variables, f(z,y,z,a,b), let J denote the Jacobian 
of fg and fp with respect to x and y, when z is considered a function of x and y, 
so that 

Jz fox ἘΞ Ph azy Sox ΞΕ Phoz 
fay t+ Qfaz, foy + ἴοι 


‘Show that, if f,~ 0 and J#0 there is a partial differential equation 
F(x,y,z,p,q) = Ὁ of which f(z,y,z,a,b) = 0 is a complete integral. Hunt: Since 
f, ~ 0, the equation may be solved for z, and p and gq are uniquely determined 
from ἔς + pfe = 0, fy tafe = 0. Since J ¥ 0, these equations may be solved 
ior a and b in terms of z,y,2,p,q, and substitution in f gives F. The function 
f(x,y,z,a,b) contains two independent constants, since if it equalled f(z,y,z,c) 
with c = c(a,b),fa = fa and fp = fc» would imply J = 0. 


CHAPTER XVI 


THE GAMMA FUNCTION AND OTHER 
DEFINITE INTEGRALS 


It is often desirable to use asymptotic expansions for functions which 
facilitate their computation for large values of the argument. We 
develop a general theorem on such expansions, the Euler-Maclaurin 
sum formula, after introducing the Bernoulli numbers and Bernoulli 
polynomials which are related to it. 

We then apply the sum formula to the computation of Euler’s con- 
stant, and to the development of Stirling’s formula for the factorial 
function, as well as the Gamma function, I'(z). This function is first 
defined for positive real values of the argument by an integral between 
fixed limits containing the argument as a parameter. It is a gen- 
eralization of the factorial function, since for a positive integer n, 
T(n-+1)=7n!. We obtain some alternative expressions for the 
Gamma function. In particular, we find an expansion for the reciprocal 
of the Gamma function as an infinite product. This shows that T(z) 
has simple poles when z is zero or a negative integer, and is analytic for 
all other finite values of z. 

The Beta function is defined as a definite integral between fixed limits 
containing two parameters. It is expressible in terms of Gamma func- 
tions. 

Finally we discuss briefly, and give asymptotic expansions for a few 
of the more common non-elementary integrals. 

318. Bernoulli Periodic Functions. As a first step toward the study 
of the Bernoulli numbers and Bernoulli polynomials, which are impor- 
tant for certain theorems on expansions, we here define the Bernoulli 
periodic functions, P,(x). We begin by expanding the function x — $ 
in a Fourier series of period unity, which represents it in the interval 
0<x<1. The periodic function defined by this series is odd, so that 
the series is the sine series for x — 4 for the interval 0 < x < %, obtain- 
able by problem 11 of Exercises XIV: | 


0 οἱ 2 
dae ed a eo 0«: «1. (1) 
OD a 2 
Now define Ρι()  -- Στ (2) 


546 
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for all values of z. Then P;(z) is of period unity and is continuous for 
all values different from 0 or an integer. We have 


P,(i—) = 4, Ρι((-:} = Ρ,(01) = —% and P,(1)=0. 6) 


Thus the function P(x) has discontinuities at zero and all the integral 
points. 

Next define P2(x) as the function equal to the trigonometric series 
obtained from the series (2) by formal termwise integration, with the 
constants of integration omitted, namely, 

© cos 2nrzxr 


Pal) = Donte? 6) 


Repeat this process, defining the function P;41 (x) by the series obtained 
from that for P(x) by integrating termwise, and omitting the constants. 
Thus: 


_, & cos 2nrz 
Ρ,κ(α) = (-1)* ᾽Σ 5ak—1, 2k 2 (5) 
and 
ee sin 2ηπ2 
Popyi(z) = (—1)*? Σ πε, ξετι, EH (6) 


Since all the series except that for ῬῚ (x) are dominated by 1:1/n?, for 
all values of x, they converge uniformly and thus have as their sums con- 
tinuous functions. ‘Thus, for k = 2, all the functions P;(z) are con- 
tinuous functions for all values of x. We may obtain the Fourier 
coefficients of the functions by termwise integration of the series, after 
multiplication by factors 1, sin 2nrx or cos 2nmzx. For, since these 
factors are numerically at most unity they do not disturb the uniform 
convergence. This shows that the coefficients of the expansions (5) 
and (6) are Fourier coefficients, and these series are the Fourier series of 
the Bernoulli periodic functions. 

As all of these functions, including P; (zx), are functions whose squares 
are integrable, by section 297 their Fourier series converge in the mean 
to the functions, and the series obtained by termwise integration over 
any finite interval converges to the integral of the function. Thus, from 
the method by which κι (5) was obtained from P(x), we have 


fv Pela) de = Pryale) — Paro) (7) 


This shows that, at all points of continuity of P(x), 


P,(2) = - [Prsi(2)] = Phys (2). 8) 
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Thus this equation holds for all values of x if k > 1, and for all non- 
integral values of x if k = 1. 

If we put a = 0, x = 1 in the relation (7), and recall that Pri (x) is 
of period unity, we find: 


1 
f P,(2) dz = 0. (9) 
0 


The equations (8) and (9) enable us to determine expressions for the 
value of P;,(x) in the interval 0,1. We first note that for0 <2 < 1, 


; ᾿ χα χα 
Bae) = gy Fale) Se iC, (10) 
and since 
} 1 
f Pais 0=—, (11) 
Ε 12 
This shows that: 
a 2x 1 
Ἐπ ary 0 «1 «1. (12) 
By the same procedure we find that 
ge gt 1 
Se es te 1 


We could continue in this way to find a sequence of polynomials such 
that the kth one is of degree k, and equals P;(zx) in the open interval 0,1. 
For k > 1, we could use the closed interval 0,1 since both P;(x) and the 
polynomial of the kth degree are continuous at the end points. These 
polynomials are called the Bernoulli polynomials. 
319. Bernoulli Polynomials. We denote the Bernoulli polynomial 
of degree k by B;, (x), so that: 
2 


L H 


1 
Βι() =z — 2 Bo(x) = 9 δ 2 + 12 » ete. (14) 


Practical methods of finding the B,(x) for larger values of k will be 
given in section 321. We complete the sequence at the beginning by 
putting 

Bo(x) = By(x) = 1. (15) 


From this and equation (8) 


Βίᾳι(α) = B,(x) fork = 0,1,2,---. (16) 
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From equation (9), 
1 

f- Bez) de = 0 (se ee δ, (17) 
0 


This does not hold for k = 0. 

The expansion (5) shows that the function Po,(1 — x) = βακ(α). 
If we put u=2x—4, στ Ἐξ and 1—-x#=-—ut+ 3. Thus 
Po.(u + 4) is an ve function a u. Hence Bo,(x) will be an even 
function of u = x — # for |u| < }, and hence for all values. Thus, if 
Bo, (x) is expressed in pees of (x — 4), only even pone will appear. 
Similarly, if Boz41(x) is expressed in powers of (x — +), only odd powers 
will appear. 

For polynomials of index at least 2, B,(z) = Px(x) on the closed 
interval 0,1. Hence, from equation (6) 


Boxii(0) = Bonyi(Z) = Βομμι (4) = 0, k = 1,2,---. (18) 


And, from equation (5): 


Cor 2: oe) ᾿ 
Box (0) ττ By,(1) = g2k—1, “a2k—1 ὃκ Dee: ’ k= l, Zit (19) 


Equation (18) shows that, in the closed interval 0,1 each polynomial 
of odd index at least 3 has the three zeros 0,4, 1. Moreover, it can have 
no more, since if any odd polynomial Bo;41(z) had an additional root, 
by Rolle’s theorem, its derivative Bj,(x) would have a root between 
each pair of those of Boz4i1(z). Thus Boz(x) would have at least three 


: σ- 1 : 4 ——. 
k=4m k=4m-+1 1 


k=4m-+2 k= pee 


Typical shapes of B,(z), k>2. 
Fig. 27. 


roots in the open interval 0,1 and by similar reasoning Βα... (4) would 
have at least two roots in this open interval, and hence with 0 and 1 at 
least four roots. Continuing in this way, we would come to a contra- 
diction since Bs(x), being of the third degree, can have only three roots. 
The reasoning alse shows that no even polynomial Bo; (x) can have more 
than two roots in the interval 0,1. By considering Box41 (x), and using 
Rolle’s theorem, we see that it has two, one in each of the open intervals 
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0,5 and 4,1. In fact, since Bo, (%) is an even function of u = x — 4, it 
follows that they are symmetrically disposed about the point $4. Hence, 
in the closed interval 0,1 each odd function of index at least 3 has three 
roots given by equation (18), and each even function of index at least 2 
has two roots, separated by these. Hence all these roots are simple, 
since no function has a common root with its derivative in the inter- 
val 0,1. 

320. Bernoulli Numbers. The Bernoulli numbers are defined in 
terms of the Bernoulli polynomials by putting: 


B, = n!B,(0). (20) 
We take 0! = 1, so that Bp = 1. The method of computation already 


indicated shows that the coefficients of the polynomials, and hence 
B,,(0) and By are all rational numbers. Also, for odd subscripts, 


Βι = —3 and Bors =0, k= 1, 2,3,++:. (21) 
The first few B, with even subscripts are: 
1 1 1 1 
Β5)- ς᾽ B= 3p? 28 = gq? PA -τρ’ (22) 


The signs alternate, as we see from equation (19). 
Since the series with term 1/n”*, for k = 1, is dominated by the series 
X1/n?, it converges uniformly in k. Hence 


Ὁ] = 1 
ὩΣ π- Σ(α τι ΠΟ ὦ 
Thus, from equation (19), 
lim Bo, (0) = 0. (24) 
However, we have: " 


since for k = p + ᾳ, with p fixed but >27, we have: 


(2k) ! (2p) ! 
g2k—1 wok 92 p—l 13 » a, (26) 


which becomes infinite when g becomes infinite. 

321. Recursion Formulas. We proceed to prove that the Bernoulli 
polynomials may be symbolically expressed in terms of the Bernoulli 
numbers by the formula: 


Β,(6) = — (ὦ Ὁ BY’, (27) 


Art. 321) RECURSION FORMULAS 551 


where in the expression on the right, each power of B, BF is to be replaced 
by the kth Bernoulli number, B;,, after expansion. It follows from 
equation (27) that the polynomials B,(x) defined by it satisfy the 
relation: 


Buya(z) = = (e+ BY” = Bala), (28) 


the differentiation rule for the right member persisting just as if the B* 
were powers of a constant, since no combination of separate powers is 
made. | 

But, the equation (27) gives the correct value for the first two Ber- 
noulli polynomials: 


Bo(x) = 1, Βι() = 2-3, (29) 


so that when the remaining polynomials are determined in succession 
by integration, in accordance with equation (28), they must give the 
same value as before, except perhaps for the constant of integration. 
But this is right, since equation (27) makes 


B, (0) =; ’ (30) 


and the Bernoulli numbers were defined by this relation. This com- 
pletes the proof that the polynomials B, (x) defined by the relation (27) 
are the Bernoulli polynomials. 

For n at least 2, it follows from equations (18) and (19) that 
B,(1) — B,(0) = 0. From this and equation (27), we have: 


(B -- 1)" — Β' - 0, n=2,3,--°. (81) 


If we put n = 2k + 1, expand and use equation (21) as well as By = 1, 
we find: 


(2k + 1)Box + *t1C3Bor-o + *t'CsBor—4 ++ °° 
+ 2kH1O,, 186 + (2k + 1)(—4) +1=0, bk =1,2,---. (82) 


This may be used as a recursion formula to compute the Bernoulli 
numbers with even subscripts. In succession, each Bo, is given as a 
linear combination of those already found. The values given in equa- 
tion (22) may be checked by this process. 

After the Bernoulli numbers have been found, the Bernoulli polynomi- 
als may be obtained from equation (27). 

We may use the symbolic relations (27) and (81) to establish the 
generating functions for the Bernoulli numbers and polynomials. Let us 
start with 

6(ΒΎ1). = eBtet. (33) 
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This relation holds if B is a number, and hence the coefficients of B* 
on both sides will be the same functions of ¢. Thus, the relation con- 
tinues to hold as a formal identity if B” is replaced by B,. But, for this 
interpretation of B”, we have in consequence of equation (31): 


eBrit _ —Bt — ὦ (34) 
where the term on the right results from the relation 
(B+1)'— Bt = B,+1— B, = 1, (35) 


which replaces equation (31) for n = 1. 
From the symbolic equations (33) and (34), we have: 


eet —1) = ἐ, (36) 
as a formal identity when B” is replaced by B,. Hence: 
t = {” 
= gBt — |? ena 
eb — 1 e x “nn! (37) 


Thus the function on the left is a generating function for the numbers 
B,/n !, since these are the coefficients of its expansion. 
Analogous to equation (33), we have 


e(Bta=)t ἘΞ 68! ev (38) 


which may be used in conjunction with equation (37) to deduce: 


te*" xt Bt (B+2) t τῶ n t” 
: = ee =e = ) (B+ 2) a 
c= ] n=1 nr! 
= 2 Bn(x)t", (39) 
n=1 


by equation (27). Thus the function on the left is a generating function 
for the Bernoulli polynomials. 

The equation (37) enables us to find the coefficients of the power 
series expansions of several related functions in terms of the Bernoulli 
numbers. In particular ¢ coth ¢, tanh ¢, ἐ csch ¢ as well as ¢ cot ¢, tan ¢, 
t csc t are such functions. Similarly the coefficients of the expansion of 
sech ¢ and sec ¢ may be expressed in terms of the Bernoulli polynomials 
by means of equation (39). For the details see problems 8 through 11 
of Exercises XVI. 

322. Euler-Maclaurin Sum Formula. We shall now prove a formula 
connecting the integral of a function with a finite sum. We assume that 
the function, f(x), for all the real values of x considered, has continuous 
derivatives either of all orders, or at least of all orders up to the last one 
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written in any of our equations. Then, in consequence of equations (1) 
and (2), we have for any integral value of k, 


k+1 k+1 
f(z) dz = { Π)ΡΙ(() dx 
k k 
k+1-— k+l 
= f(x) Pi (2) Sie P,(x)f'(x) dx, (40) 


by an integration by parts. By equation (3) and the fact that P,(z) 18 
of period unity, this may be written: 


k+1 k+1 


f(x) dx = aif + 1) + f)] - : P,(x)f'(x) dx. (41) 


By equation (8), we may replace P;(x) by P3(x). We again use an 
integration by parts to obtain: 
+1 


Po(a)f’ (x) dz = i ἜΧΟΝ 


-Γ ΠΡ," (Ὁ de 
k+1 
= 2 ht1) - ΡΟ. -- P2(x)f"" (x) dz, (42) 
since 


B 
P,(k +1) = Pa(k) = P2(0) = Β2(0) = 55° (43) 


When we continue this process, the integrated terms from the polynomi- 
als with odd subscripts will vanish in view of equation (18). Thus we 
find: 
k+1 
f(x) dx = Zif( + 1) + f(®)] 
Bay 


— Be FOP ἘΞ Οἱ 


k+1 
if f Pop (2)f2"(a) dz. (44) 
k 


If we sum both sides of this equation, after making k = 0, 1, 2,---, 
m — 1, we find: 


Bo, 


Σ ΣΕ »- (m) — [(2:-:Ὸ} (0)] a Rn. (45) 
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The remainder after the terms written explicitly is 
= fo Pag(e)f? (2) de (46) 
0 
Let us incorporate the last term of the sum: 
B πηι 
Gr hr? (m) -- Κρ Ὁ (0)] = Ρρκ0) ff ) de, (47) 
(2n) ! 0 
with the term R,, to give: 


Rr1a = f [Pon (x) — Pon (0))f?” (a) dz. (48) 


From equation (5) we see that P.,(0) is a maximum of the function 
Po,(x) when k is odd, and a minimum when k is even. Hence, in all 
cases the factor [Po,(%) — Pe,(0)] never changes its sign, and by the 
theorem of section 125, the remainder is: 


= £2 (0m) f " [Pan (2) — Pq (0)] de, (49) 


where @ is a suitably chosen number between 0 and 1. In view of equa- 
tion (7) this may be simplified to 


Rr—1 as - Ὁ (6m)mPo,, (0). (50) 
Thus we finally have the Euler-Maclaurin sum formula, 


m m—1 
J f(a) da = 3/0) + ΤῸ] + IH 


ἘΦ Bor (2r—1) (2r—1) _ ¢(2n) Bon : 
= , Gr) ton 14 (m) — f (0)] —f | (8m)m @n) | (51) 

Collectively, the terms involving derivatives express the error made 
in computing the integral by the trapezoidal rule for unit intervals. 
The case of equal intervals not unity could be treated by a change of 
scale, u = Az. 

As written the equation expresses an integral in terms of a sum and a 
remainder term. We may also think of it as expressing a sum in terms 
of an integral and certain additional terms, together with a remainder 
term, by writing: 


m—1 m 
Σ 70) = f se) dx + Hf (0) — fm) 
k=0 0 


n—-1 Bar 
+ Σ πρὶ Or) | 


ἢ (μι) -- 7 9) 0)] 


+ f° (6m)m 2. 


(2n) ! 


(52) 
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We may use this formula to sum the powers of the integers, 2”, 
where 7 is a positive integer. In this case the equation may be written: 


m--1 m?t} 
k? = . Lyn? 
k=l Pp + 1 ἈΠῈ 
ον (p -- 2γ- 2) ΤῊ, (58 
ἘΣ at Pe -- 1) +++ (p — 2r-+2)m (59) 
where, 
gat Ξ ἐπ οὐδ; and 5 ἴον P even. (54) 


The terms on the right, combined, equal: 


1 if 

τος σε ..5. 25 (mo + PtIC ΡΒ. + Σ Cam? 2B) ᾿ (55) 
Pp + 1 ral 

where the C’s are binomial coefficients. And, since the B, with odd 

subscripts greater than 1 are zero, this is the expansion of 


1 
——— [(m + B)?t) — ΒΡΤΊ], 56 
ἘΠῚ [(m + B) ] (66) 
with B* replaced by B,. Hence, by using equation (27), we find: 
m—1 
x k? =p! [Bo+1 (m) — Bow (0)]. (57) 


In the sum formula (51), a useful conclusion may be drawn about the 
relation of the remainder to the size of the last term retained, provided 
that, for the orders used, the even derivatives of f(x) are all positive on 
the interval considered, 0 to m. If we denote by ἐμ the term in equation 
(45) involving Bon, we have 


Ra-1 = tn + Rn. (58) 


Our assumption, together with equation (50), shows that A, and Rr1 
are each distinct from zero. And, since the signs of P2,(0) alternate, 
R, and R,_; have opposite signs. Thus: 


lénl = [Rn] + |Real, (59) 


and R, and R,_; are each num< srically less than é,. Consequently, from 
equation (58), R,z_1 has the same sign as fy. 

A similar conclusion holds if the even derivative of f(z) are all nega- 
tive. Also, if f(z) and all the derivatives used approach zero for z — ©, 
and the even derivatives are all different from zero and of the same sign, 
the formula holds with m = © if the sum and integral converge. In all 
these cases, the remainder term is numerically less than the first term of 
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the series omitted, and has the same sign as this term. For the limits m 
and «, the sum formula becomes: 


00 φῶ π-Ὁ}Δ Β : 
Σ Κῶ = f Κὸ de + em) — ESF (m) -- Rs. 60) 


This applies if the conditions hold forz = m. For example, we may put 
f(x) = x"?, p > 1 with m 2 1 to avoid the discontinuity at 0. We thus 


kr? = 
Σ, p—-1l 2m? 
"Bar ς —2r+1 
ἘΣ Ἦν ΠΡ + 1)": (p+ 2-2) - Rar. (61) 


The infinite series obtained by letting n become infinite diverges. In 
fact the terms ultimately increase numerically, as may be shown by 
reasoning similar to that used to establish equation (25). However, 
for any finite value of n, the sum gives an approximation to within the 
magnitude of the first term neglected. The series may be used to com- 


pute Σ Κῆρ, by actually adding up the first m — 1 terms, and using 
k=1 


equation (61) to calculate the remaining part of the sum. If m is fairly 
large, say >10, a relatively few terms will give a good approximation. 
Expansions, whether convergent or not, are called asymptotic expansions 
if for a fixed number of terms, the remainder approaches zero when some 
parameter becomes infinite. In the case of equation (61), R,»1 --Ὁ 
when m — ©, so that this is an asymptotic expansion. Thesum formula 
(60) frequently gives asymptotic expansions. 

323. Euler’s Constant. The sum and integral in equation (60) 
diverge if f(x) = 1/z,m 2 1. However, the limit process which estab- 
lished equation (60) shows that: 


M M n—-l 
lim (= --f =)" ΟΣ tt Ry. (62) 


Μ--π \k=m x 2m {πΞι 2} 


For m = 1, the limit in the left member is known as Euler’s constant, 
and is denoted by y, so that: 


1ΞΡΞΡ1 1 
— ’ στο -- ee - 1 = ae M 4 
Ύ tim (145454 + log ) (63) 
That the limit in equation (63), and hence that in equation (62), exists 


follows from the Cauchy convergence criterion, and the sum formula 
from which (62) was obtained, taken between limits m and M. For an 
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elementary proof, compare problem 9 of Exercises IX. By combining 


ae ge ee 1 
= ΩΝ = τ — log m — — 64 
Σ k J vw k=1 k 6 m ( ) 
with equation (62) we find that: 
m 1 1 n—1 Bo, 
= =—— ae eA ou R,- ° 65 
: k=1 k nee amt 2 Or ; (00) 


For any fixed m, and n— ©, the series diverges. But Rn is 
numerically less than the first term omitted, and since this approaches 
zero for any fixed ἢ, when m -- οὐ, the series is an asymptotic expansion 
for y. It may be used to compute 


y = 0.5772157---, (66) 


for example by taking m = 10 as in problem 14 of Exercises X VI. 
324. Stirling’s Formula for Factorial m. For positive integral 
values of m, 


m!=1-2-3---m, and log (m!) = Σ᾿ logk. (67) 
k=1 


Thus we may use the methods under discussion to obtain an asymptotic 
expansion for log (m !). We put f(z) = log z in the sum formula (52), 
with lower limit 1, and find: 

m—1 

Σ log k = mlogm— πὶ -- ᾧ ἴορ τὰ - 1 

= "1 Bor (m2 — 1) 


+ Σ “ὐ-ἢ Rn—-1. (68) 


By equation (46), the remainder after one term is here: 
mm τη Ρ 
—-R,=- f P.(x)f’’ (x) dx = { wae) a (69) 
1 1 


Since the Bernoulli periodic function 9 (2) is bounded for all values of x 
this integral is dominated by that of a constant times z~”, and so con- 
verges for m— ©. This shows that 


lim flog (M !) — (M +3) log M + M] = K (70) 


exists. Moreover, if we apply the sum formula from m to M, and let M 
become infinite, we find, analogous to equation (65): 
K = log (m!) — (m+ 4) logm+m 

n—1 Bo,m72?*1 


“Σ @na@rat τ WD 
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This equation could be used as an asymptotic expansion for K. How- 
ever, we shall prove that, in fact, K = log ./2z, so that instead we use 
this expansion to calculate log (m !) for large values of m. 

To evaluate K, we recall the product expansion for sin 2, 


ao 22 
ἜΝ (eee 
sinz = 2 ἢ ( 33)’ (72) 


of section 285. For z = 7/2, this gives: 
π 2 1 
‘FED al - 
But, for the product to m terms: 
— mm (2n — 1)(2n + 1) _ 1-8-3-5--- Qm — 1)(2m + 1) 
Pm wei ἢ) ὃ Ὃ Ὸ8.8.4.4.-- (2m) (2m) 
_ (2m) 1Qm+1)! 
= (m 1)4Q4m 
By using equation (70) with M = 2m and M = m, we find that as 
m— οὐ the limit of 
log Pm = 2 log (2m) 1 + log (2m +1) -- 4logm!—4mlog2, (75) 
equals the limit of 
2(2m + ὦ) log 2m — 2(2m) + 2K + log (2m + 1) 
— 4(m + $) log m + 4m — 4K — 4mlog 2. (76) 


(74) 


Consequently: 


lim (log Pm) = lim | og cal 


m 


+ log 2 — 2K | = 2log2—2K. (77) 


On combining this with equation (73), we have: 


0 = log ; + lim (log pm) = log 2x — 2K, (78) 
so that 
K = } log 2x = log ν ὅπ, (79) 
as we stated. 
We may deduce from equations (70) and (79) that 
μι 


him --ε------ = 1. (80) 


The denominator of this expression is known as Stirling’s formula for 
factorial m. In evaluating a limit involving m ! as a factor, we may 
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replace m! by \/2am™*te-™, Equation (80) suggests that Stirling’s 

formula gives an approximation to factorial m with a small percentage 

error for large values of m, and actually the percentage error is small 

even for moderate values of m. Compare problem 15 of Exercises XVI. 
325. The Gamma Function for Positive Real Values. We have 


lim 2?te* = 0 (81) 


enh OO 


for all values of p, by section 92. It follows that for a sufficiently large 
value of M depending on p, 


jer te | <a? «> M. (82) 
Thus by section 166 the improper integral 


f 2? 16 Ὁ dr (83) 
1 


converges for all values of p. 
Again, since for positive values of x 


«Ὁ 16 «Ὁ, (84) 
the integral 


1 
i ge? 1¢-* dz, (85) 
0 


which is improper for p < 1, converges if p is positive. 
It follows that if we set 


T(p) = f zg? 6 5 dx = f t? 16 dt, p> 0, (86) 
0 0 


the function I'(p) will be defined for all positive values of p. It is called 
the Gamma function, as we anticipated in the notation I'(p). 
For a and b positive, we may integrate the proper integral by parts to 


obtain: 
b b b 
f zee * dx = —x?e*| +p { 1Ὁ 6 dx, (87) 


If p > 1, and we let a > Ο and ὃ + ~, this equation leads to: 
T(p +1) = pr(p), p> 0. (88) 
By repeated use of this relation we find: 
Tip +1) =p(p—1)---@—kh)Tp—k), p>k. (89) 
In particular, if p is an integer, n, we find: 
Tin+1)=n(m—1)---2-1F(1) = πὶ, (90) 
since direct integration shows that ['(1) = 1. 
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In any range between two positive values, 0 < ρι S p S pe, the 
improper integral which defines the Gamma function converges uni- 
formly. Thus the function is analytic, 
since the integrand is an analytic function 
of p, and hence the proper integrals are 
analytic functions of p. 

Equation (90) shows that the Gamma 
function of n + 1 is a generalization of the 
factorial function. The function I'(n + 1) 
is defined for all real values of n greater 
than —1. And for positive integral values 
of n, the only ones for which n ! was origi- 
nally defined, T(n +1) =n !. 

326. The Gamma Function for Complex 
Values. An argument similar in character to that given in the last 
section shows that the function 


T(z) 


Fig. 28. 


T(z) = ͵; let dt, Ἐ(2)»Ό0, (91) 


defines a function of z for all complex values of z with positive real part. 
Here ¢ is real, and we define the power by 


= ροεἰ with log ¢ real, (92) 
so that if 
z2=ptis; |e} = let, (93) 


Hence, if p > 0, the absolute convergence of the integral for I'(z) of 
equation (91) follows from the convergence of the integral for I'(p) of 
equation (86). Also, the convergence is uniform for 0 < p; S p S po, 
so that Γ (2) is analytic when p > 0. 

We deduce as before that: 


T(z +1) = 2T (2), (94) 
and hence that: 
Tiz2+1) =22—-—1)-:-- (@-—k)TE— k), (95) 
or 
Γί 1) I'(z + k) 
δ δε EE πο re (80) 


This last equation may be used to define I'(z) for values of z with nega- 
tive real part, by taking k so that (2 + k) has a positive real part. The 
result will not depend on the value of & used, since equations (94) and 
(95) hold when the real part of z is positive. 
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This procedure defines a function I'(z), analytic for all finite values of z 
with the exception of zero and the negative integers. For these values 
the function becomes infinite and has a pole of the first order since one 
factor in the denominator of the expression (96) is zero. 

The equation 


z2!= (z+ 1), (97) 


which holds for positive integral values, is sometimes taken as the 
definition of z! when z is not a positive integer. In particular, this 
makes 0 ! = 1, the usual convention. 

327. The Beta Function. For positive values of p and gq the integral 


i 
f 1» 1(1 — x)?! dx (98) 
0 


converges. For, at each limit, one factor of the integrand is finite and 
the other is, at. worst, a negative power less than unity of a factor with a 
simple zero. Thus the equation 


1 
Bipg) = f 2-2)" ἀν, p>0,g>0, (99) 
0 


defines a function of the two positive real variables p and gq. It is known 
as the Beta function. 

We may express the Beta function in terms of Gamma functions by 
the following device. We have, on putting ἐ = y?, 


r(p) = f ἐς! dt = 2 f y??¢%* dy. (100) 
0 0 


Now multiply ['(p) by I'(q), using this form with the dummy variable y 
replaced by x in the integral for ['(q). Thus: 


T'(p)T(q) = 2 f y2P eH dy 2 f p21 e-2* dy. (101) 
0 0 


We may consider this product as a repeated integral equal to a double 
integral which is improper but converges absolutely. Hence, by the 
reasoning similar to that of section 244 used in problem 32 of Exercises 
XII, we may show that it equals the corresponding repeated integral in 
polar coérdinates, and 


I'(p)T(q) = 4 f ? 16 f sin??—19 cos?4—19 r2?+2e-1e-"" dr. (102) 
0 0 
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By equation (100), with y replaced by 7, we have: 


2 f p2pt2q—le-t dr = T(p + 4). (103) 
0 


Again, if we put 
sin?@ =u, 2sin6cos6=du, cos?@=1— 4, (104) 


we have 
* 1 
2 [ * sin??—! 9 cos?! dg = f u® "(1 — u)*! du = B(p,q). (105) 
0 0 


It follows from equations (102), (103) and (105) that 


Γ()Γ (4) = Pip + g)B(p,q), (106) 
or: 
ἽΝ rere | (107) 


This shows that the function B(p,qg) is symmetrical in p and q. 
If we put p = q = } in equation (102), we find on evaluating the right 


member that: 


[Γ(}]} =7, and Γ() = vr. (108) 
From this and equation (100), with p = 4, we find 
te) “πῃ 
f ar ale (109) 
0 2 


For negative or complex values of the variables, we may use the 
equation (107) to define the Beta function. Thus 


I'(z)T (ὦ) 
T(z2+w)’ 


for all values of the complex arguments z and w. For complex values 
with positive real parts, the discussion of this section applies with slight 
modification, and the function may be defined by an integral similar to 
that of equation (99). 

328. Product Representations. There are two expressions for the 
Gamma function involving products. These may be derived from the 
following equation, in which n is a positive integer, 

π n 
T(z) = lim (1 - *) {1 dt, R(z) » 0, (111) 
0 


Nh 


B(Zw) = (110) 
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which we proceed to establish. This result is suggested by the relation 
t\* 1 γε 
lim (1 - ΠῚ = lim [ᾳ + Dal = ε΄", (112) 
n—->00 n h—>0 


but we require more precise relations to establish the desired result. 
Specifically, we have, for0 St Sn: 


t at 

l--se*, (113) 
t Ls 

1+ = Se, (114) 
i? t?\". 

1-£s(1-4) | (115) 


These relations are all equalities for ¢ = 0, and for other values of 
t < n follow since in each case the derivative of the left member is less 
than that of the right member. The form of the left members is sug- 
gested by the Taylor’s expansions of the functions on the right. 

For R(z) > 0, we have from equation (91) 


iv] 1 
Γ() = { ett dt = lim [ete at, (116) 
0 


nro J 0 


since the integral converges. Thus equation (111) will follow if we 
show that 


f et?! αἱ — f (1 -- *) {αἱ 
0 0 n 
= f E — οἱ (1 - ἢ χὰ dt (117) 
0 ; nr 


approaches zero as n becomes infinite. 
It follows from the relation (113) that 


i\” t\" 
(1 - ἢ set or οἷ (1 - ἢ = 1, (118) 
n n 


And, from the relations (114) and (115) we may deduce that 


n n n 2 
(1 - ἢ z (i++) (1 - £) Sie. (119) 
n n n n 
The relations (118) and (119) may be combined to give | 


n 2 
os1-#(1-<) re (120) 


564 THE GAMMA FUNCTION [Cuar. XVI 


As in equation (93), when 
z=p+is; |t le} = tPle-* (121) 


and we have for the integrand of equation (117) 


1 — ef (1 - =) jews 
n 


Consequently the absolute value of the integral in the right member of 
equation (117) cannot exceed 


1" { pai 1 
-- { etl dt - f δ ΡΤ dt or —T(p+2). (123) 
No NJo nr 


Pe de pe pre 
Ξ-- δ Ρρ or ~—eé€ ‘t?T*, (122) 
n n 


As this approaches zero when n becomes infinite, the relation (111) is 
now established. 
If we put ¢ = nu in the integral of equation (111), we find: 


n i\2 1 
f (1 - ἢ dt = nt f utd — u)" du. (124) 
0 n 0 


An integration by parts gives 


1 n 1 
+ - f (1 —u)" "du. (125) 
0 Ζ“ο 


1 uz 
f we*(1 — u)" du = — (1 — u)” 
0 ΖΦ 


The integrated part is zero, since R(z) > 0, ἔπ Ὁ. If we repeat this 
process until we come to 


1 
1 
ete dy = 12 
J δι Ἐ ΡΝ ( 6) 


we find that 
1 
ἀξ ae _ n(n —1)---2-1 
J δ.“ caer PS | Oe (2+n—1)(2+n) 
This is in agreement with the equations (110) and (95), since by the 
remark made at the end of section 327 the integral is 


FC τ Ba 


(127) 


Tiz+n+1) 
πίσσα te awe) eo mee (128) 
(Ἐπ) Ἐπ -- 1) --- ( - 1 
From equations (111), (124) and (127) we find 
{ z 
T(z) = lim ead (129) 


no 2(2-+1)--: (2+n) 


Art. 328] PRODUCT REPRESENTATIONS 565 


This expression was known to Euler and was used by Gaussas the funda- 
mental definition of the Gamma function. 
The reciprocal of the fraction in equation (129) is 


Ξ aa ΜΕΥ" “a —zlogn 
(1 +2)(1 +3) (142) 


=2 (1 + ἢ δ" (ι + 3 e 2... (1 + =) e *e%*, (180) 
1 2 n 


where 
eRe Boeke loen (131) 
2 3 n 
By equation (63), 
lim gn = y, and lim e%* = ογὅ, (132) 


As the terms multiplying the last may be regarded as the nth partial 
product of an infinite product, we have: 


1 2, Τῇ Ξ er 
T@ = ΟὟ 2 I (1 + =) e*. (133) 


This form is due to Weierstrass, and was used by him as the starting point 
of the theory of T(z). 
Let us consider the logarithm of the typical term of the product, 


Ζ Ζ Υ 1 1 
iog(1 +2) -2= f (Nae (134) 


1 1 
e+n on 


se Net ΡῸ- ἘΞ 
~ In(z + ἢ) 


the series of integrands converges uniformly in any finite region not 
including any of the negative integers. Thus, on choosing branches of 
the logarithmic function as in section 285, we see that the integrated 
series converges uniformly in any such region. We may include any 
one of the negative integers without disturbing the uniform convergence, 
if we omit the corresponding factor from the product. Thus the func- 
tion defined by the right member of equation (133) is analytic for all 
finite values of z. It is distinct from zero if z is not zero or a negative 
integer. Consequently its reciprocal, the Gamma function as defined 
by this relation, is analytic at all points except zero and the negative 
integers. The derivation only proves directly that the definition of Γ (2) 
by equation (133), which is equivalent to equation (129), agrees with 
that previously given by equation (91) for R(z) > 0. However, both 


if n 2 |2zl, (135) 


22 
ne 
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the function defined by combining equation (96) with (91), and that 
defined by equation (133) are analytic for all finite values except zero 
and the negative integers. Hence the difference of the two functions is 
analytic except, perhaps, for zero and the negative integral values. And, 
since this difference is zero for all z with R(z) > 0, it must be zero 
throughout its region of analyticity, and the two definitions agree for all 
values of z. | | 
If we replace z by —z in equation (133), we find: 


1 1 ΓΝ 5 απ (4. 2. 
Tera? al, (1+ 2)e δὰ ἀ( 5) (136) 


But, by section 285, | 
00 z\ 2 00 z 
sin rz = xz IJ’ (1 — Ἴ 65} = πῷΖ ᾿ (1 - =) . (137) 
n nr 


n= —~00 nr 
A comparison of these expressions shows that 


sin 12 ΝΣ 1 = 1 (138) 


by equation (94), which holds for all values of z, and hence when z is 
replaced by —z. Thus we have, finally, 


(139) 


PEE) sin πΖ 


329. Stirling’s Formula for Complex Values. The Euler-Maclaurin 
sum formula, as given by equations (45) and (46) holds even if the 
function f(x) is a complex function of a real variable as in section 119. 
From equation (129), log I'(z) is the limit of 


L(z,m) = zlogm+ Σ᾿ logk — Σ log (2 + k). (140) 
k=l “Ὁ 
If we put π = 2 in equation (68), replace the remainder by its value 


from equation (69), and insert 1/6 for Bz in accordance with equation 
(22), we may write the result: 


- 1/1 .\ 
xX logk = mlogm —m+4logm+1+ a(=- 3) 
k=1 12 \m 


™ P, (2) | 
+ 7 —z dx. (141) 
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For f(z) = log (2 + x), an analogous relation is: 


Σ log (+k) = (+m) log (ὦ +m) —zlogz—m 


+ § log ἃ +m) +h loge +=2( : -ἢ 


2 -Ἐ ηι Ζ 


™ Ρχ() 
+f Gran (142) 


It follows from the last three equations that: 


L(z,m) = —(2 + m+ 3) log (1+ 2) + (z — 4) logz 


1 ἡ Pale) 
εὐ 3 (sen *) J al ne) 


where K., is given by 


m=i+t—= s(=-1)+f Pal) ἃς 
and a 
lim Km = K = log V2r, (144) 


by equations (141), (70), and (79). For z fixed, not a negative real 
number or zero, we may let m become infinite. The integral in equa- 
tion (143) will converge, since P2(x) is bounded, and the integrand is 
ultimately dominated by A/2?, for a ἘΠῚ value of A. Thus we find: 
” Pe(z) 

ο (+2)? 

If the expansion of equation (142) were carried out to more terms, we 
should find: 


log T(z) = —z+ (ὦ — $) logz+ K+ — --- dx. (145) 


Bo, 
log ['(z) = “ΟΕ + K+ Ee at Re 
(146) 
where, by analogy with equation (46), 
_ _ f° Pan(a)(2n — 1)! 
R, = J ae (147) 


Throughout this section, the branch of the logarithms to be used is 
that determined by taking the negative real axis as a cut, and the values 
real for positive real values. The expansion just obtained is valid for 
any fixed n, and any fixed z not on the cut. It is also an asymptotic 
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expansion if z becomes infinite in certain restricted ways, for example if 
z remains outside a sector including the negative real axis. This will 
follow after we prove that, if 


z2=reV=rcosé+irsin®, --π -᾿ ὃ “«θ «τ -- ὃ (148) 


the remainder term has a numerical value less than esc?" (5/2) times that 
of the last term retained. 


We begin by showing that 
ὃ 
ΙΖ + 2| 2 sin 7 (jz] + 4). (149) 
Since 
(r— 2)? 20; (rf +2)? Σ 4rz. 
: ; . 8 ὃ 
But [6] < π — ὃ implies sn 5 < COs 5 , 80 that 
. 99 2.2 ὃ 
—4rz sin 3 = —(r+2)* cos a (150) 


Consequently, 
r? + 2? + 2γχ cosd = (r + 2)? — 4rzr sin? δ = (r+ 2)? sin? τ᾽ (151) 
That is, 
lz + |? = (le| + 2)? sin? τ (152) 
and the inequality (149) follows by taking the positive square root. 
It follows by the argument used to show that the remainder term is 


numerically less than the last term retained when z is real and positive 
that 


 |Pon(z)|(2n — 1)! |Bon| 1 
J (alta) Sonn — geet ὀ [[08) 


But by equation (147) and the relation (149) we have: 
ἰώ — Ι 
Ral 5 f |Pon(x)|(2n — 1) ! oe 
0 


lz + “ἢ 
ond °° Ρικ)(ϑη -- 1) 1 
= csc ah (lz| + 2) dz. (154) 


A comparison of the last two relations shows the relation of the remainder 
to the last term retained stated above, and the asymptotic character of 
the expansion (146) then follows. 
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330. Integral Representations of Euler’s Constant. Certain impor- 
tant definite integrals are simply related to Euler’s constant, which we 
have defined by: 


ya tim (1 ἘΣῚῊΣΕ ἘΞ — log): (155) 
n—>0o 2 3 nN 
We begin with: 
ee ee (156) 
On integrating this from 0 to 1 we find: 
1 1 1 11 -—¢ 
l+5+5t--tinf tae (157) 
Let us replace the dummy variable t by a new variable y, where 
.-4. 3, 
1 = (158) 
Then 
1 — {" ᾿ y\" |dy 
ἐς [0 -0-9}5 
J a= J le (159) 
Since 
"dy 
—logn = — -Ξ (160) 
i ἡ 


it follows from equations (157) and (159) that + is the limit of 
1 1 1 n n π 
ti tite tigre {{Π-ᾷ. - 9.6 - ΓΞ 
2 8 n 0 n y 1 "Ὁ, 
1 n π n 
-£E-0-YB-£0-3% 
0 nm y i nj y 
The relation (112) suggests that the limit of the last expression is the 
same as that of 
: d ᾿Ξ κα 
f α - σηξξ-- f ἐν τ. (162) 
0 y 1 y 


To verify this conjecture, we note that forO Sy Sn 


y\" y? 
osev-(1-¥) ao (163) 
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as a consequence of the relation (120). Consequently, the final mem- 
ber of equation (161) exceeds the expression (162) by a positive quan- 
tity which does not exceed 


: 2dy 1 f° r 1 
fees * f yey or 58).-3. (104) 
0 ny ndJo n n 


As this has a limit zero, when n —> ©, the number 7 is the limit of the 
expression (162), and 


Ne . α - συ): - od, (165) 


This expresses Euler’s constant in terms of improper integrals. 

The first integral may be computed from the rapidly convergent series 
which results by replacing e~% by its power series expansion and inte- 
grating termwise. The second integral may then be found by combining 
this with the value of γ, equation (66), determined by the method of 
section 323. The results are: 


1 d 
f (1 — 4:7) 4 = 0.79660... 
0 y 
and 
2 dy 
f aire 0.21988 - (166) 
1 


We may obtain another expression for y in terms of an integral involv- 
ing trigonometric functions, by the method of residues of section 278. 
The function (1 — ¢~*)/z has a removable singularity at the origin, but 
otherwise is analytic for all finite values. Hence by integrating around 
a quadrant of a circle of radius unity in the first quadrant, we find: 


: —z dx —z dz — eovyw dy _ 
foa- ot fa-e )Ξ ja 0% = 0, (167) 


where Ὁ. is the circular arc. Similarly, by using a quadrant of a circle 
with are Qe, in the fourth quadrant, we find: 


fa-e%+ fa-e%-fa- 20, (168) 


where we have put z = --ψ on the y-axis. 

Again, the function e~*/z is analytic for all finite values except zero, 
so that its integral around a quarter of a ring bounded by the are Q,, 
a large quadrant ΟἹ in the first quadrant, and portions of the z- and y 
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axes will be zero. The reasoning of section 281 shows that the integral 
around the large quadrant ΟἹ approaches zero as its radius becomes 
infinite, and hence: 


οὗ οΌ 
{ es nie ew YY - f e* = = (. (169) 
1. 


μη asl y ᾿ Ζ 


A similar quarter ring in the fourth quadrant may be used to give 


@ ; ad @ 
f wt _ [ eS f ae (170) 
1 y 1 L Q: Ζ 


where we have again put z = --ἶψ on the y-axis. 
If we add the members of equations (167) and (170), and subtract 
those of equations (168) and (169), we find: 


1 οὔ 1 
2fa-enS-2f Ss [τὴν να σὴ 
0 at 1 μη 0 y 


“pens SEQ fe 


But, by putting z = e” in each case, we find 
f 2: (ie st .ἐττ᾿ | (172) 
Q 


This shows that the last two terms of equation (171) cancel, and the 
equation may be written: 


1 ne) 
[«-“05- [«5- 
0 τ 1 x 
: d ἣ d 
f= cosy 2 - f cosy (173) 
0 y σι y 


From this and equation (165) we obtain 
: d = d 
v= f (1 -- cos y) “ἢ -- f cos y “Ὁ (174) 
0 y 1 7] 


the expression for y in terms of integrals of trigonometric functions which 
we were seeking. 

331. Some Non-elementary Integrals. Consider the exponential 
integral - 


Oo  —+t 


EI (2) = f dt, 2 > 0. (175) 
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We find by successive integration by parts that 


1 ΞΘ Τ. 2] nn! 
EI(z) =e |e- Sto t(D ἀπ | + Ress (176) 
where | 
Raa Aaa { eter? αἱ, (177) 


As z is positive, the integral is increased by replacing the power of t by 
the corresponding power of z, so that 


[Ragil S (n +1) Τα π 2, (178) 


Thus the remainder term is numerically less than the term following the 
last term used in the expansion (176). For sufficiently large values of z, 
one of the early terms will be small, and the series may be used to com- 
pute the integral. It is only an asymptotic series, however, since 
although for fixed n and increasing x the remainder approaches zero, for 
fixed z and increasing n the series diverges. This follows from the fact 
that the ratio of consecutive terms is numerically n/z, which becomes 
infinite with n. 

An expansion of Ε (x), convergent for all values of x, may be obtained 
by using a result based on equation (165). We have: 


5 Ὁ; 7 _,dt 
ΕἸ) = [ σις [ στε [τ 
z t z t 1 t 


1 1 
- feos fa-4-, (179) 
z t 0 t 
= f ( -- ens — log z — ¥. (180) 
0 
If the first integral is expanded in a power series, we find: 
x x 
BES 2 δ Pe St τι ὦ (181) 
The logarithmic integral, 
iz= [τ OS2<1, (182) 
0 log t 


may be transformed into the exponential integral, by ἐ = ¢~, 


re d 
liizg= — f got ee ee — EI(—log z). (183) 
~—log z U 
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We may treat the cosine integral, 
i dt 
ΟἿ = f cos t= (184) 
in a manner similar to that used for the exponential integral. The 


asymptotic formula for large values of z is: 


sin 2 S74 21S 2155Ξ- tes (185) 


CI(x) = 
By using equation (174) we find that: 


CI(z) = a (1 — cos i —lgz—yvy (186) 


x? ΠΝ 


which may be used to calculate the integral for all values of z. 
For the sine integral 


SI(z) = f ali iS, (188) 


we may use integration by parts to obtain the asymptotic expansion: 


τος = 21 gE (189) 


SI(z) = 


To obtain an expansion convergent for all values of x, we recall equa- 
tion (221) of section 281, namely, 


°o. dt π 
[{ εἴπ ὁ τ = 5° (190) 
It follows from this that 
SI(z) = fi sine S — f sin 2 
J 
© x? x 
“9 “S51 B51" oom 


Similar methods apply to the probability integral, 


τὴς a ε΄ cad 
fe dz = x -- 3 t 5 -a7 + Toa (192) 
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the Fresnel sine integral 


x 3 7 11 
Ἔν. οὐ ΤῸ δ΄ ee 
J sine ἀν τος πο τ ἜΤ ΕΠ (198) 


and the Fresnel cosine integral 


z x5 .9 
[τος CES eat Gay (194) 


These power series converge for all values of x. 
The integrals from xz to © may be obtained from those from 0 to z 
by using the evaluation: 


f πα: aM, (195) 
ἰ 2 


found in equation (109), and the two derived from it in problem 47 of 
Exercises XIIT: 


00 / on 00 
f sin z?dx =——— and f cos x7 dz = ——- (196) 
0 4 0 4 


For the integrals from z to οὐ, the asymptotic formulas: 
ἘΦ (1 1 3 
J dx =e (--aatae- sat .) (197) 


τον cosa” πα 38cosz* 3-5sin2z? 
sin MY dz = + ρας Ne ee ee + eee ἢ 
Ζ 


Qn 2743 234° QA? 
(198) 
00 - 2 2 - 2 2 
24 _ _ sing cos x 3 sin x _ 3:5 cosz = 
J ae ἘΣ Qu + 2743 ᾿: 234° Q4z7 , 
(199) 


may be found by integrating by parts, πὸ each case taking as the factor 
to be integrated ze~’, ἃ sin x”, or x cos 2”. For sufficiently large values 
of x, these may be tied to compute the integrals from x to οὐ, and the 
values of the integrals from 0 to x may then be found for these large 
values by making use of equations (195) and (196). 


EXERCISES XVI 
m+1 
ee ere 
f ame P2* dg = ae «if m> —1, p> 0, g> 0. 
Qp a 


Hint: Change the variable from z to t = pz‘. 


1. Show that 
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2. Show that 


1 —1)"T 1 
[τ dog 2)" az = —E, if m> --ἴ, πα,» —1. 
0 


(n + 1)" 
Hint: Change the variable from x to ὁ = —(n + 1) logz. 
3. Let 
οΌ 1 ΟΌ 1 οο (—1)* 
Hy= Σ ip? to = Σ, eae. he ν"Ξ Σιν» 


where p> 1 and need not be integral. Show that 89 = (1 — 2-°)H, and 
t» = (1 — 2-?*1)H,. When p is not an even integer, H, may be computed by 
equation (61), but if p is an even integer the value is determined exactly by 
equation (5) as 

Q2n—l yen ( — 1)" "Boy 


Hon = (2n) ! 
Hence, in particular, 
ar? Prana 1? 
Hy =’ 82 5 τ ἰδ τὸ Fo" 


4, Show that 


* (—log x)? o 1 
f i-z @ Tip+1) 2 oa P 
For the calculation of the sum, or exact evaluation when Ὁ is an odd integer, see 
problem 3. Hint: Expand 1/(1 — x) in a power series and integrate termwise. 
The process is valid by section 247. Since for 0 « x < 1, the partial sum 
n ; Ἱ --:- grt 2 
Σ xz! = ———  < >—> the partial sums are dominated by twice the 
i=0 1-—z 1-- 
original integrand. 
5. Show that 
1 (—log 2)" - (-1)4 
eee esa = See Sve 
or ee dz (m + 1) Σ, [mel 
For the calculation of the sum, or exact evaluation when m is an odd integer, see 
problem 3. Hint: Proceed as in problem 4. 
6. Show that 


: dx 1 log ὦ π 
[΄«α-Ξ- ἀν -- --π-- 


» if m> —1, 


0 1] -- 


Hint: Integrate by parts or put x = 1 — u, and use problem 4. 
7. Show that 


foi faye [3533 4 a 
pe Pe Το a 


Hint: Integrate by parts, and use problem 5. 
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8. Verify that 


2t eo (2t)* 
tcothi—t= ee ἘΣ Σ Bs ae 
and deduce that 
πε rs) 2: 2h 
cothz=7+ 2 Bu apie 
and hence 


1 60 (-- 523» ΠΗ 
cot z = 2+ Bu (2k) | Ζ ° 
By problem 3, the last result is in accord with that of problem 51, Exercises 


XIII. 
9. Prove the identity tanh z = 2 coth 22 — cothz, and deduce that 


οΌ Qrk — 1)Q2% 
aise Σ ) 


Penne γι ἀν ΤΙΕΩΝ 2k—1 
A Gh Ba: 
Similarly deduce that 


rs] (22% ae 1)27*(—1)*-1 

tan z = ree 
= 2 ait 

either from the identity tan z = —2 cot 22 + cot z, or from the result for tanh z. 

Hint: Use problem 8. 


10. Prove the identity csch 2 = —coth z + coth =? and from this and prob- 


lem 8 deduce that csch z = + ae 40 Ὁ 
" kal a ! 


or the identity csc z = —cot z + cot : » deduce that 


Byz?*', Also, either from this 


(2 — 2"*)(—1)* 
em ea 


11. Verify the identity 2¢ sech ¢ = 4te* /(e* — 1) — 4te /(e* — 1). By equa- 
tion (39), the right member is 


Σ (Bald — Β.([)](4)", or = -2Βω (1) (40) 55} 


by section 319. Hence 
sech z = Σ -- Βα, s(})42* +127, 
and = 
sec Ζ = Σ (—1)FH Bop, (3) 424 +128, 


12. Operational notation. Let D denote the operation of differentiation, and 
A denote the operation of increasing x by a and taking a difference, as in section 


EXERCISES XVI 577 


93. Then 1+ A = e®? is an abbreviation for Taylor’s series, since when e? is 
expanded in a power series, and we operate on F with each side: 


(1 + Δ) = F(z) + F(x + a) — F(z) = F(z + 9), 
and 


oF Ὃ 


4 
(1: αν ἘΞ’ 6: .»- F(x) + aF’ (xz) + ——— ἘΠ... 


The abbreviation for the Euler-Maclaurin sum formula may be found by formal 
transformations of 1 ὯΝ Δ = 65} into aD = AaD /(e*? — 1). If we expand the 


right member into Σ AB, ΟΣ by equation (37), and operate with each side 


F= dt, find: 
on J we fin 
af(z) = aDF = x, AB, “Ὁ: = [Ὁ dt -- “fe + a) -- [(}} 
au n! 2 


+ Be pone + a) — f-@)). 
ral (2r) 1 )! 
With a = 1 and z = k, and the infinite series replaced by a finite sum and a 
remainder term, this is essentially equation (44), from which we derived the 
Euler-Maclaurin sum formula. 

13. While the operational procedure of problem 12 proves nothing, it fre- 
quently suggests expansions which may be shown to be convergent or asympto- 
tic by other means. For example, an expansion in terms of differences useful for 
numerical integration is suggested by transforming e*? = 1+ Δ into 


A/D = aA flog (1+ A). This cugeests [7 “ΤῸ ἀϊ = a(1+A/2 -- A?/12 + 


A? /24 —---)f. Show that, if all differences after the fourth are zero, the 
result obtained by using this for z to z + a and z + a to z + 2a is the same as 
that found by Simpson’s rule, section 145, for the single interval from z to 
z+2a. Hint: For 2 + a to xz + 2a we operate with (1 + A), and the first 
result is a(2 + A)(1 + A/2 — A?/12 + A®/24)f. The result from Simpson’s 
rule is α (8 [1 + 4(1 + A) + (1+ Δ). These agree since ΔῈ = 0. 

14. Show that the value of 7 in equation (66) may be found from equation 
(65) with m = 10 and the terms in B, and B,, since the term in Be, and hence the 
remainder is less than 5 - 107°, 

15. The percentage error made by replacing m ! by Stirling’s approximation, 
ν πη" "1136: is less than 0.1 per cent if m exceeds 100, less than 1 per cent if 
m exceeds 10, and less than 10 per cent if m exceeds 1. 


ὃ 
16. Show that [ ( -- a)™(b -- 2)" ἀν = (ὃ -- a)™** Bim + 1, π + 1), if 
α 
b>aandm> --ἴ,η} —1. Hint: Replace z by t, where z — a = (ὃ — ΟΝ. 
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17. Show that 
ip n+¢m+1 
f x™ (pe == x%)" dx = pt B(n + 1, “1 
0 ᾳ ᾳ 


ifp>0,¢>0,m> —landn> —1. Hint: Replace x by t where χα = p%. 
18. Show that 


[᾿ sin 2 cos" x de = = B Lar 
0 2 2 2 


ifm> —1,n> —1. Hint: Change the variable to ¢ = sin? x. 
19. As a special case of problem 17 or 18, we have: 


2. 2 1, /m+11 
sin” ὁ dt = f cos” αἱ = :8(5::,} »>m> --ἹἹ 

fos Vlil—~— ro 0 0 2 2 2 
The right member is $[['({m + 1} /2)T(1/2)]/{I'\(m /2 + 1)], and for m an even 
integer, 2n, is a ye Oe 5 ; while for m an odd integer, 2n + 1, it is 

2.4.6--- (2n) : 
3°5-7---(2n+ 1) 

20. Wallis’s product for x. Show that the integral of problem 19 decreases as 
m increases through integral values, so that 


2-4:-6--- (2n) «1.3:5.-.  ὧὥΝ - τ 2.4.6 ++ (Qn -- 2) 
8.8.7... (2 -ἰ 1) 2-4-6---(Q2n) 2 3-5-7+--(Qn—1) 


Deduce from this that 


where the partial products are alternately in excess and defect. This is essen- 
tially equation (73). This derivation may be made “ elementary ” since the 
integrals of problem 19 may be evaluated without using the theory of the Gamma 
function, for example by integrating by parts. 
οῦ am 
21. Show that [᾿ a oo 7 - BH) if 
ο (l+ pa Gps 4 q 7 

p>0,q¢q>0,m> —landk> (m+ 1)|ᾳ. Hint: Replace the variable z by t¢ 
where (1 + ρχ 4) } = 1 — ἐ. 

22. It was proved by contour integration in problem 40 of Exercises XIII that 


O wp 
{ ~ dy = —"— if0<p <1. Verify this result by using Gamma functions. 
o l+z sin pir 


Hint: By problem 21 the integral equals B(1 — p,p) = ΓᾺ — p)T(p) = 7 


by equation (139). 
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23. In n dimensions, let V, be the volume for which x;20, Σ 2; Sa. 


i=l 
Then f. amigm:... πα dV, = I(n,a), where m; > —1, equals 
Vv 


᾿ TIT (m; + 1) 
T(Lm; + 2+ 1) 


απ 


with « from 1 to m in the sums and product. Hint: For n= 1, 


I(1,a) = [τ dx and a™™t [[(m, + 1] ΠΡῸΣ; + 2)] = amt /(m, + 1). 
0 : 


Now use mathematical induction. I(n,a) = f xn dznl(n — 1, α — Zn) = 
0 


I(n -- 11) fama — 2,)7 dz, = απ Bim, + 1, ὦ - Din — 1,1) = 
a™nt sti Tim, +1)PrV4+))]AT(m, + J + 2)il(n — 1,1), where throughout 
J = Em, +n—1. Thus m +4 +1= Dm;+7, and the calculation 
ἐσ: πὲ result true for n if true for πὶ — 1. 


π . P; 
24. If V,isdefined by x; 2 0, Σ (=) S l,andm,;> --ἰ, 


ἊΣ t=1 \Q; 


ees) 
{ ἀὔηαξ'ν τ. ane dV, = Sh ΟΣ ἐς 2 
‘ le) ] 
ἐπὶ Di | 


The integrals of this problem are known as Dirichlet’s integrals. In three dimen- 
sions they enable us to compute the volume, first and second moments, and 
hence centers of gravity and moments of inertia of octants of solids bounded by 


2 Tr 


Pp ᾳ 
surfaces (2) + (9 + (®) = l,e.g., an ellipsoid. Similarly in two dimen- 
a c 
sions for the areas and moments of quadrants of areas bounded by 
Pp g 
() + (*) = l,eg.,anellipse. Hint: Reduce this integral to that of prob- 
a 


lem 23 by the change of variable (ας /a;)?i = τις. 
26. If F(u) is continuous, V, is the volume of problem 23, and m > —1, 


. Wrom;+1 ῥ6 
then f F ( z τι) seedy, τ το ----- { F(u)u2™ st"! du. 
V., t=1 Ὁ Pim, +n) Jo Ἔ 


Hint: Approximate the multiple integral by a single sum, using as element of 
volume that between }oz; = wand Dz; = u+ Au. This element is Au times 
an intermediate value of dI(n,u) /du, where I(n,u) is the integral of problem 23 
with u in place of a. 
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26. If F(u) is continuous, V, is the volume of problem 24, and m; > —1, then 


LL EG) τ τος. 
3 tml \@; 


Emm M/S (tt) 


rere] ἡ 


Hint: Use the result of problem 24, with a; replaced by a;u, and then proceed 
as in the preceding problem. 


27. If U denotes the volume of a “‘ sphere ”’ in n dimensions, made up of points 
q( B+) /2 


1 
is FR —————— _— 
such that Σ σῇ S R?, show that " ; τ ΑΥ̓͂, τα + 1/2] Rk" 


Hint: The integral is 25 times the part with positive codrdinates. By problem 
26 this is reducible to that found in problem 17. 

28. The “ volume” of an n-dimensional “‘ sphere’ of radius 2 is equal to 
x/?2R*/Ti(n/2) + 1] and the “‘ surface” is nx*/2R"—! /T[(n/2) +1]. Forn = 
2, 3, 4 the “volumes” are rR?, $7R° and }2°R‘, while the “surfaces” are 
27h, 4rR* and 27*R*. Hint: Use problem 24, and the hint to problem 27, 
for the “volume.” The “ surface” is the derivative of the “‘ volume” with 
respect to R. 


-Ἰ 


1 4? + x74 : 
29. Show that (i 4+ 2)=?-4 dx = Β( — p, 1 — g) if 0<p< 1, 
0 
1 2? dx ΤΑΥ͂ 1 
0< 1. Hint: = —_—_____—— if =-—- Now use 
ioe 4 (τ 2) J ΠΕΣ uy 
a hut du 


problem 21 to evaluate —_———_ 
o (1 Ὁ τς 


ie) 
30. The function f ate—** dr, for g> —1and z complex is an analytic 
0 


function οὗ Ζ for all z with positive real part, by the argument of section 303. 


οὐ 
Deduce that [ το τ dx = Τίᾳ τ 1), 241|͵, Τὴ 2 Ξ α -τ δὲ = re”, with a> 0, 
0 


—n/2<0< 7/2, we have: 


sh la aE 1) 


ο 
f e~°* cos br χ dx = ————- cos (+ 1)6 and 
0 


oO 
{ e~ sin br xt dz = ae sin (q Ἔ 1)0. 
0 


81.ὄ If R(p) > R(r), and ᾳφ --ὶ, the function whose Laplace transform is 
1/(p — r)*t is xte"2/T'(q + 1). For 4 an integer this agrees with problem 50 
of Exercises XIV. Hint: Put z = p — τ in the integral of problem 30. 
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0 οὐ 
82, By inverting the order of integration in [ dx f dy cos ba y? 'e-*¥ dy, 
0 0 


@cosbr , _ blir 
xP Γ() 2 cos (pa /2) 
fee) 
For the original order, use f yPte—*¥ dy = me » obtained by putting 
0 


chow that if b> OandO<p<1, [ Hint: 
0 


οῦ 
zy = u. For the other order, { cos bz 6 Ὁ dz = τ: τ 7 by section 135, and 
0 

© oP J ὑ»-ὶ οο.,(»-1},2 . Στ ἢ 

; ee = { ea du, if bu τ ν. By problem 22 this is 
ὃ» π 

2. in ( - ἢ as 
2 
@ sin bx bP lr 
$3. P that { => ---. σ΄ » if b> 0Dand0< p<l. 
same eee ΓΑ) 2sin(pr/2)) “Ὁ ᾿ 


οΌ 
Hint: Proceed as in problem 32. Here [ sin br 6" αὐ = εν . 
0 + ν' 


οὐ 
£08 OF ge = ἀν ΓΕ -- p) sin Ἐπ, 


$4. Show that { 
0 


and 


ἐ 
[ Or oe = ὑ» ΤΩ -- p) cos > 
0 xP 2 


ifb > Oand0 <p<1. Hint: Use equation (139), and the results of problems 

32 and 33. Or replace 4, a, 7, θ by —p, 0, ὃ, π /2 in problem 30. That this 

process is valid follows from the fact that the difference between the integral in a 

and that with a = 0 is dominated by the integral of problem 30 of Exercises ΧΙ. 
86. Show that 


r() ony, τῷ 
{ ᾿ cos (bz*) dx = ἘΠ 608 (=) and J i (ba*) dx = δι... sin (=) ᾽ 


1 i 2k 
: ko kb 
οῦ t+) 
if b>0, ΚΡ 1. The special case ff cos “2 dz = { sin 2? dz = vr 
0 0 2ν 2 


agrees with equation (196). Hint: Ῥαύτ = 2*, and use problem 34. 
36. Establish the duplication formula for I'(z): 


T'(22) = γεγο: i: ;) 
(Legendre.) Hint: 


w/2 κ «/2 
{ sin* z cos" «dz = 2 Ὁ" { sin” u du, if u = 2x, or 2 " { gin* “udu. 
0 er So 0 
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Evaluate the first and last integral by problem 18, with n = 22 — 1, toget 
| 1 
Γ() Γί - 
Pele) _ By ik, 
T\(2z) r (- 1 5) 


In the proof z is real, but the result extends to other z by analytic continuation, 
37. Show that if z is not a negative integer, 


ieee | Cee 1 ) 


Γ() Ζ n=1\n etn 
Hence, in particular, if z is a positive integer, k, 
I’ (ἃ) 1 1 1 
ses ΗΒ. ἫΝ jigs Seen Oe Dare ae nee 
ΤΩ) ΓΤ τ ὯΔΕ ΤῊ ΠῚ 


Hint: Use equation (133), take logarithms and differentiate. 
38. If R(z) > 0, the kth derivative of Γ(Ζ) is given by 


αὐ Τί) [ 
--- --ὄ = t?—le—* (log ἐ)}} dt. 
Ἴ τ ως (log ἡ) 
Hint: Use the uniform convergence, for R(z) > p > 0, and reason from this as 


in section 273. 
39. Prove that 
{2n-1 


οο 
Β πὶ = Β n --Ἱ nl = 4 f Tete a oe oe dt 
[Bon] = Ben(—1) ἘΠ a Ὶ 
— ἤ a | 
T 0 1 -- e 27! 


οο {2nre2xt 
= 4 ————_ dt. 
7 f (e?*8 ἜΣ 1)? 


Hint: Use problem 4, with —log z = 2πί, p = 2n — 1 for the first integral, and 
integrate this by parts for the others. 
40. Show that f ὺ "τ dx = πΞ3Β.,(--ἨἸ΄ἡἡ πὶ Hint: Use the last inte- 
0 sinh? 
gral of problem 39, with mt = 2. 
41. Show that f pe dz = τὴ" Β5κ(-- 1)" "(285 -- 1) . Hint: Replace 
| | Yo sinhz 2n 
1 /sinh z by 2/(e* — 1) — 2/(e?* — 1), and evaluate by putting 27t = αὶ and 
at = x in the first integral of problem 39. = 
42. Show that I'(1/m)I(2/m)---T[(m — 1) /m] = (Qrr)m—D12 A/mm, ma 


m-~-1 gm —] m—1 
positive integer. Hint: Σ᾽ z* = is IT ὦ — e*/™), Putz = 1, and 
k=0 z- k=1 
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m—1 
(1 — e2krilm) = (—Qiettt/m) sin ka/m. Then ΠῚ ektifm = elm atl? - met, 


πι--1 m—1 kr 
Thus m = Π (1 — etm) = 25: II sin —. 
k=1 k=1 ™m 
Put I(1/m)T(2/m) -+-T[(m — 1) /m] = P. Then P> 0. Furthermore 
m—1 es m—1 
P= [I T (=) Γ (7) = ἢ - , by equation (139). Thus 
m 


k=1 m k=1 . ko 
sin — 


ΡΣ = (2r)™—1/m, by the result just proved, and P = (2π).5 Ὁ ΙΝ τι. 

43. Demonstrate that Γ(Γ( + 1 [πὸ - - - Τίς + (m — 1) [1] = G@) = 
(Qa) "D2 yl/2—ms T'(mz), (Gauss.) Hint: By equation (129), 1/G(z) is the 
limit of 


IS iat 
n 2 (n tmnt) 


4 mz { 
while I'(mz) is the limit of .ς (πη) ΟὋ ghus mame EM) ig 
mz(mz + 1) - - - (mz + mn) G(z) 


(mn) ! (mz + mn + 1)(mz + mn + 2). - - (mz + mn + m — 1) 
nim—D12(n )myym(nt) oF 


m+ 

— 1)! τῶ = 

(mn τα (ι 4.55}: Pipe Oe τοῖς ὌΝ τ 1\ 
(n 1) mn mn mn 

When n— ©, the factors involving z approach 1, and G(z) = Qm-™T(mz), 


: . (n !)"%m™" 
ῳ n—o (mn — 1) !nomthe 


the limit of 


To evaluate Q, put z = 1/m and use 


problem 42. Thus P = G (+) = Qm-', and Q = mP. 
m 


For m = 2 the relation of this problem reduces to the duplication formula of 
problem 36. 

44. Show that the expression of the Beta function in terms of Gamma func- 
tions, equation (107), may be proved by inverting the order of integration in 


οῦ οΌ οὐ 
{ e~vypta—! dy { ετυχρπι dy, Hint: If ὦ τ τὺ, y? { ee? dz = 
0 0 0 
οὔ 
{ eu?! du = I'(p), so that in the order given the integral is ΓΦ Γῴ). 
0 


ce 
Similarly, (1 + x)?t?¢ J e~(+2)vypta-l dy = T(p+q). Also 


[ Pd 5. χ)τρ «ἀν = Β(ρ,4) 


0 


by problem 21. Thus in the other order the integral is T'(p + q)B(p,q). The 
inversion is justified by section 244, since the integrals converge absolutely. 


17. 
18. 
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Commutative law, 4 
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Conformal transformations, 425 
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Difference equations, 193 (41-44) 
Differences, finite, 144, 193 (42), 232, 576 
(12, 13) 
Differentiable functions, 109, 332 
Differential, 107, 331, 379 
expression, exact, 379 
total, 331, 335, 381 
Differential equations, 516 
analytic solutions of, 516, 520 
Bessel, 468 (10) 
Cauchy-Riemann, 423, 467 (5-7) 
Clairaut, 541 (12), 545 (31) 
continuous solutions of, 520 
differentiable solutions of, 523 
Hamilton-Jacobi, 545 (32) 
homogeneous, 192 (84), 540 (5) 
hypergeometric, 468 (12) 
Laplace, 466 (1, 4), 474 (53), 512 (37) 
Legendre, 468 (11) 
linear, see Linear differential equations 
partial, see Partial differential equa- 
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Riccati, 544 (27, 28) 
separable, 210, 540 (3, 4) 
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systems of, 518, 543 (24, 25) 
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Dirichlet’s definite integrals, 579 (23-28) 
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Divergence, 273, 276, 299, 319, 320 
Domains, 363 
Dominated functions, 400, 404, 469 (17) 
Double integrals, 356 
Duhamel sums, 266, 291, 389 (28) 
Dummy indices and variables, 203 
Duplication formula for the Gamma 

function, 581 (36) 


e, 66, 70 
Elementary functions, 57, 106, 174, 434 
Elliot’s definite integrals, 420 (29) 
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Elliptic integrals, 218 
of the first kind, 227 
Enumerability, 5, 22 (12, 13), 55 (33), 
249, 256, 262 (12) 
Envelopes of curves, 525, 541 (7-9) 
Envelopes of surfaces, 535, 539 
Equi-continuity, 412, 415 
Essential singularity, 452 
Euler-Maclaurin sum formula, 554, 576 
(12) 
Euler’s constant, 326 (9-11), 556, 569 
Euler’s expression for the Gamma func- 
tion, 565 
Euler’s theorem on homogeneous func- 
tions, 352 (12, 13) 
Even functions, 233 (1), 493 
Evolute, 295 (12, 15, 22, 23), 541 (7) 
Exact differential expressions, 379 
Exponential function, 57, 59, 61, 73, 159 
as a limit, 93 (3, 5) 
differentiation of the, 101, 173 
Fourier series for the, 509 (21) 
not algebraic, 144 
order of the, 142 
Taylor’s expansion for the, 128, 148 
(26) 
Exponential integral, 218, 238 (45), 571 


Factor theorem for polynomials, 178 
Factorial function, 557, 560 
Faltung, 498 (*) 
Fejér’s divergent Fourier series, 513 (42, 
43) 
Fejér’s theorem on Fourier series, 486, 
510 (27, 30) 
Finite differences, 144, 193 (42), 232, 576 
(12, 13) 
Force, 288 
Fourier coefficients, 477, 506 (3, 4) 
Fourier integrals, 493, 496 
Fourier series, 475, 483, 490 
differentiation of, 509 (19, 20) 
integration of, 492, 507 (16) 
uniform convergence of, 485 
Fourier transforms, 497, 501, 514 (44, 46, 
47) 
Fractions, partial, 181, 186 
Fresnel’s integrals, 218, 574 
Frullani’s definite integrals, 421 (35) 
Functional dependence and Jacobians, 344 
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Functional equations, 95 (31-33) 
Functions, 24, 38, 46, 157, 422, 464 
algebraic, 143 
analytic, 444, 464, 474 (52-54) 
Bernoulli periodic, 546 
Bessel, 468 (10), 515 (52) 
Beta, 561 
bounded, 41, 194, 239 
bracket, 54 (20) 
characteristic, 242 
complex, see Complex function and 
Complex variables 
composite, 48, 100, 173, 333, 465 
continuous, 43, 47, 158, 195, 396 
decreasing, 37, 115, 256 
differentiable, 109, 332 
dominated, 400, 404, 469 (17) 
elementary, 57, 106, 174, 434 
even, 233 (1), 493 
exponential, see Exponential function 
factorial, 557, 560 
Gamma, see Gamma function 
Gudermannian, 191 (28) 
homogeneous, 352 (12, 13) 
hyperbolic, see Hyperbolic functions 
implicit, 50, 338, 540 (1, 2) 
increasing, 36, 114, 256 
integrable, 195, 239, 358 
~ inverse, see Inverse functions 
limiting, 390 
logarithmic, see Logarithmic function 
monotonic, 36, 115, 255 
non-differentiable, 146 (10) 
odd, 233 (2), 493 
of bounded variation, 256, 260, 263 
(20, 21), 282 
of complex variables, see Complex 
variables 
periodic, 233 (6, 7), 475. 
power, 57, 64, 170 
rational, see Rational functions 
sequences of, 390 
signum, 94 (22) 
trigonometric, see Trigonometric func- 
tions 
variation of, 257 » 
Weierstrass §, 227, 278 
Fundamental theorem of algebra, 175, 
471 (37) 
Fundamental theorem of the calculus, 207 
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Gamma function, 546, 559 
as a limit, 564 
definite integrals related to the, 546, 
574 (1, 2, 4-7), 577 (16-19, 21-30, 
32-35) 
derivatives of the, 582 (37, 38) 
duplication formula for the, 581 (36) 
infinite product for the reciprocal, 565 
product formula for the, 582 (42, 43) 
Stirling’s formula for the, 558, 566 
Gauss’s definition of the Gamma func- 


integration of, 403 
uniform convergence of, 397, 400, 420 
(28) 
Increasing functions, 36, 114, 256 
Increasing variables, 36 
Indefinite integrals, 202, 208 
Indeterminate forms, 121, 130, 132, 134, 
135 
Inequalities, 4, 6, 22 (9-11) 
and absolute values, 154, 156 
and integrals, 199, 435 


tion, 565 and limits, 30 
Gauss’s proof of the fundamental Inequality, Abel’s, 311 
theorem of algebra, 175 Bessel’s, 491 


Schwarz’ s 351 (9), 408, 421 (38) 

Infinite products, 319, 324, 390 
and Gamma functions, 565 
and x, 578 (20) 
and trigonometric functions, 463, 473 

(48) 

Infinite series, 298, 390 
differentiation of, 405 
integration of, 401, 412. 
positive, 302, 308 

Infinitesimals, 123 

Infinity, 26, 157 
not a number, 29 
orders of, 141 
points at, 189 (15), 235 (26) 

Integers, 1 

| Integrable function, 195, 239, 358 

Integral test, 303 

Integrals, 194, 239, 264, 356, 433 
analytic, 448, 502 
complete, 538, 545 (31, 34) 
complex, 433 
containing a parameter, 347, 448 
cosine, 218, 573 
definite, see Definite integrals 
Dirichlet, 579 (23-28) 
double, 356 
elementary, 217 
exponential, 218; 238 (45), 571 
Fourier, 493, 496 
Fresnel, 218, 574 
improper, see Improper integrals 
indefinite, 202, 208 
line, 290 
logarithmic, 218, 572 
multiple, 356, 367 


Gauss’s theorem on Gamma, functions, 
583 (43) 
Gauss’s theorem on integrals, 387 (14) 
Gauss’s theorem on rational roots, 22 (18) 
Geometric representation, 10 
of complex numbers, 152 
of real numbers, 10, 18, 20 
Geometric series, 304 
Gibbs’ phenomenon, 511 (29) 
Goursat, 438 
Green’s theorem, 378, 384, 388 (22-27) _ 
Gronwall, 510 (28) 
Guderniannind function, 191 (28) 


Halphen, 147 (13, 14) 
Hamiltonian equations, 545 (32) 
Hardy’s convergence theorem, 512 (40) 
Hardy’s integration theorem, 469 (18) 
Harmonic series, 306 
Hartogs, 464 (*) 
Heine-Borel theorem, 14, 16, 19 
Higher derivatives, 109, 187, 334 
Homogeneous differential equations, 192 
(34), 540 (5) 
Homogeneous functions, 352 (12, 13) 
PHospital’s rule, 121, 130, 132, 134, 135 
Hyperbolic functions, 104, 167, 174 
expanded in powers, 576 (8-11) 
Fourier series for, 509 (22) 
inverse, 105, 172, 174 
Hypergeometric series, 328 (21, 22), 468 
(12) 


7, 151 

Imaginary component, 152 

Implicit functions, 50, 338, 540 (1, 2) 
Improper integrals, 271, 274, 297 (27) 
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Integrals, non-elementary, 218, 571 
Poisson, 511 (33-37) 
probability, 218, 573 
rationalizable, 216, 235 (23-30), 237 
(36-44) 
repeated, 359 
Riemann, 195, 239, 291, 356, 433 
sine, 218, 573 
Stieltjes, 264, 289 
upper and lower, 239 
Integration, 194, 239, 264, 356, 433 
by parts, 209, 270 
by substitution, 209 
numerical, 228, 554, 577 (13) 
Interchange of order, 334, 360, 393, 398, 
403 
of differentiation, 334, 352 (14-16) 
of integration, 360, 398, 403, 420 (27, 
29-34), 448 
of limits, 393, 420 (27) 
Intermediate values, 45, 117 
Intervals, 11, 18, 20, 37 
Intrinsic coérdinates, 374 
Inverse functions, 49, 99, 147 (16) 
analytic, 425, 471 (32-34) 
integration of, 217, 236 (33, 34) 
Inverse hyperbolic functions, 105, 172, 
174 
Inverse transformations, 354 (28), 425 
Inverse trigonometric functions, 90, 103, 
149 (31), 174 
Inversion, geometrical, 189 (15-17), 236 
(30) 
of operations, see Interchange of order 
Irrational numbers, 5 


Jacobian determinants, 341 
and functional dependence, 344 
and multiple integrals, 369 
and volumes, 371 
for composite transformations, 353 
(19), 369 
for conformal transformations, 428 
for inverse transformations, 354 (28), 
425 
positive and negative, 377 
Jacobi’s partial differential equation, 545 
(32) 
Jordan’s condition for integrability, 246 
Jordan’s theorem on Fourier series, 485 
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Kummer’s criterion, 326 (5-8) 


Lagrange’s multipliers, 353 (27) 
Lagrange’s remainder in Taylor’s 
theorem, 138, 141 
Laplace transforms, 503, 515 (50-52), 
580 (31) 
and differential equations, 504, 543 
(25) 
Laplace’s equation, 466 (1, 4), 474 (53), 
512 (87) 
Laplacian, 355 (32), 388 (22-27) 
Large O notation, 125, 142 
Laurent’s series, 449, 470 (27-29) 
Law of finite increments, 114 
Law of signs, 3, 8, 22 (7) 
Law of the mean, 114, 192 (35) 
Lebesgue’s condition for integrability, 
254 
Lebesgue’s extension of Riemann’s theo- 
rem, 480 
Lebesgue’s proof of Weierstrass’s theo- 
rem, 419 (24) 
Legendre’s duplication formula for 
Gamma functions, 581 (36) 
Legendre’s normal forms for elliptic in- 
tegrals, 219 
Legendre’s polynomials, 468 (11) 
Leibniz’s rule for integrals, 349 
Leibniz’s rule for products, 111 
Length of a segment in n-space, 350 (7) 
Length of arc, 278, 284, 294, 376 
an elementary function, 295 (15-21, 
24, 25) 
in curvilinear codrdinates, 295 (10), 
354 (31-34) 
V’Hospital’s rule, 121, 130, 132, 134, 135 
Limit point, 11 
Limiting function, 390 
Limits, 24, 39 
complex, 156 
conditions for, 32, 35, 156 
greatest and least, 33 
inequalities and, 30 
infinite series and, 301 
one-sided, 39 
sequence definition of, 34 
two-dimensional, 395 
upper and lower, 30 
Line integrals, 290 
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Linear difference equations, 193 (41~44) 
Linear differential equations, 542 (13-25) 
first order, 543 (19) 
homogeneous, 192 (34) 
Laplace, 466 (1, 4), 474 (53), 512 (37) 
Laplace transforms and, 504, 543 
(25) 
partial, 535, 544 (30) 
second order, 544 (27, 28, 33) 
systems of, 543 (24, 25) 
with constant coefficients, 191 (31-33), 
504, 543 (23, 25) 
Linear properties of integrals, 197 
Lipschitz conditions, 205, 263 (20), 415, 
484, 522 
Logarithmic function, 57, 63, 71, 168 
as a limit, 94 (20), 234 (16) 
computation of the, 149 (35) 
differentiation of the, 70, 101, 173 
not algebraic, 144 
order of the, 143 
Taylor’s expansions for the, 149 (33, 
34) 
Logarithmic integral, 218, 572 
Lower bound, 13 
Lower integral, 239 


Maclaurin, 138, 554, 576 (12) 
Mass, 286 
center of, 188 (2), 288 
Mathematical induction, 1 
Maxima and minima, 45, 116, 353 (25- 
27) 
Mean convergence, 407 
of Fourier series, 490 
Mean value theorem, 112, 120, 201, 311, 
336, 365 
Bonnet’s, 311, 329 (26, 28) 
for derivatives, 112, 120, 192 (35), 
336 
for integrals, 201, 311, 365 
Measure, 249, 253 
Mechanics, laws of, 287, 289 
Moment of inertia, 288 
Monotonic functions, 36, 115, 255 
Monotonic variables, 36 
Morera’s theorem, 443 
M-test for uniform convergence, 399 
Multiple integrals, 356, 367 
Multiply connected region, 439 
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Natural logarithms, 70 
Necessary conditions, 32 
Negative numbers, 3, 9 
Nested intervals, 37 
Newton’s method of approximation, 148 
(23, 24) 
Non-differentiable continuous function, 
146 (10) 
Non-elementary integrals, 218, 571 
Non-uniform approach, 392, 418 (15) 
Normal direction, 351 (8), 371 
n-space, 20, 350 (4~9), 367 
n-tuple integrals, 367 
Numbers, 1, 151 
algebraic, 54 (26-34), 263 (14) 
complex, 151 
integral, 1 
irrational, 5 
negative, 3, 9 
rational, 2 
real, 1, 6 
transcendental, 56 (34), 263 (15) 
Numerical integnation, 228, 554, 577 (13) 
Numerical value, 5, 28 (28), 153 


o and O notation, 124, 142 

Odd functions, 233 (2), 493 

Open intervals, 11, 20 

Open regions, 21, 47 

Operational methods, 111, 144, 191 (33), 
504, 551, 577 (12, 13) 

Order in a number system, 4, 6 

Orders of infinitesimals, 123 

Orders of infinity, 141 

Orthogonal curvilinear codrdinates, 354 
(30-34), 387 (9, 10), 467 (6) 

Oscillation of a function, 41 

at a point, 245 
Osgood, 464 (*) 


ᾧ function, 227, 278 

Parseval’s theorem, 492 

Partial derivatives, 331, 335 

Partial differential equations, 528, 534, 
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Cauchy-Riemann, 423, 467 (5-7) 
Clairaut, 545 (31) 
Hamilton-Jacobi, 545 (32) 
Laplace, 466 (1, 4), 474 (53), 512 (37) 
linear, 535, 544 (30) 
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Partial fractions, 181, 186 
Peano’s non-differentiable function, 146 
(10) 
Peano’s space-filling arc, 56 (35) 
Periodic functions, 233 (6, 7), 475 
Perpendicularity in n-space, 350 (7) 
Pi, x, 23 (29), 81, 149 (32), 578 (20) 
Point sets, 11 
Poisson’s integral, 511 (33-37) 
Poisson’s sum formula, 514 (48, 49) 
Polar codrdinates, 91, 295 (10), 467 (5, 7) 
in space, 855 (33, 34), 387 (10) 
Pole, 452 
Polygonal line, 279 
Polynomials, 175, 178 
real, 184 
Positive infinite products, 322 
Positive infinite series, 302, 308 
Power functions, 57, 64, 170 
Power series, 429, 446, 468 (13-16, 18) 
differentiation of, 431 
integration of, 436, 469 (16, 18) 
see also Laurent’s series and Taylor’s 
expansions 
Practical tests for convergence, 308, 319 
Probability integral, 218, 573 
Products, see Infinite products and Signs 
of products 


Quadratic equations, 189 (6, 11) 


Radian measure, 84 
Radius of convergence, 431 
Rational functions, 179 
expanded in powers, 182, 470 (28, 29) 
expansions involving, 461 
integration of, 213 
partial fraction decomposition of, 181, 
186 
Rational numbers, 2 
Rational roots of polynomials, 22 (18) 
Rationalizable integrals, 216, 235 (23- 
30), 237 (36-44) 
Real component, 152 
Real numbers, 1, 6 


decimal and binary fractions for, 53 


(13-15) 
Region, 21 
closed, 47 
connected, 337 
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multiply connected, 439 
open, 21, 47 
simply connected, 438 
Remainder theorem for polynomials, 178 
Repeated integrals, 359 
Residues, 453, 470 (30) 
definite integrals and, 456, 471 (38-47) 
Ricatti’s differential equation, 544 (27, 28) 
Riemann, 423, 467 (5-7) 
Riemann integrals, 195, 239, 291, 356,433 
improper, 271, 274 
Riemann sums, 195, 268, 356, 433 
Riemann’s theorem on analytic func- 
tions, 452 | 
Riemann’s theorem on trigonometric in- 
tegrals, 480 
Rolle’s theorem, 111 
Schloemilch’s remainder in Taylor’s 
theorem, 141 
Schwarz’s inequality, 351 (9), 408, 421 
(38) 
Separable differential equations, 210, 540 
(3, 4) 
Sequences, 24, 390 
definition of limits by, 34 
differentiation of, 407 
integration of, 401, 409 
of functions, 390 
of numbers, 24 
uniformly convergent, 392 
Series, 298, 390 
alternating, 315 
differentiation of, 405 
Fourier, see Fourier series 
geometric, 304 
harmonic, 306 
infinite, 298, 390 
integration of, 401, 412 
Laurent, 449, 470 (27-29) 
positive, 302, 308 
power, see Power series 
Taylor’s, see Taylor’s expansions 
Several variables, functions of, 46 
analytic, 464, 474 (52-54) 
continuous, 47 
Signed elements of area and volume, 
376 
Signs of products, 3, 8, 22 (7) 
Signum function, 94 (22) 
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Similarity transformation, 189 (14), 427 

Simply connected region, 438 

Simpson’s rule, 232, 577 (13) 

Sine and cosine, see Trigonometric func- 
tions 

Sine integral, 218, 573 

Singular point, 451 

Singular solutions, 541 (9-12), 544 (29) 

Small o notation, 124, 142 

Specific force, 288 

Sphere in n-space, 21, 580 (27, 28) 

Stieltjes integrals, 264, 289 

improper, 272 

Stirling’s formula, 558, 566 

Stokes’s theorem, 382 

Sufficient conditions, 32 

Sum formula, 511 (33-37), 554, 576 
(12) 

Summability, Cesaro, 486, 512 (38-41) 

Surface area, 371, 377, 387 (11, 12) 

Sylvester’s dialytic method, 55 (27) 


Tangent hyperplane, 350 (5) 
Tangent line, 112, 120, 147 (11), 350 
(3, 4) 
Tangent plane, 350 (6), 371 
Taylor’s expansions, 125, 137, 442 
bounds for coefficients in, 469 (20) 
differentiation of, 129, 431 
for analytic functions, 442, 465 
for composite functions, 129, 446 
for finite increments, 137, 141 
for infinitesimal increments, 125, 128, 
147 (19) 
for several variables, 337, 466 
integration of, 129, 149 (30), 436 
not approximating a function, 150 (41) 
remainders in, 138, 141 
Test ratio, 305, 308, 319 
Transcendental numbers, 56 (34), 263 (15) 
Transformations, 189 (13), 235 (26), 369, 
425 
affine, 426 
bilinear, 190 (18-20) 
conformal, 425 
inverse, 354 (28), 425 
similarity, 189 (14), 427 
Trapezoidal rule, 230, 554 
Trigonometric functions, 57, 75, 85, 163, 
166 
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differentiation of, 90, 103 

expanded in powers, 128, 148 (27, 28), 
474 (51), 482, 576 (8-11) 

expanded in rational fractions, 463, 
509 (24) 

Fourier series for, 509 (23) 

infinite products for, 463, 473 (48) 

inverse, 90, 103, 149 (31), 174 


Unicursal curve, 235 (23-30) 
Uniform continuity, 42 
Uniform convergence, 392 
integration and, 402, 435 
M-test for, 399 
of analytic functions, 445 
of Fourier series, 485 
of improper integrals, 397, 400, 420 
(28) 
of power series, 430 
Upper bound, 14 
Upper integral, 239 


Variables, 24, 156, 422 
becoming infinite, 26, 141, 157 
change of, 209, 335, 368, 455, 465 
complex, 151, 156, 422, 444, 464 
functions of, see Functions 
limits of, see Limits 
monotonic, 36 
sequences of, 24, 390 
several, 46, 464 
Variation, 256, 282 
functions of bounded, 256, 260, 263 
(20, 21), 282 
of a function, total, 257 
of parameters, 542 (17-23, 25) 
Vectors, 152 
acceleration, 193 (45, 46), 295 (14) 
in n-space, 350 (7) 
representing complex numbers, 152 
velocity, 193 (45, 46) 
Velocity, 193 (45, 46) 
Volume, 367, 377, 387 (9, 10) 


Wallis’s product for π, 578 (20) 

Weierstrass, 12, 18, 146 (10) 

Weierstrass’s approximation theorem, 
419 (24), 489 

Weierstrass’s M-test, 399 
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Weierstrass’s @ function, 227, 278 Zero, 3 

Weierstrass’s product for the reciprocal content, 244, 359 
Gamma function, 565 measure, 250 

Work, 292 no division by, 4, 22 (8) 


Wronskian determinants, 146 (7-9), 238 of a polynomial, 175, 179 
(46), 542 (13-16) of an analytic function, 452 
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WHat Is SCIENCE?, 

Norman Campbell 
This excellent introduction explains scientific method, role of mathematics, 
types of scientific laws. Contents: 2 aspects of science, science & nature, laws of 
science, discovery of laws, explanation of laws, measurement & numerical laws, 
applications of science. 192pp. 53% x 8. Paperbound $1.25 


FADS AND FALLACIES IN THE NAME OF SCIENCE, 

Martin Gardner 
Examines various cults, quack systems, frauds, delusions which at various times 
have masqueraded as science. Accounts of hollow-earth fanatics like Symmes; 
Velikovsky and wandering planets; Hoerbiger; Bellamy and the theory of 
multiple moons; Charles Fort; dowsing, pseudoscientific methods for finding 
water, ores, oil. Sections on naturopathy, iridiagnosis, zone therapy, food fads, 
etc. Analytical accounts of Wilhelm Reich and orgone sex energy; L. Ron 
Hubbard and Dianetics; A. Korzybski and General Semantics; many others. 
Brought up to date to include Bridey Murphy, others. Not just a collection of 
anecdotes, but a fair, reasoned appraisal of eccentric theory. Formerly titled 
In the Name of Science. Preface. Index. x +. 384pp. 53% x 8. 

Paperbound $1.85 


PHYSICS, THE PIONEER SCIENCE, 
L. W. Taylor 
First thorough text to place all important physical phenomena in cultural- 
historical framework; remains best work of its kind. Exposition of physical 
laws, theories developed chronologically, with great historical, illustrative 
experiments diagrammed, described, worked out mathematically. Excellent 
physics text for self-study as well as class work. Vol. 1: Heat, Sound: motion, 
acceleration, gravitation, conservation of energy, heat engines, rotation, heat, 
mechanical energy, etc. 211 illus. 4o7pp. 534 x 8. Vol. 2: Light, Electricity: 
images, lenses, prisms, magnetism, Ohm’s law, dynamos, telegraph, quantum 
theory, decline of mechanical view of nature, etc. Bibliography. 13 table 
appendix. Index. 551 illus. 2 color plates. 508pp. 53% x 8. 
Vol. 1 Paperbound $2.25, Vol. 2 Paperbound $2.25, 
The set $4.50 


THE EVOLUTION OF SCIENTIFIC THOUGHT FROM NEWTON TO EINSTEIN, 

A. d’Abro 
Einstein’s special and general theories of relativity, with their historical implica- 
tions, are analyzed in non-technical terms. Excellent accounts of the contri- 
butions of Newton, Riemann, Weyl, Planck, Eddington, Maxwell, Lorentz and 
others are treated in terms of space and time, equations of electromagnetics, 
finiteness of the universe, methodology of science. 21 diagrams. 482pp. 534 x 8. 
Paperbound $2.50 
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CHANCE, LUCK AND STATISTICS: THE SCIENCE OF CHANCE, 

Horace C. Levinson 
Theory of probability and science of statistics in simple, non-technical language. 
Part I deals with theory of probability, covering odd superstitions in regard to 
“luck,” the meaning of betting odds, the law of mathematical expectation, 
gambling, and applications in poker, roulette, lotteries, dice, bridge, and other 
games of chance. Part II discusses the misuse of statistics, the concept of statis- 
tical probabilities, normal and skew frequency distributions, and statistics ap- 
plied to various fields—birth rates, stock speculation, insurance rates, advertis- 
ing, etc. ‘Presented in an easy humorous style which I consider the best kind of 
expository writing,” Prof. A. C. Cohen, Industry Quality Control. Enlarged 
revised edition. Formerly titled The Science of Chance. Preface and two new 
appendices by the author. Index. xiv 4. 365pp. 53% x 8. Paperbound $2.00 


BASIC ELECTRONICS, 

prepared by the U.S. Navy Training Publications Center 
A thorough and comprehensive manual on the fundamentals of electronics. 
Written clearly, it is equally useful for self-study or course work for those with 
a knowledge of the principles of basic electricity. Partial contents: Operating 
Principles of the Electron Tube; Introduction to Transistors; Power Supplies 
for Electronic Equipment; Tuned Circuits; Electron-Tube Amplifiers; Audio 
Power Amplifiers; Oscillators; Transmitters; Transmission Lines; Antennas and 
Propagation; Introduction to Computers; and related topics. Appendix. Index. 
Hundreds of illustrations and diagrams. vi +. 471pp. 614 x 914. 

Paperbound $2.75 


BASiIc THEORY AND APPLICATION OF TRANSISTORS, 

prepared by the U.S. Department of the Army 
An introductory manual prepared for an army training program. One of the 
finest available surveys of theory and application of transistor design and 
operation. Minimal knowledge of physics and theory of electron tubes required. 
Suitable for textbook use, course supplement, or home study. Chapters: Intro- 
duction; fundamental theory of transistors; transistor amplifier fundamentals; 
parameters, equivalent circuits, and characteristic curves; bias stabilization: 
transistor analysis and comparison using characteristic curves and charts; audio 
amplifiers; tuned amplifiers; wide-band amplifiers; oscillators; pulse and switch- 
ing circuits; modulation, mixing, and demodulation; and additional semi- 
conductor devices. Unabridged, corrected edition. 240 schematic drawings, 
photographs, wiring diagrams, etc. 2 Appendices. Glossary. Index. 26gpp. 
614 Χ 914. Paperbound $1.25 


GUIDE TO THE LITERATURE OF MATHEMATICS AND PHYSICS, 
N. G. Parke III 
Over 5000 entries included under approximately 120 major subject headings of 
selected most important books, monographs, periodicals, articles in English, 
plus important works in German, French, Italian, Spanish, Russian (many 
recently available works). Covers every branch of physics, math, related engi- 
neering. Includes author, title, edition, publisher, place, date, number of 
volumes, number of pages. A 40-page introduction on the basic problems of 
research and study provides useful information on the organization and use of 
libraries, the psychology of learning, etc. This reference work will save you 
hours of time. 2nd revised edition. Indices of authors, subjects, 464pp. 53% x 8. 
Paperbound $2.75 
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THE RISE OF THE NEw Puysics (formerly THE DECLINE OF MECHANISM), 
A. d’Abro 

This authoritative and comprehensive 2-volume exposition is unique in scien- 
tific publishing. Written for intelligent readers not familiar with higher 
mathematics, it is the only thorough explanation in non-technical language of 
modern mathematical-physical theory. Combining both history and exposition, 
it ranges from classical Newtonian concepts up through the electronic theories 
of Dirac and Heisenberg, the statistical mechanics of Fermi, and Einstein’s 
relativity theories. ΧΑ must for anyone doing serious study in the physical 

sciences,” J. of Franklin Inst. 97 illustrations. 991pp. 2 volumes. 
Vol. 1 Paperbound $2.25, Vol. 2 Paperbound $2.25, 
The set $4.50 


THE STRANGE STORY OF THE QUANTUM, AN ACCOUNT FOR THE GENERAL 
READER OF THE GROWTH OF IDEAS UNDERLYING OUR PRESENT ATOMIC 
KNOWLEDGE, B. Hoffmann 
Presents lucidly and expertly, with barest amount of mathematics, the problems 
and theories which led to modern quantum physics. Dr. Hoffmann begins with 
the closing years of the 19th century, when certain trifling discrepancies were 
noticed, and with illuminating analogies and examples takes you through the 
brilliant concepts of Planck, Einstein, Pauli, de Broglie, Bohr, Schroedinger, 
Heisenberg, Dirac, Sommerfeld, Feynman, etc. This edition includes a new, long 
postscript carrying the story through 1958. “ΟΥ̓ the books attempting an account 
of the history and contents of our modern atomic physics which have come to 
my attention, this is the best,” H. Margenau, Yale University, in American 
Journal of Physics. 32 tables and line illustrations. Index. 275pp. 53% x 8. 
Paperbound $1.75 


GREAT IDEAS AND THEORIES OF MODERN COSMOLOGY, 

Jagjit Singh . 
The theories of Jeans, Eddington, Milne, Kant, Bondi, Gold, Newton, Einstein, 
Gamow, Hoyle, Dirac, Kuiper, Hubble, Weizsacker and many others on such 
cosmological questions as the origin of the universe, space and time, planet 
formation, ‘‘continuous creation,” the birth, life, and death of the stars, the 
origin of the galaxies, etc. By the author of the popular Great Ideas of Modern 
Mathematics. A gifted popularizer of science, he makes the most difficult 
abstractions crystal-clear even to the most non-mathematical reader. Index. 
Xli 4. 276pp. 534 x 814. Paperbound $2.00 


GREAT IDEAS OF MODERN MATHEMATICS: THEIR NATURE AND USE, 

Jagjit Singh 
Reader with only high school math will understand main mathematical ideas 
of modern physics, astronomy, genetics, psychology, evolution, etc., better than 
many who use them as tools, but comprehend little of their basic structure. 
Author uses his wide knowledge of non-mathematical fields in brilliant exposi- 
tion of differential equations, matrices, group theory, logic, statistics, problems 
of mathematical foundations, imaginary numbers, vectors, etc. Original publica- 
tions, 2 appendices. 2 indexes. 65 illustr. 322pp. 534 x 8. Paperbound $2.00 


THE MATHEMATICS OF GREAT AMATEURS, Julian L. Coolidge 
Great discoveries made by poets, theologians, philosophers, artists and other 
non-mathematicians: Omar Khayyam, Leonardo da Vinci, Albrecht Diirer, 
John Napier, Pascal, Diderot, Bolzano, etc. Surprising accounts of what can 
result from a non-professional preoccupation with the oldest of sciences. 56 
figures. vili 4 211pp. 53% Χ 814. Paperbound $1.50 
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COLLEGE ALGEBRA, H. B. Fine 
Standard college text that gives a systematic and deductive structure to algebra; 
comprehensive, connected, with emphasis on theory. Discusses the commutative, 
associative, and distributive laws of number in unusual detail, and goes on 
with undetermined coefficients, quadratic equations, progressions, logarithms, 
permutations, probability, power series, and much more. Still most valuable 
elementary-intermediate text on the science and structure of algebra. Index. 
1560 problems, all with answers. x + 631pp. 534 Χ 8. Paperbound $2.75 


HIGHER MATHEMATICS FOR STUDENTS OF CHEMISTRY AND PHYSICS, 

J. W. Mellor 
Not abstract, but practical, building its problems out of familiar laboratory 
material, this covers differential calculus, coordinate, analytical geometry, 
functions, integral calculus, infinite series, numerical equations, differential 
equations, Fourier’s theorem, probability, theory of errors, calculus of varia- 
tions, determinants. “If the reader is not familiar with this book, it will repay 
him to examine it,” Chem. & Engineering News. 800 problems. 189 figures. 
Bibliography. xxi + 641pp. 53% x 8. Paperbound $2.50 


TRIGONOMETRY REFRESHER FOR TECHNICAL MEN, 

A. A. Klaf 
A modern question and answer text on plane and spherical trigonometry. Part I 
covers plane trigonometry: angles, quadrants, trigonometrical functions, graph- 
ical representation, interpolation, equations, logarithms, solution of triangles, 
slide rules, etc. Part II discusses applications to navigation, surveying, elasticity, 
architecture, and engineering. Small angles, periodic functions, vectors, polar 
coordinates, De Moivre’s theorem, fully covered. Part III is devoted to spherical 
trigonometry and the solution of spherical triangles, with applications to 
terrestrial and astronomical problems. Special time-savers for numerical calcula- 
tion. 913 questions answered for you! 1738 problems; answers to odd numbers. 
494 figures. 14 pages of functions, formulae. Index. x + 629pp. 53% x 8. 

Paperbound $2.00 


CALCULUS REFRESHER FOR TECHNICAL MEN, 

4. A. Klaf 
Not an ordinary textbook but a unique refresher for engineers, technicians, 
and students. An examination of the most important aspects of differential and 
integral calculus by means of 756 key questions. Part I covers simple differential 
calculus: constants, variables, functions, increments, derivatives, logarithms, 
curvature, etc. Part II treats fundamental concepts of integration: inspection, 
substitution, transformation, reduction, areas and volumes, mean value, succes- 
sive and partial integration, double and triple integration. Stresses practical 
aspects! A 50 page section gives applications to civil and nautical engineering, 
electricity, stress and strain, elasticity, industrial engineering, and similar fields. 
756 questions answered. 556 problems; solutions to odd numbers. 36 pages of 
constants, formulae. Index. v + 431pp. 53% x 8. Paperbound $2.00 


INTRODUCTION TO THE THEORY OF GROUPS OF FINITE ORDER, 

R. Carmichael 
Examines fundamental theorems and their application. Beginning with sets, 
systems, permutations, etc., it progresses in easy stages through important types 
of groups: Abelian, prime power, permutation, etc. Except 1 chapter where 
matrices are desirable, no higher math needed. 783 exercises, problems. Index. 
XVi +. 447pp. 534 x 8. Paperbound $3.00 
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FIVE VOLUME “THEORY OF FUNCTIONS” SET BY KONRAD KNOPP 


This five-volume set, prepared by Konrad Knopp, provides a complete and 
readily followed account of theory of functions. Proofs are given concisely, yet 
without sacrifice of completeness or rigor. These volumes are used as texts by 
such universities as M.I.T., University of Chicago, N. Y. City College, and many 
others. ‘Excellent introduction .. . remarkably readable, concise, clear, rigor- 
ous,” Journal of the American Statistical Association. 


ELEMENTS OF THE THEORY OF FUNCTIONS, 

Konrad Knopp 
This book provides the student with background for further volumes in this 
set, or texts on a similar level. Partial contents: foundations, system of complex 
numbers and the Gaussian plane of numbers, Riemann sphere of numbers, 
mapping by linear functions, normal forms, the logarithm, the cyclometric 
functions and binomial series. “Not only for the young student, but also for the 
student who knows all about what is in it,” Mathematical Journal. Bibliography. 
Index. 140pp. 53% x 8. : Paperbound $1.50 


‘FHEORY OF FUNCTIONS, Part I, 

Konrad Knopp 
With volume II, this book provides coverage of basic concepts and theorems. 
Partial contents: numbers and points, functions of a complex variable, integral 
of a continuous function, Cauchy’s integral theorem, Cauchy’s integral for- 
mulae, series with variable terms, expansion of analytic functions in power 
series, analytic continuation and complete definition of analytic functions, 
entire transcendental functions, Laurent expansion, types of singularities. 
Bibliography. Index. vii‘ 146pp. 534 x 8. Paperbound $1.35 


THEORY OF FUNCTIONS, Part II, 

Konrad Knopp 
Application and further development of general theory, special topics. Single 
valued functions. Entire, Weierstrass, Meromorphic functions. Riemann sur- 
faces. Algebraic functions. Analytical configuration, Riemann surface. Bibliog- 
raphy. Index. x + 150pp. 53% x 8. Paperbound $1.35 


PROBLEM Book IN THE THEORY OF FUNCTIONS, VOLUME 1. 

Konrad Knopp 
Problems in elementary theory, for use with Knopp’s Theory of Functions, or 
any other text, arranged according to increasing difficulty. Fundamental con- 
cepts, sequences of numbers and infinite series, complex variable, integral 
theorems, development in series, conformal mapping. 182 problems. Answers. 
Vili + 126pp. 53% x 8. Paperbound $1.35 


PROBLEM BOOK IN THE THEORY OF FUNCTIONS, VOLUME 2, 

Konrad Knopp 
Advanced theory of functions, to be used either with Knopp’s Theory of 
Functions, or any other comparable text. Singularities, entire & meromorphic 
functions, periodic, analytic, continuation, multiple-valued functions, Riemann 
surfaces, conformal mapping. Includes a section of additional elementary prob- 
lems. “The difficult task of selecting from the immense material of the modern 
theory of functions the problems just within the reach of the beginner is here 
masterfully accomplished,” Am. Math. Soc. Answers. 1 38pp. 53% x 8. 

Paperbound $1.50 
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NUMERICAL SOLUTIONS OF DIFFERENTIAL EQUATIONS, 

Η. Levy ἃ E. A. Baggott 
Comprehensive collection of methods for solving ordinary differential equations 
of first and higher order. All must pass 2 requirements: easy to grasp and 
practical, more rapid than school methods. Partial contents: graphical integra- 
tion of differential equations, graphical methods for detailed solution. Numer- 
ical solution. Simultaneous equations and equations of 2nd and higher orders. 
“Should be in the hands of all in research in applied mathematics, teaching,” 
Nature. 21 figures. viii + 238pp. 53% x 8. Paperbound $1.85 


ELEMENTARY STATISTICS, WITH APPLICATIONS IN MEDICINE AND THE 

BIOLOGICAL SCIENCES, F. E. Croxton 
A sound introduction to statistics for anyone in the physical sciences, assum- 
ing no prior acquaintance and requiring only a modest knowledge of math. 
All basic formulas carefully explained and illustrated; all necessary reference 
tables included. From basic terms and concepts, the study proceeds to frequency 
distribution, linear, non-linear, and multiple correlation, skewness, kurtosis, 
etc. A large section deals with reliability and significance of statistical methods. 
Containing concrete examples from medicine and biology, this book will prove 
unusually helpful to workers in those fields who increasingly must evaluate, 
check, and interpret statistics. Formerly titled “Elementary Statistics with Ap- 
plications in Medicine.” 101 charts. 57 tables. 14 appendices. Index. vi + 
376pp. 53% x 8. Paperbound $2.00 


INTRODUCTION TO SYMBOLIC LoGIc, 

S. Langer 
No special knowledge of math required — probably the clearest book ever 
written on symbolic logic, suitable for the layman, general scientist, and philos- 
opher. You start with simple symbols and advance to a knowledge of the 
Boole-Schroeder and Russell-Whitehead systems. Forms, logical structure, classes, 
the calculus of propositions, logic of the syllogism, etc. are all covered. “One 
of the clearest and simplest introductions,” Mathematics Gazette. Second en- 
larged, revised edition. 368pp. 53% x 8. Paperbound $2.00 


A SHORT ACCOUNT OF THE HISTORY OF MATHEMATICS, 

W. W. R. Ball 
Most readable non-technical history of mathematics treats lives, discoveries of 
every important figure from Egyptian, Phoenician, mathematicians to late 19th 
century. Discusses schools of Ionia, Pythagoras, Athens, Cyzicus, Alexandria, 
Byzantium, systems of numeration; primitive arithmetic; Middle Ages, Renais- 
sance, including Arabs, Bacon, Regiomontanus, Tartaglia, Cardan, Stevinus, 
Galileo, Kepler; modern mathematics of Descartes, Pascal, Wallis, Huygens, 
Newton, Leibnitz, d’Alembert, Euler, Lambert, Laplace, Legendre, Gauss, 
Hermite, Weierstrass, scores more. Index. 25 figures. 546pp. 534 x 8. 

Paperbound $2.25 


INTRODUCTION TO NONLINEAR DIFFERENTIAL AND INTEGRAL EQUATIONS, 
Harold T. Davis 
Aspects of the problem of nonlinear equations, transformations that lead to 
equations solvable by classical means, results in special cases, and useful 
generalizations. Thorough, but easily followed by mathematically sophisticated 
reader who knows little about non-linear equations. 137 problems for student 
to solve. xv + 566pp. 534 x 819. Paperbound $2.00 
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AN INTRODUCTION TO THE GEOMETRY OF N DIMENSIONS, 

D. H. Y. Sommerville 
An introduction presupposing no prior knowledge of the field, the only book 
in English devoted exclusively to higher dimensional geometry. Discusses 
fundamental ideas of incidence, parallelism, perpendicularity, angles between 
linear space; enumerative geometry; analytical geometry from projective and 
metric points of view; polytopes; elementary ideas in analysis situs; content of 
hyper-spacial figures. Bibliography. Index. 60 diagrams. 196pp. 534 x 8. 

Paperbound $1.50 


ELEMENTARY CONCEPTS OF TopoLocy, P. Alexandroff 
First English translation of the famous brief introduction to topology for the 
beginner or for the mathematician not undertaking extensive study. ‘This un- 
usually useful intuitive approach deals primarily with the concepts of complex, 
cycle, and homology, and is wholly consistent with current investigations. 
Ranges from basic concepts of set-theoretic topology to the concept of Betti 
groups. “Glowing example of harmony between intuition and thought,” David 
Hilbert. Translated by A. E. Farley. Introduction by D. Hilbert. Index. 2 
figures. 73pp. 534 x 8. Paperbound $1.00 


ELEMENTS OF NON-EUCLIDEAN GEOMETRY, 

D. M. Y. Sommerville 
Unique in proceeding step-by-step, in the manner of traditional geometry. 
Enables the student with only a good knowledge of high school algebra and 
geometry to grasp elementary hyperbolic, elliptic, analytic non-Euclidean geom- 
etries; space curvature and its philosophical implications; theory of radical 
axes; homothetic centres and systems of circles; parataxy and parallelism; 
absolute measure; Gauss’ proof of the defect area theorem; geodesic representa- 
tion; much more, all with exceptional clarity. 126 problems at chapter endings 
provide progressive practice and familiarity. 133 figures. Index. xvi +. 274pp. 
53% x 8. Paperbound $2.00 


INTRODUCTION TO THE THEORY OF NUMBERS, L. E. Dickson 
Thorough, comprehensive approach with adequate coverage of classical litera- 
ture, an introductory volume beginners can follow. Chapters on divisibility, 
congruences, quadratic residues & reciprocity. Diophantine equations, etc. Full 
treatment of binary quadratic forms without usual restriction to integral coef- 
ficients. Covers infinitude of primes, least residues. Fermat’s theorem. Euler’s 
phi function, Legendre’s symbol, Gauss’s lemma, automorphs, reduced forms, 
recent theorems of Thue & Siegel, many more. Much material not readily 
available elsewhere. 239 problems. Index. I figure. viii -+ 183pp. 53% x 8. 
Paperbound $1.75 


MATHEMATICAL TABLES AND FORMULAS, 

compiled by Robert D. Carmichael and Edwin R. Smith 
Valuable collection for students, etc. Contains all tables necessary in college 
algebra and trigonometry, such as five-place common logarithms, logarithmic 
sines and tangents of small angles, logarithmic trigonometric functions, natural 
trigonometric functions, four-place antilogarithms, tables for changing from 
sexagesimal to circular and from circular to sexagesimal measure of angles, etc. 
Also many tables and formulas not ordinarily accessible, including powers, 
roots, and reciprocals, exponential and hyperbolic functions, ten-place loga- 
rithms of prime numbers, and formulas and theorems from analytical and 
elementary geometry and from calculus. Explanatory introduction. viii + 
269pp. 53% x 8%. Paperbound $1.25 
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A SOURCE Book IN MATHEMATICS, 
D. E. Smith 
Great discoveries in math, from Renaissance to end of 19th century, in English 
translation. Read announcements by Dedekind, Gauss, Delamain, Pascal, 
Fermat, Newton, Abel, Lobachevsky, Bolyai, Riemann, De Moivre, Legendre, 
Laplace, others of discoveries about imaginary numbers, number congruence, 
slide rule, equations, symbolism, cubic algebraic equations, non-Euclidean 
forms of geometry, calculus, function theory, quaternions, etc. Succinct selec- 
tions from 125 different treatises, articles, most unavailable elsewhere in English. 
Each article preceded by biographical introduction. Vol. I: Fields of Number, 
Algebra. Index. 32 illus. 338pp. 53% x 8. Vol. II: Fields of Geometry, Probability, 
Calculus, Functions, Quaternions. 83 illus. 432pp. 534 x 8. 
Vol. 1 Paperbound $2.00, Vol. 2 Paperbound $2.00, 
The set $4.00 


FOUNDATIONS OF PHYSICS, 

R. B. Lindsay & H. Margenau 
Excellent bridge between semi-popular works & technical treatises. A discussion 
of methods of physical description, construction of theory; valuable for physicist 
with elementary calculus who is interested in ideas that give meaning to data, 
tools of modern physics. Contents include symbolism; mathematical equations; 
space & time foundations of mechanics; probability; physics & continua; electron 
theory; special & general relativity; quantum mechanics; causality. “Thorough 
and yet not overdetailed. Unreservedly recommended,” Nature (London). 
Unabridged, corrected edition. List of recommended readings. 35 illustrations. 


xi + 537PPp. 53% x 8. Paperbound $3.00 


FUNDAMENTAL FORMULAS OF PHYSICS, 
ed. by D. H. Menzel 

High useful, full, inexpensive reference and study text, ranging from simple 
to highly sophisticated operations. Mathematics integrated into text—each 
chapter stands as short textbook of field represented. Vol. 1: Statistics, Physical 
Constants, Special Theory of Relativity, Hydrodynamics, Aerodynamics, 
Boundary Value Problems in Math, Physics, Viscosity, Electromagnetic Theory, 
etc. Vol. 2: Sound, Acoustics, Geometrical Optics, Electron Optics, High-Energy 
Phenomena, Magnetism, Biophysics, much more. Index. Total of 800pp. 53% x 8. 
Vol. 1 Paperbound $2.25, Vol. 2 Paperbound $2.25, 
The set $4.50 


THEORETICAL PHYSICS, 

A. 58. Kompaneyets 
One of the very few thorough studies of the subject in this price range. Provides 
advanced students with a comprehensive theoretical background. Especially 
strong on recent experimentation and developments in quantum theory. 
Contents: Mechanics (Generalized Coordinates, Lagrange’s Equation, Collision 
of Particles, etc.), Electrodynamics (Vector Analysis, Maxwell’s equations, 
Transmission of Signals, Theory of Relativity, etc.), Quantum Mechanics (the 
Inadequacy of Classical Mechanics, the Wave Equation, Motion in a Central 
Field, Quantum Theory of Radiation, Quantum Theories of Dispersion and 
Scattering, etc.), and Statistical Physics (Equilibrium Distribution of Molecules 
in an Ideal Gas, Boltzmann Statistics, Bose and Fermi Distribution. Thermo- 
dynamic Quantities, etc.). Revised to 1961. Translated by George Yankovsky, 
authorized by Kompaneyets. 137 exercises. 56 figures. 529pp. 534 x 81/4. 

Paperbound $2.50 
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MATHEMATICAL Puysics, D. H. Menzel 
Thorough one-volume treatment of the mathematical techniques vital for 
classical mechanics, electromagnetic theory, quantum theory, and relativity. 
Written by the Harvard Professor of Astrophysics for junior, senior, and grad- 
uate courses, it gives clear explanations of all those aspects of function theory, 
vectors, matrices, dyadics, tensors, partial differential equations, etc., necessary 
for the understanding of the various physical theories. Electron theory, rel- 
ativity, and other topics seldom presented appear here in considerable detail. 
Scores of definition, conversion factors, dimensional constants, etc. “More 


detailed than normal for an advanced text .. . excellent set of sections on 
Dyadics, Matrices, and Tensors,” Journal of the Franklin Institute. Index. 193 
problems, with answers. x + 412pp. 53% x 8. Paperbound $2.50 


THE THEORY OF SounND, Lord Rayleigh 

Most vibrating systems likely to be encountered in practice can be tackled 
successfully by the methods set forth by the great Nobel laureate, Lord 
Rayleigh. Complete coverage of experimental, mathematical aspects of sound 
theory. Partial contents: Harmonic motions, vibrating systems in general, lateral 
vibrations of bars, curved plates or shells, applications of Laplace’s functions to 
acoustical] problems, fluid friction, plane vortex-sheet, vibrations of solid bodies, 
etc. This is the first inexpensive edition of this great reference and study work. 
Bibliography, Historical introduction by R. B. Lindsay. Total of 1040pp. 97 
figures. 534 x 8. Vol. 1 Paperbound $2.50, Vol. 2 Paperbound $2.50, 

The set $5.00 


HYDRODYNAMICS, Horace Lamb 
Internationally famous complete coverage of standard reference work on 
dynamics of liquids & gases. Fundamental theorems, equations, methods, solu- 
tions, background, for classical hydrodynamics. Chapters include Equations of 
Motion, Integration of Equations in Special Gases, Irrotational Motion, Motion 
of Liquid in 2 Dimensions, Motion of Solids through Liquid-Dynamical Theory, 
Vortex Motion, Tidal Waves, Surface Waves, Waves of Expansion, Viscosity, 
Rotating Masses of Liquids. Excellently planned, arranged; clear, lucid presenta- 
tion. 6th enlarged, revised edition. Index. Over goo footnotes, mostly bibliogra- 
phical. 119 figures. xv 4 738pp. 614 x 914. Paperbound $4.00 


DYNAMICAL THEORY OF GASES, James Jeans 
Divided into mathematical and physical chapters for the convenience of those 
not expert in mathematics, this volume discusses the mathematical theory of 
gas in a steady state, thermodynamics, Boltzmann and Maxwell, kinetic theory, 
quantum theory, exponentials, etc. 4th enlarged edition, with new material on 
quantum theory, quantum dynamics, etc. Indexes. 28 figures. 444pp. 614 x οὐ. 
Paperbound $2.75 


THERMODYNAMICS, Enrico Fermi 
Unabridged reproduction of 1937 edition. Elementary in treatment; remarkable 
for clarity, organization. Requires no knowledge of advanced math beyond 
calculus, only familiarity with fundamentals of thermometry, calorimetry. 
Partial Contents: Thermodynamic systems; First & Second laws of thermo- 
dynamics; Entropy; Thermodynamic potentials: phase rule, reversible electric 
cell; Gaseous reactions: van’t Hoff reaction box, principle of LeChatelier; 
Thermodynamics of dilute solutions: osmotic & vapor pressures, boiling & 
freezing points; Entropy constant. Index. 25 problems. 24 illustrations. x + 
1Gopp. 53% x 8. Paperbound $1.75 
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CELESTIAL OBJECTS FOR COMMON ‘TELESCOPES, 
Rev. T. W. Webb 
Classic handbook for the use and pleasure of the amateur astronomer. Of 
inestimable aid in locating and identifying thousands of celestial objects. Vol I, 
The Solar System: discussions of the principle and operation of the telescope, 
procedures of observations and telescope-photography, spectroscopy, etc., precise 
location information of sun, moon, planets, meteors. Vol. HI, The Stars: 
alphabetical listing of constellations, information on double stars, clusters, stars 
with unusual spectra, variables, and nebulae, etc. Nearly 4,000 objects noted. 
Edited and extensively revised by Margaret W. Mayall, director of the American 
Assn. of Variable Star Observers. New Index by Mrs. Mayall giving the location 
of all objects mentioned in the text for Epoch 2000. New Precession ‘Table 
added. New appendices on the planetary satellites, constellation names and 
abbreviations, and solar system data. Total of 46 illustrations. Total of xxxix 
+. 6o6pp. 53% x 8. Vol. 1 Paperbound $2.25, Vol. 2 Paperbound $2.25 
The set $4.50 


PLANETARY THEORY, 

E. W. Brown and C. A. Shook 
Provides a clear presentation of basic methods for calculating planetary orbits 
for today’s astronomer. Begins with a careful exposition of specialized mathe- 
matical topics essential for handling perturbation theory and then goes on to 
indicate how most of the previous methods reduce ultimately to two general 
calculation methods: obtaining expressions either for the coordinates of plane- 
tary positions or for the elements which determine the perturbed paths. An 
example of each is given and worked in detail. Corrected edition. Preface. 
Appendix. Index. xii 4+ 302pp. 53% x 814. Paperbound $2.25 


STAR NAMES AND THEIR MEANINGS, 

Richard Hinckley Allen 
An unusual book documenting the various attributions of names to the 
individual stars over the centuries. Here is a treasure-house of information on 
a topic not normally delved into even by professional astronomers; provides a 
fascinating background to the stars in folk-lore, literary references, ancient 
writings, star catalogs and maps over the centuries. Constellation-by-constella- 
tion analysis covers hundreds of stars and other asterisms, including the 
Pleiades, Hyades, Andromedan Nebula, etc. Introduction. Indices. List of 
authors and authorities. xx + 563pp. 534 x 814. Paperbound $2.50 


A SHORT HISTORY OF ASTRONOMY, A. Berry 
Popular standard work for over 50 years, this thorough and accurate volume 
covers the science from primitive times to the end of the 19th century. After 
the Greeks and the Middle Ages, individual chapters analyze Copernicus, Brahe, 
Galileo, Kepler, and Newton, and the mixed reception of their discoveries. 
Post-Newtonian achievements are then discussed in unusual detail: Halley, 
Bradley, Lagrange, Laplace, Herschel, Bessel, etc. 2 Indexes. 104 illustrations, 
9 portraits. xxxi + 440pp. 53% x 8. Paperbound $2.75 


SOME THEORY OF SAMPLING, W. E. Deming 
The purpose of this book is to make sampling techniques understandable to 
and useable by social scientists, industrial managers, and natural scientists 
who are finding statistics increasingly part of their work. Over 200 exercises, 
plus dozens of actual applications. 61 tables. go figs. xix + 602pp. 534 x 81. 
Paperbound $3.50 
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PRINCIPLES OF STRATIGRAPHY, 
A. W. Grabau 
Classic of goth century geology, unmatched in scope and comprehensiveness. 
Nearly 600 pages cover the structure and origins of every kind of sedimentary, 
hydrogenic, oceanic, pyroclastic, atmoclastic, hydroclastic, marine hydroclastic, 
and bioclastic rock; metamorphism; erosion; etc. Includes also the constitution 
of the atmosphere; morphology of oceans, rivers, glaciers; volcanic activities; 
faults and earthquakes; and fundamental principles of paleontology (nearly 200 
pages). New introduction by Prof. M. Kay, Columbia U. 1277 bibliographical 
entries. 264 diagrams. Tables, maps, etc. Two volume set. Total of xxxii + 
1185pp. 53% x 8. Vol. 1 Paperbound $2.50, Vol. 2 Paperbound $2.50, 
The set $5.00 


SNow Crystals, W. A. Bentley and W. J. Humphreys 
Over 200 pages of Bentley’s famous microphotographs of snow flakes—the pro- 
duct of painstaking, methodical work at his Jericho, Vermont studio. The 
pictures, which also include plates of frost, glaze and dew on vegetation, spider 
webs, windowpanes; sleet; graupel or soft hail, were chosen both for their 
scientific interest and their aesthetic qualities. The wonder of nature’s diversity 
is exhibited in the intricate, beautiful patterns of the snow flakes. Introductory 
text by W. J. Humphreys. Selected bibliography. 2,453 illustrations. 224pp. 
8 x 1014. Paperbound $3.25 


THE BtRTH AND DEVELOPMENT OF THE GEOLOGICAL SCIENCES, 

F,. Ὁ. Adams 
Most thorough history of the earth sciences ever written. Geological thought 
from earliest times to the end of the 19th century, covering over 300 early 
thinkers & systems: fossils & their explanation, vulcanists vs. neptunists, figured 
stones & paleontology, generation of stones, dozens of similar topics. 91 illustra- 
tions, including medieval, renaissance woodcuts, etc. Index. 632 footnotes, 
mostly bibliographical. 511pp. 534 x 8. Paperbound $2.75, 


ORGANIC CHEMISTRY, F. C. Whitmore 
The entire subject of organic chemistry for the practicing chemist and the 
advanced student. Storehouse of facts, theories, processes found elsewhere only 
in specialized journals. Covers aliphatic compounds (00 pages on the prop- 
erties and synthetic preparation of hydrocarbons, halides, proteins, ketones, 
etc.), alicyclic compounds, aromatic compounds, heterocyclic compounds, or- 
ganophosphorus and organometallic compounds. Methods of synthetic prepara- 
tion analyzed critically throughout. Includes much of biochemical interest. 
“The scope of this volume is astonishing,’ Industrial and Engineering 
Chemistry. 12,000-reference index. 2387-item bibliography. Total of x +. 
1O05pp. 53% x 8. Two volume set, paperbound $4.50 


THE PHASE RULE AND ITS APPLICATION, 
Alexander Findlay 
Covering chemical phenomena of 1, 2, 3, 4, and multiple component systems, 
this “standard work on the subject” (Nature, London), has been completely 
revised and brought up to date by A. N. Campbell and N. O. Smith. Brand 
new material has been added on such matters as binary, tertiary liquid 
equilibria, solid solutions in ternary systems, quinary systems of salts and 
water. Completely revised to triangular coordinates in ternary systems, clarified 
graphic representation, solid models, etc. gth revised edition. Author, subject 
indexes. 236 figures. 505 footnotes, mostly bibliographic. xii + 494pp. 53% x 8. 
Paperbound $2.75 
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A CouRSE IN MATHEMATICAL ANALYSIS, 

Edouard Goursat 
Trans. by E. R. Hedrick, O. Dunkel, H. G. Bergmann. Classic study of funda- 
mental material thoroughly treated. Extremely lucid exposition of wide range 
of subject matter for student with one year of calculus. Vol. 1: Derivatives and 
differentials, definite integrals, expansions in series, applications to geometry. 
52 figures, 556pp. Paperbound $2.50. Vol. 2, Part 1: Functions of a complex 
variable, conformal representations, doubly periodic functions, natural bound- 
aries, etc. 38 figures, 269pp. Paperbound $1.85. Vol. 2, Part 2: Differential 
equations, Cauchy-Lipschitz method, nonlinear differential equations, simul- 
taneous equations, etc. go8pp. Paperbound $1.85. Vol. 3, Part 1: Variation of 
solutions, partial differential equations of the second order. 15 figures, 339pp. 
Paperbound $3.00. Vol. 3, Part 2: Integral equations, calculus of variations. 
13 figures, 389pp. Paperbound $3.00 


PLANETS, STARS AND GALAXIES, 

A, E. Fanning 
Descriptive astronomy for beginners: the solar system; neighboring galaxies; 
seasons; quasars; fly-by results from Mars, Venus, Moon; radio astronomy; etc. 
all simply explained. Revised up to 1966 by author and Prof. D. H. Menzel, 
former Director, Harvard College Observatory. 29 photos, 16 figures. 189pp. 
5584. X 819. Paperbound $1.50 


GREAT IDEAS IN INFORMATION THEORY, LANGUAGE AND CYBERNETICS, 

Jagjit Singh 
Winner of Unesco’s Kalinga Prize covers language, metalanguages, analog and 
digital computers, neural systems, work of McCulloch, Pitts, von Neumann, 
Turing, other important topics. No advanced mathematics needed, yet a full 
discussion without compromise or distortion. 118 figures. ix + 338pp. 53% x 814. 
Paperbound $2.00 


GEOMETRIC EXERCISES IN PAPER FOLDING, 

T. Sundara Row 
Regular polygons, circles and other curves can be folded or pricked on paper, 
then used to demonstrate geometric propositions, work out proofs, set up well- 
known problems. 89 illustrations, photographs of actually folded sheets. xii + 
148pp. 534 X 819. Paperbound $1.00 


VISUAL ILLUSIONS, THEIR CAUSES, CHARACTERISTICS AND APPLICATIONS, 

M. Luckiesh 
The visua] process, the structure of the eye, geometric, perspective illusions, 
influence of angles, illusions of depth and distance, color illusions, lighting 
effects, illusions in nature, special uses in painting, decoration, architecture, 
magic, camouflage. New introduction by W. H. Ittleson covers modern develop- 
ments in this area. 100 illustrations. xxi 4+ 252pp. 53% x 8. 
Paperbound $1.50 


ATOMS AND MOLECULES SIMPLY EXPLAINED, 
B. C. Saunders and R. E. D. Clark 
Introduction to chemical phenomena and their applications: cohesion, particles, 
crystals, tailoring big molecules, chemist as architect, with applications in 
radioactivity, color photography, synthetics, biochemistry, polymers, and many 
other important areas. Non technical. 95 figures. x + 299pp. 53% x 814. 
Paperbound $1.50 
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THE PRINCIPLES OF ELECTROCHEMISTRY, 
D. A. MacInnes 
Basic equations for almost every subfield of electrochemistry from first prin- 
ciples, referring at all times to the soundest and most recent theories and 
results; unusually useful as text or as reference. Covers coulometers and 
Faraday’s Law, electrolytic conductance, the Debye-Hueckel method for the 
theoretical calculation of activity coefficients, concentration cells, standard 
electrode potentials, thermodynamic ionization constants, pH, potentiometric 
titrations, irreversible phenomena. Planck’s equation, and much more. 2 indices. 
Appendix. 585-item bibliography. 137 figures. 94 tables. ii + 478pp. 554 X 884. 
Paperbound $2.75 


MATHEMATICS OF MODERN ENGINEERING, 

E. G. Keller and R. E. Doherty 
Written for the Advanced Course in Engineering of the General Electric 
Corporation, deals with the engineering use of determinants, tensors, the 
Heaviside operational calculus, dyadics, the calculus of variations, etc. Presents 
underlying principles fully, but emphasis is on the perennial engineering 
attack of set-up and solve. Indexes. Over 185 figures and tables. Hundreds of 
exercises, problems, and worked-out examples. References. Two volume set. 
Total of xxxiii 4. 62gpp. 534 x 8. Two volume set, paperbound $3.70 


AERODYNAMIC THEORY: A GENERAL REVIEW OF PROGRESS, 

William F. Durand, editor-in-chief 
A monumental joint effort by the world’s leading authorities prepared under 
a grant of the Guggenheim Fund for the Promotion of Aeronautics. Never 
equalled for breadth, depth, reliability. Contains discussions of special mathe- 
matical topics not usually taught in the engineering or technical courses. Also: 
an extended two-part treatise on Fluid Mechanics, discussions of aerodynamics 
of perfect fluids, analyses of experiments with wind tunnels, applied airfoil 
theory, the nonlifting system of the airplane, the air propeller, hydrodynamics 
of boats and floats, the aerodynamics of cooling, etc. Contributing experts 
include Munk, Giacomelli, Prandtl, Toussaint, Von Karman, Klemperer, among 
others. Unabridged republication. 6 volumes. Total of 1,012 figures, 12 plates, 
2,186pp. Bibliographies. Notes. Indices. 534 x 812. 

Six volume set, paperbound $13.50 


FUNDAMENTALS OF HypbRO- AND AEROMECHANICS, 

L. Prandtl and O. G. Tietjens 
The well-known standard work based upon Prandtl’s lectures at Goettingen. 
Wherever possible hydrodynamics theory is referred to practical considerations 
in hydraulics, with the view of unifying theory and experience. Presentation 
is extremely clear and though primarily physical, mathematical proofs are 
rigorous and use vector analysis to a considerable extent. An Engineering 
Society Monograph, 1934. 186 figures. Index. xvi + 270pp. 53% x 8. 

Paperbound $2.00 


APPLIED HyDRO- AND AEROMECHANICS, 

L. Prandtl and O. G. Tietjens 
Presents for the most part methods which will be valuable to engineers. Covers 
flow in pipes, boundary layers, airfoil theory, entry conditions, turbulent flow 
in pipes, and the boundary layer, determining drag from measurements of 
pressure and velocity, etc. Unabridged, unaltered. An Engineering Society 
Monograph. 1934. Index. 226 figures, 28 photographic plates illustrating flow 
patterns. xvi +. 311pp. 53% x 8. Paperbound $2.00 
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APPLIED OPTICS AND OPTICAL DESIGN, 

A. E. Conrady 
With publication of vol. 2, standard work for designers in optics is now 
complete for first time. Only work of its kind in English; only detailed work 
for practical designer and self-taught. Requires, for bulk of work, no math 
above trig. Step-by-step exposition, from fundamental concepts of geometrical, 
physical optics, to systematic study, design, of almost all types of optical 
systems. Vol. 1: all ordinary ray-tracing methods; primary aberrations; neces- 
sary higher aberration for design of telescopes, low-power microscopes, photo- 
graphic equipment. Vol. 2: (Completed from author’s notes by R. Kingslake, 
Dir. Optical Design, Eastman Kodak.) Special attention to high-power micro- 
scope, anastigmatic photographic objectives. ““An indispensable work,” J., Opti- 
cal Soc. of Amer. Index. Bibliography. 193 diagrams. 852pp. 614 x 914. 

Two volume set, paperbound $7.00 


MECHANICS OF THE GYROSCOPE, THE DYNAMICS OF ROTATION, 

R. F. Deimel, Professor of Mechanical Engineering at Stevens Institute of 

Technology 
Elementary general treatment of dynamics of rotation, with special application 
of gyroscopic phenomena. No knowledge of vectors needed. Velocity of a moving 
curve, acceleration to a point, general equations of motion, gyroscopic horizon, 
free gyro, motion of discs, the damped gyro, 103 similar topics. Exercises. 
75 figures. 208pp. 534 x 8. Paperbound $1.75 


STRENGTH OF MATERIALS, 
J. P. Den Hartog 
Full, clear treatment of elementary material (tension, torsion, bending, com- 
pound stresses, deflection of beams, etc.), plus much advanced material on 
engineering methods of great practical value: full treatment of the Mohr circle, 
lucid elementary discussions of the theory of the center of shear and the 
‘“‘Myosotis” method of calculating beam deflections, reinforced concrete, plastic 
deformations, photoelasticity, etc. In all sections, both general principles and 
concrete applications are given. Index. 186 figures (160 others in problem 
section). 350 problems, all with answers. List of formulas. viii + 323pp. 53% x 8. 
Paperbound $2.00 


HYDRAULIC TRANSIENTS, 

G. R. Rich 
The best text in hydraulics ever printed in English . . . by former Chief Design 
Engineer for T.V.A. Provides a transition from the basic differentia] equations 
of hydraulic transient theory to the arithmetic integration computation re- 
quired by practicing engineers. Sections cover Water Hammer, Turbine Speed 
Regulation, Stability of Governing, Water-Hammer Pressures in Pump Dis- 
charge Lines, The Differential and Restricted Orifice Surge Tanks, The 
Normalized Surge Tank Charts of Calame and Gaden, Navigation Locks, 
Surges in Power Canals—Tidal Harmonics, etc. Revised and enlarged. Author’s 
prefaces. Index. xiv + 409pp. 53% Χ 81f. Paperbound $2.50 


Prices subject to change without notice. 


Available at your book dealer or write for free catalogue to Dept. Adsci, 
Dover Publications, Inc., 180 Varick St., N.Y., N.Y. 10014. Dover publishes more 
than 150 books each year on science, elementary and advanced mathematics, 
biology, music, art, literary history, social sciences and other areas. 


DOVER BOOKS ON 
INTERMEDIATE AND 
ADVANCED MATHEMATICS 


Handbook of Mathematical Functions with Formulas, Graphs and 
Mathematical Tables, Milton Abramowitz and Irene A. Stegun. 
$4.00 


Analysis of Straight Line Data, Forman S. Acton. $2.00 

Elementary Concepts of Topology, Paul Alexandroff. $1.00 

The Mathematical Analysis of Electrical and Optical Wave-Motion, 
Harry Bateman. $1.75 

A Collection of Modern Mathematical Classics: Analysis, Richard 
Bellman. $2.00 

Selected Papers on Mathematical Trends in Contro! Theory, Vol- 
ume I, edited by Richard Bellman and Robert Kalaba. $2.25 

Selected Papers on Mathematical Trends in Control Theory, Vol- 
ume II, edited by Richard Bellman and Robert Kalaba. $2.25 

Numerical Integration of Differential Equations, Albert A. Bennett, 
William E. Milne and Harry Bateman. $1.35 

Almost Periodic Functions, A. 5. Besicovitch. $1.75 

Collected Mathematical Papers, George D. Birkhoff. Clothbound. 
Three-volume set 520.00 (tent.) 

Algebraic Functions, Gilbert A. Bliss. $1.85 

Introduction to Higher Algebra, Maxime Bécher. $2.25 

Lectures on the Calculus of Variations, Oskar Bolza. $1.75 

Non-Euclidean Geometry: A Critical and Historical Study of Its 
Developments, by Roberto Bonola; The Science of Absolute 
Space, by John Bolyai; and The Theory of Parallels, by Nicholas 
Lobachevski. $2.00 

An Investigation of the Laws of Thought, George Boole. $2.25 

A Treatise on the Calculus of Finite Differences, George Boole. 
$1.85 

Introduction to Bessel Functions, Frank Bowman. $1.50 

Introduction to Elliptic Functions with Applications, Frank Bow- 
man. $1.25 

The History of the Calculus and Its Conceptual Development, 
Carl B. Boyer. $2.00 

Theory of Groups of Finite Order, William S. Burnside. $2.75 

Theory of Probability, William S. Burnside. $1.00 


Paperbound unless otherwise indicated. Prices subject to change 
without notice. Available at your book dealer or write for free 
catalogues to Dept. TF 2, Dover Publications, Inc., 180 Varick St., 
ΝΟΥ͂. N. ¥. 10014. Please indicate field of interest. Each year Dover 
publishes more than 150 classical records and books on art, 
science, engineering, humor, literature, philosophy, languages, 
chess, puzzles, music and other areas. 
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A TREATISE ON 
ADVANCED CALCULUS 


PHILIP FRANKLIN 


Written by a highly distinguished contributor to many areas of higher mathematics, 
this book provides a comprehensive, logical treatment of the theory of the calculus 
and of allied topics, though not going as far as texts on real variable theory. With 
its concentration on theory rather than on techniques and applications, the student 
is given a substantial base for graduate work in analysis and other advanced study 
in the area. 


In the first three chapters, the author examines some matters which are prerequisite 
f to the main discussion: the real number system, complex numbers, limits, continuous 
) functions and infinite series, products and sequences, and definitions of the elemen- 
J tary functions. A full treatment of differentiation reviews the elementary derivations 
| and then covers Taylor's developments, indeterminate forms, etc. There is a rather 
thorough discussion of the essential topics of the theory of functions of a complex 
variable. 


Several chapters are devoted to various aspects of integration, including integration 
of continuous functions, elliptic integrals, Riemann integration of bounded functions, 
the Stieltjes integral, multiple integrals and their relation to repeated integrals, and 
so forth. A chapter on uniformity and other conditions for the inversion of limit 
processes prepares the reader for presentations of the theory of functions, Fourier 
series and Fourier and Laplace transforms. The final chapters deal with ordinary 
differential equations, first order partial differential equations, and the gamma func- 
tion and other definite integrals (covering Bernoulli numbers, Euler's constant, Stirling's 
formula for complex values, etc.). 


4 A section at the end of each chapter offers exercise problems (612 in all) for the 
a use of teacher and student. These problems, together with the clear proofs and 
concrete accounts of theories and concepts, have helped to make this a standard 
textbook in advanced calculus, on the undergraduate and graduate levels, at many 
universities throughout the country. 


Unabridged, unaltered republication of corrected 1961 edition. Preface. Bibliography, 
arranged by subject. Index. Total of 612 exercise problems. 28 figures. xii + 595pp. 
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A DOVER EDITION DESIGNED FOR YEARS OF USE! 


We have spared no pains to make this the best book possible. Our paper is opaque, 
with minimal show-through; it will not discolor or become brittle with age. Pages are 
sewn in signatures, in the method traditionally used for the best books. Books open 
flat for easy reference. Pages will not drop out, as often happens with paperbacks 
held together with glue. The binding will not crack and split. This is a permanent " 
book. 
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